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PREFACE TO THE SEVENTH EDITION 


After the publication of the last edition of the book in 1985, there have 
been Changes in the syllabus necessiating thorough revision and re-arrangement 
Of its contents. This opportunity has been availed of in preparing the text 
of this edition to thoroughly revise the entire content. A large number of 
varied and typical worked out problems have been added with an eye to 
ensure clear understanding of the subject. The problems and typical questions 
of the exercisé have been further modified and they are selected and graded 
with great care. They are not to be regarded as merely practice material, 
because many of them have been selected to add to the student's interest in, 
the subject and awaken in them a real love for its study. ` 


The delay in getting the edition ready for wider use by our beloved students 
and revered teachers is sincerely regretted. That wé had. to work, under 
heavy odds and a few unusual constraints may induce our well wishers to excuse, 
us this time. On the other hand we take responsibility for any errors that have 
not been eradicated due to our desire to have the book published as quickly 
as possible. B2151851 Suhel sail i ! MH 
|. We. wish to record our appreciation to the many colleagues and- innu: 
merous. students who have. helped, in the. preparation of:this edition by 
offering their suggestions. and their constructive criticism. » We shall, however; 
be. glad to receive suggestions. from all concerned for further improvement of 
the text. tds nea ) 
udali gi See ee OE I „D. Datta 

Dated, Calcutta, FUROR aes Bo Pal sass 

“The 18th day of August, 1986. B. Chaudhuri 
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PREFACE TO THE FIRST EDITION 


Since the Volume I of ‘Elements of Higher Secondary Physics’ was first 
published, students and colleagues of various schools and colleges have been 
anxiously making epistolary inquires regarding publication of its Volume II. 
By this time, Volume I has recorded three of its splendid editions in quick 
succession showing wide and favourable appreciation accorded to our work ; 
but at the same time quite unfortunately due to unforseen circumstances beyond 
our control we could not avoid delay in bringing out the said volume completely. 
However, for the benefit of our intended readers we brought out last year 
‘Optics’ and ‘Magnetism and Electrostatics’ as two separate books and those 
works also became most popular to them. 


Now we have much pleasure in presenting the combined second volume 
comprising of ‘Optics’, ‘Magnetism and Electrostatics’, and ‘Current Electricity 
and Modern Physics’, The present volume retains all the salient features which 
made the first volume a favourite of students and teachers alike. Clear exposi- 
tion of physical principles with good many demonstration experiments, extended 
discussions of practical applications, simple and direct language, neat illustrative 
diagrams, are still characteristic features of the book. Many numerical problems 
have been worked out to provide basic understanding of physical laws and even 
a lot of problems have been selected for exercise at the end of each topic. 
Recently we have to face‘a criticism that we set some problems which are tough 
work out by general students, Simultaneously, quite an interesting number 
of teachers and taughts have spoken high of them regarding their suitability 
to students desiring to progress beyond the scope of the existing syllabus. 
To our view, a few harder problems must be retained in the text and thus in the 
present volume also we incorporate similar problems. General students may 
avoid them. 


We wish to express our gratitude to Prof. D. P. Acharya for thorough 
editing of the entire manuscript. Suggestions and constructive criticisms from 
readers will be greatly appreciated. 


D. Datta 
Dated, Calcutta, B. Chaudhuri 
The 25th day of July, 1976 B. Pal 
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(b) Action of magnet on current : Fundamental motor rule. Fleming's left hand rule, 
Barlow's wheel, D'arsonval galvanometer construction, ammeter and voltmeter, 

(c) Action of current on current. Illustration by Roget's vibrating spiral. Electromagne- 
tic induction. 

Magnetic Induction, Magnetic flux, flux density, Faraday's laws of induction, induced 
e.m.f, ; induced current ; lenz's law of e.m. induction and its justification from the principle of 
conservation of energy. 

Determination of the direction of induced current by lenz's law, e.m.f. induced in a con- 
ductor moving in a magnetic field, Fleming's Right hand rule. 
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Conduction of electricity through gases—phenomenological study, cathode rays and their 
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applications. 
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Vacuum tubes : Diode ; description, characteristic curve of a diode; use of a diode as 
rectifier, half-wave and full-wave rectification, 

Triode—construction, action of grid, plate and. mutual characteristic curves ; principle of 
amplification—graphical explanation. Photoelectric phenomena-experimental demonstration ; 
photo-electric cell; mention of its uses, particle-nature of radiation, elementary ideas of 
quantum theory (without details on the determination of planck's constant). 

Bohr's model of atom—fundamental postulates (deduction of Bohr's formula is not wanted 
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OPTICS 


l RECTILINEAR PROPAGATION 
CHAPTER | OF LIGHT 


[ Recapitulation ] 
1-1. Introduction. 


Light and its various properties present some of the most important pheno- 
mena in the whole realm of Physics. They are interesting as well, because much 
of our knowledge about various objects in the surrounding world is a direct 
consequence of our ability to see. But equally interesting is the historic develop- 
ment and discoveries of the various principles, concepts and properties of light by 
which numerous physical phenomena around us and even far beyond us are 
explained. 

The fact that we cannot see any object in a perfectly dark room conclusively 
establishes the truth that light is necessary for the purpose of vision. In the 
earliest times of the history of sciencejmen thought that vision resulted from 
something that set out from the eye to the viewed object. It is now believed 
that the objects are seen by the physiological action of the light that comes from 
the object and strikes the retina of eye. A very pertinent question may be 
immediately asked—‘what is light? What is that actually comes from a body 
to the eye and produces the sensation of vision? It is very common experience 
that when the temperature ofa certain metallic object becomes sufficiently high, 
we can feel heat and at the same time we find that the object is luminous i. e., 
the body is emitting light. It follows then that light is a radiant energy similar 
to the thermal radiation [ vide Art. 21:11 ; Vol. I ]. 


Inthe earlier days, the corpuscular theory oflight was put forward by Sir 
Isaac Newton. According to this theory light consists ofa stream of particles 
emitted by the luminous body. Huygens, however, conjectured that light is a 
kind of wave. „After the discovery of various phenomena exhibited by light viz., 
interference, diffraction, polarisation etc., wave theory gained universal acceptance 
since the corpuscular theory completely failed to account for these phenomena. 
Later on, Maxwell's celebrated theory of electromagnetic waves showed that in 
is a form of electromagnetic wave [ vide Art. 25:1 ; Vol I]. 


The light waves were found to travel in vacuum with the enormous speed of 
3x10!" cm/sec, the wave-lengths ranging approximately from 4x10-* cm to 
8x1075 cm. In material media the speed was found to be less. 


In the early part of this century, the discovery of photo-electric effect and 
various other phenomena threw the wave theory into doubt. For a proper 
explanation of these phenomena, the particle nature of light was again invoked, 


4 ELEMENTS OF HIGHER SECONDARY PHYSICS 


though in a radically different form. This theory, known as the photon theory 
of light was proposed by Einstein. The current notion is that light can behave 
both as a wave and a stream of particles. Light, therefore, exihibits dual nature. 


1'2. Optics: Geometrical and physical. 


Optics is that branch of physics which deals with light. The subject optics 
is divided into two parts : 

(1) Geometrical optics: It deals with the properties of light and with the 
consequences thereof. It does not .go into any hypothesis regarding the nature 
of light. 

(2) Physical optics: It, on the other hand, deals with the theories of light 
and explains the optical phenomena on the basis of these theories. 


1:3. Some Terms and Definitions, 


(a) Sources of light: Any body which gives out light is called a source 
of light. Bodies which emit light of themselves are self-luminous (Lat. lumen, 
light) sources. As for examples, we can cite the sun, the stars, a glowing lamp, a 
candle etc. On the other hand, bodies which cannot emit light of themselves 
are non-luminous sources. They receive light from self-luminous sources and 
are rendered visible by the light they reflect. Most bodies around us are non- 
luminous. Familiar examples are the moon and the planets which shine with 
the light they receive from the sun. 2 

In discussing various optical phenomena, we introduce, for convenience, the 
hypothetical concept of point sources having no dimensions at all. Any real 
source can then be treated as an aggregate of a large number of point sources. 

(b) Optical medium : Space (whether occupied by matter or not) through 
whichlight can pass wholly or partly is called an optical medium. A medium 
is said to be homogeneous or heterogeneous according as it possesses identical 
physical properties at every point or not. In homogeneous media like air, water 
and glass etc., light travels in all directions along straight lines with the same 
velocity. On the other hand, in an heterogeneous medium, light travels with 
different velocities in different directions. Examples of heterogeneous media are 
crystalline substances like quartz, mica etc. 

Substances through which light (irrespective of its colour) passes without any 
appreciable absorption, are called transparent substances €.g., air, water, glass etc. 
Onthe other hand, substances like sheets of iron or wood etc., which do not 
allow any light to pass through them are known as opaque substances. There are 
some substances which Occupy an intermediate position and allow light partially 
through them. These are called transluscent or semi-transparent substances. 
They do not permit any object to be seen through them distinctly. Ground 
glass, greased paper etc. are examples of such substances. 

The difference between transparency and opacity is only quantitative and not 
qualitative. Thus, a thick plate of silver is Opaque, but it becomes transluscent 
when beaten into a very thin foil. : 


(c) : Ray of light: Between two points in an homogeneous medium, light 
travels in a straight line. The direction in which light travels is called a ray. 
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An arrow-head attached to the line indicates the direction in which light travels. 
A beam of light consists of a 

bundle of adjacent rays. When 

all rays in a beam move towards 

a point, the beam is said to 

be convergent. On the other 

hand, the beam is a divergent 
one, if- its constituent rays 
move away from a point. 
When the constituent rays are AE E HAE 
parallel to each other, the ey, Lene 
beam is said to be parallel { Fig. !'1]. 


1:4. Rectilinear propagation of light. 

In homogeneous media, light travels in straight lines. When a narrow beam 
ofsunlight is allowed to pass through a small opening into a dark room filled 
with smoke or dust particles, the straight path of light can be easily seen. ; 


Demonstration Experiment : 

Three cardboards A, B, and C with a small hole in each, are held vertically 
so that the holes and the middle portion 
of a candle flame lie in a straight line 


[Fig. 1.2]. On placing his eye in the 
4 P? same straight line behind the board C, an 
En 


PARALLEL ` CONVERGENT DIVERGENT 


observer can see the flame. Slight displace- 
dc 1 ment of any of the boards will cut 
ee Neer deer c off the light. This clearly demonstrates 


that light travels in straight lines. 


15, Shadow. 

A familiar illustration of the rectilinear propagation of light is the formation 
of shadows. In Fig. 1:3, let AB be an opaque object before a point source S. 
The portion CD of the screen MN 
receives no light from the source and is M 
therefore the shadow of the object AB. A Cc 
The shadow, in this case, has sharp edges 
showing that the path of light is rectilinear. 

Shadow of an object placed in front 8 
of an extended source has, however, no B 
sharp edges and consists of a completely D 
dark region, called umbra, surrounded 
by a semi-dark region, called penumbra. 
But this can also be shown to be in accor- 
dance with rectilinear propagation of light. In Fig. 1:4 (a), AB represents an 
object larger than the source S4S,. For the extreme points S, and Sz, the shadows 
CD and EF, respectively, are cast on the screen. The shadows formed due 
to other intermediate points on the source will be within E and D. From 


Fig. 1:3: Formation of shadow 
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figure, it is evident that the region CF receives no light from any part 
of the source and is completely dark. No part of the source is visible 

from this region. On the other hand, the 
M regions CE and DF receive light from 
some part of the source but does not get 
it from the other parts. For example, 
a point X, within CE, will receive light 
roughly from upper half of the source. 
If both the source and the obstacle be 
spherical, their appearance as seen from 
X is shown in Fig. 1:4 (b) Hence 
theregions CE and DF 'are semi-dark. 
Thus, CF represents the umbra and CE 
and DF represent the penumbra of the 


p wes shadow ED. It is evident from Fig. 1:4, 

hat for an object larger than the source. 
77 OBJECT t à > 
(b) A the umbra and penumbra increases in size 
Fig. 1:4: Extended source (larger object. as the distance of the screen from the 


object increases. 


For an obstacle smaller than the source [Fig. 1:5 (a)], the umbra gradually 
tapers to a point With a circular or spherical obstacle the umbra takes 
the form of a cone, called the umbral cone. 
To an observer within the umbral cone, the 
source is completely covered by the obstacle 
and no portion of it is visible. The screen 
placed at the position MN will have distinct 
umbral and penumbral regions. In the 
position M'N’ of the screen passing through Si 
the apex C ofthe umbral cone, the shadow 
practically consists of only penumbra, the 
umbra being reduced toa point. The screen S2 
shifted to the position M" N" will have no 
umbral region at all. It is now evident why 
an aeroplane or a bird flying at high altitude | 
casts an indistinguishable shadow on the (b) jo] 


M M'M" 


earth. N NN 
From a point X beyond the umbral cone, — SOURCE 
an observer looking at the source will see OBJECT 
a dark central region covered by the obstacle 
and surrounded by peripheral illuminated Yrs 
rig. "ü : 


portion of the source [ Fig 1-5 (b) ]. 
L6 Eclipse. 


Extended source (smaller object) 


Let us now proceed to explain the solar and lunar eclipses on the basis of 
rectilinear propagation of light. Since the sun is much larger than the obstacles 
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like the earth or the moon, their shadows consist of a converging umbral cone, 
and a diverging penumbral cone. 


Solar Eclipse. 


On a new-moon day, the moon comes between the sun and the earth and the 
umbral cone of the moon’s shadow is directed towards the earth. The distance 
of the moon from the earth is generally 
less than the length of the shadow 
cone. As a result, the umbral cone 
actually covers a small portion CD of 
the earth [ Fig. 1-6 (a)]. An observer 
in this portion finds the sun completely 
covered by the moon i.e. he observes 
total solar eclipse [ Tig. 1:6 (b) ]. But 
the people in the penumbral regions Qo 
of the earth's surface such as CE and Fig. 1:6; Solar eclipse: total and partial 
DF, observe the sun to be partially 
covered i.e. partial solar eclipse [Fig. 1-6 (c)]. 


Dueto the elliptic*orbits of the earth and the moon, the distance between 
them varies. Sometimes, the umbral cone of the moon's shadow does not reach 
the earth’s surface at all [ Fig 1:7 ]. The 
people in the region PQ within the 
extended portion of the umbral cone, 
will observe annular eclipse of the sun. 
The central portion of the sun being 
covered by the moon appears dark. An 
Fig. 1:7 : Annular eclipse of the sun observer, therefore, sees a dark circle 

surrounded by a peripheral luminous ring. 


SUN X i 


Lunar Eclipse 


On a full-moon day, the earth comes between the sun and the moon. It may 
happen on such an occasion that the moon enters into the umbral cone of the 
earth's shadow [Fig. 1:8]. When the moon 
enters completely into the umbral cone 
( position 4 ), the total lunar eclipse 
occurs. Partial entry of the moon into 
the umbral cone causes partial eclipse 
(position B or C). Just before or after the 
eclipse, the moon lies in the penumbral 
region of the earth's shadow (position D Fig.1:8: Lunar eclipse 
or E) and consequently the brightness of the moon is reduced. 


The cross-section of the umbral cone at the moon's orbit is large enough to 
completely engulf the moon. Annual lunar eclipse, therefore, never occurs. 


It must be mentioned here that due to refraction of the sunlight by earth’s 
atmosphere, some light bends within the umbral cone of the earth's shadow. This 
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light, on reaching the moon’s surface, gives it a dull, coppery-gray appearance. 
Thus the moon does not become completely invisible. Since the moon has no 
atmosphere, similar effect is not observed during a solar eclipse. . 

Since the orbit of the moon is inclined at 5° with that of the earth, on every 
new moon and full moon day the sun, the earth and the moon do not lie exactly 
in the same straight line. Hence the solar or lunar eclipse does not occur on 
every new moon or full moon day. 


17. Pinhole Camera. 


It essentially consists of a light-tight box provided with a fine hole Q at the 
centre of one of its sides [Fig. 1:9]. The side opposite to the hole is a ground glass 
screen. The other walls inside the box are coloured black. - 

When an abject AB is placed in front 

B A of the hole, light from 4 travelling in 

O a straight line passes through O and reaches 

the point A’ on the screen. Thus A’ 

becomes the image of A. Similarly the 

image of Bis formed at B’. Thus, as a 

3 whole, an inverted image A’B’ is formed 

Fig. 1:9: Pinhole camera on the screen. The fact that a true 

inverted image is produced, is a proof of rectilinear propagation of light. It should 

be understood that the image formed in a pinhole camera is not optical one in the 
truest sense of the term as defined subsequently in Art. 3:4. 

If the screen is replaced by a photographic plate a photograph will be obtain- 
ed. Due to the small size of the hole, very little light can enter through it and a 
relatively large exposure is needed. 

The inside walls of the box being black, scattering of light inside the box is 
avoided, thereby increasing the brightness of the image. 

Effect of increasing the size of the pinhole: This increases the brightness of 
the image but only at the cost of its sharpness. For, a large hole may be consi- 
dered to be an assembly of numerous pinholes and each of them will produce an 
image on the screen, giving the overall image a blurring effect. 

From the figure, it is evident that 

Object height (4B) _ Distance between the object and the hole 
Image height (A’B’) Distance between the screen and the hole 

"Thus to increase the size of the image, distance between the screen and the 
hole (i.e., depth of the camera) should be increased. i 

This, however, reduces the brightness and definition of the image. If by 
keeping the depth of the camera fixed, the object is moved further away from the 
hole, the size of the image diminishes and vice versa. 


18. Principle of Reversibility of Light Path. 


A B 


Apart from the property of rectilinear propagation, another most important 
and fundamental property of light adopted in geometrical optics is the reversi- 
bility of light path. The principle states that : 
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If a ray starting from a point reaches a second point after suffering any number 
of reflections and refractions and then be reversed in direction, it will retrace its 
path and reach the first. point provided that all other conditions under which 
reflections and refractions took place remain unaltered. The proof of this . princi- 
ple is, however, beyond the scope of this text. 


Example 1-1, A man stands on a vertical tower of height 20 metres. Cal- 
culate the distance upto which he will be able to see on the surface of the earth. 
( Neglect the height of the man ). [ Jt. Entrance '82 ] 


Solution: In the adjoining fig. let O be the centre of the earth and 4B be 
the vertical tower with the man’s eye at B. BC is drawn tangent to the earth’s 
surface. Hence C is the point on the earth’s surface 
upto which the man will be able to see. The rays 
from the objects beyond C will be obstructed by the 
earth's surface and will not be able to reach B since 
light rays travel in straight path. 

Now, AB—h—20 m. 

OA=OC=R, the radius of the earth. 

In the right angled triangle OBC 

BC*—OoBP-—oc: 
—(0A-- AB} — 0c? 
=(R+h)?—R*=2Rh+h* 
BC—4/2Rh« h? 
zA/2Rh [^ AR, h? can be neglected ] 

If we take R=6000 km=6 x 10° m, 

BC—4/2x6x108x20 =15°49x 10? m— 15:49 km. 


Example 1:2. A luminous disc is of diameter 20 cm and has its centre at O. 

In front of it with centre at O' is an opaque disc of diameter 2 cm. A mas has 

his eye at O" on OO' produced. OO' is perpendicular to the plane of both the 

discs and O0' —200 cm and O'O"—50 cm. Find the magnitude of the area of 

the luminous disc visible to the eye. If the eye approaches O', at a certain 
position the disc becomes just completely invisible. Find this position of the eye. 

[ Jt. Entrance '82] 


Solution: The following fig. shows the situation diagrammatically, where 
CD is the luminous disc and AB, the opaque one. 


yz 
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We have from the geometry, 
= = oor ————— -—5 


<^. EF=5AB=5 x 2=10 cm. 
the area of the luminous disc visible to the eye at O" is 


m (CD)? m(EFP _ a 102 Y—935. 2 
ZICO m (ERY LT (20—10 )—235:6 cmt. 


Now, let the eye approach O’, so that when it is at O^", the disc CD becomes 
just completely invisible. Then again from geometry, we have 
Seog Oe OG c OU 
AB Q'o" o'o” 0'0” 
D0 CD 20 9 
O'O" AB 2 
OO' 200 


. O'O — T9 72 cm. 


Hence if the eye is placed at a distance 22-2 cm beyond the opaque disc, the 
luminous disc becomes just invisible. 


+1 


or, 


Example 1-3, An electric lamp is placed in a frosted glass sphere of radius 
40 cm and is suspended from a height 6 m over a field. A ball of radius 20 cm 
is held under the lamp at a height of 2m. (a) Find the size of the umbra and 
penumbra formed by the ball. (b) At what height should the ball be Placed for 
its umbra to vanish? (c) What should be the diameter of the ball for the size of 
its umbra to be the same regardless of the distance from the ball to the field ? 


Solution: In the adjacent figure, L is the centre of the sphere, B is the 
B centre of the ball, and S is on the plane of the 
field. Therefore, height of the ball=SB=2 m 
Radius of the sphere— LL, —LL,—40 cm 
Radius of the ball BB, —20 cm 
Radius of the umbra—SS, and that of 
penumbra— SS, Now, from the figure, 


Toss 
à 


BB, OB 2+x s Xm21n 


dn Again, BB 2tx C SS,;=10 cm 

uU 

vy SD PB) [BD 1755 4 
[0] ED ii. LED 9-5 Dey m 


: D F BB 
Again, BECS& OS S$5,— 5D. x(BS+BD)=0'5m or, SS,—50 cm 


(b) When the umbra just vanishes, let the height of the ball be h m above 
the field. Then the line joining L, and B, meets S when produced. 
LL, BB, Ls 


LS h or, pigs ads simia m. 
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(c) The dimensions of the umbra are constant if the radius of the ball is 
equal to the radius of the sphere. 


Example 1-4. In a new-moon day, a person on earth sees the annuiar eclipse 
of the sun. How high would he rise above the earth’s surface so that he may just 
see the total eclipse of the sun? (Diameters of the sun and the moon are respec- 
tively 8:6X10° miles, and 2x10* miles. Distance of sun and moon from the 
position of person on earth are respectively 93 x 10* miles and 2:4 x 10* miles.) 

[ Jt. Entrance '75 ] 

Solution: Refer to the adjacent figure in which the person concerned is 
supposed to be at P’, h mile above the earth, when he just sees the total eclipse. 
We then have from the geometry, 


PM PS 
d 4 
or, 24X108—h _93 x 10—A 
> “oxide 86x 105 i : S 
93x 10°—A i ern 
or, (24x10—8)— 7 — — 93x10 mi > 
or, (43x 10®1)h=10-2x 106 or, he 102X10* _95776-2 miles. 


429 
Example 1:5. The image of an object is obtained with a pinhole camera of 
depth 45 cm having a small aperture. If the height of the object is 1 m and that 
of the image is 15 cm, what is the distance between the object and the aperture d 
Solution : Ina pinhole camera, 
Object height _ Distance between the object and the aperture 


Image height ‘Lhe depth of the camera 
Distance between the object and the aperture 0D. x45 


zz300 cm—3 m. 


© EXERCISE 6 


[A] Essay type questions 


1. State the nature of light, Explain, giving examples, why you believe that light travels 
in straight line. 

State the principle of reversibility of light path. 

2. ‘Light exhibits dual nature'—explain the statement briefly. Mention two important 
properties of light from the standpoint of geometrical optics. 

Draw a diagram of the apparatus you need to show that the light travels in straight line, 

3. Explain with proper examples what do you mean by luminous and non-luminous 
sources, Usually during day time no source of light is present in a room. Still objects within 
it become visible. How can you justify such illumination of the objects? What do you 
mean by a transparent and a opaque substance ? 
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4. A shadow of an ‘one rupee coin’ is cast by an incandescent lamp on to the wall, with 
the coin half way between the lamp and the wall and parallel to the wall. Comment on the 
form of the shadow drawing a neat diagram. Discuss the effect on the size and form of the 
shadow in the following cases : 

(a) - if the coin is brought near to the lamp or the same is receded away from the lamp ; 

(b) ifthe lamp is replaced by a point-source. 

5. A spherical obstacle is placed in front of an uniformly luminous spherical source. 

(i) Draw a neat diagram showing the formation of the umbral and penumbral cones. 

A screen is placed perpendicular to the axis of the umbral cone at a point beyond the apex 
of the cone, 


(ii) State how the intensity of illumination on the screen varies as you move from the 
centre of the shadow outwards. 

(iii) Show by a rough sketch how the source and the obstacle would appear to an observer 
on the screen when he is just on the boundary circle between the umbral and penumbral 
regions. [ Jt. Entrance, 1973 ) 

6. Explain with the aid of diagrams.each of the following : 

(i) how an eclipse of the sun occurs, distinguish between total and partial eclipse ; 

(ii) how umbra and penumbra are formed, indicating the effects of the size of the source 
if it is larger or smaller than the obstacle ; 

(iii) how an eclipse of the moon occurs and why annular lunar eclipse never occurs, 


7. Describethe construction of a pinhole camera. Upon what fact does it rely for its 
action? Is the image formed an optical one ? 


[B] Short answer type questions 


1. What do you mean by a ray and a beam of light ? With the aid of diagrams clearly 
show parallel, convergent and divergent beams of light rays. 
2. How should a pencil be held above a table and directly below a tube light to obtain a 
sharp shadow ? (TZ 75] 
3. When the sun shines through a small hole into a dark room, the shape of the beam 
diu into the room is that of a diverging cone instead of being parallel, Explain why this 
appens, 


4. A horizontal beam of sunlight enters a room through a small triangular hole. What 
will be the nature of the patch of light seen at the opposite side and why ? [ Jt. Entrance, '80 ] 

5. What happen to the size, sharpness and brightness of the image formed in a pinhole 
camera, if (a) the object distance is doubled ? (b) the size of the hole is doubled? (c) the 
distance of the pinhole from the screen is doubled? (d) the shape of the hole is altered ? 
(e) two holes about 5 mm apart are made ? 


6. Explainthe following phenomena ; 

(a) Solar and lunar eclipses do not occur on every new moon or full moon day. 

(b) A solar eclipse can be exhibited if a beam of sunlight is allowed to enter a room 
through a fine hole, but it can not be if the hole is big. 

(c) During lunar eclipse, the moon appears copper-grey, 
like wise during its eclipse, 

(d) Just before or after the lunar eclipse, the brightness of the moon is reduced. 

7. Ifa persen A can see the eye of another person B reflected in a mirror, then B can at 
the same time see the eye of A reflected in the same mirror. Explain this, 

Is this statement always true ? 


[C] Simple Problems 


l. A boy 4 ft high is standing at a distance of 12 ft from the foot of a street lamp hanging 
10 ft high above the road, What is the length of his shadow ? [4ns. 8ft] 

2. In the above example what would be the length of the shadow after 3 sec, if the boy 
runs with a velocity of 3 ft/sec (i) towards the street lamp, (ii) away from the street lamp. 


[ Ans, 2 ft; 14 ft) 


although the sun is not observed 


RECTILINEAR PROPAGATION OF LIGHT 13 


3. A disc of diameter 2 cm is parallel to and is situated at a distance of 12cm froma 
luminous disc of diameter 8 cm, Calculate the length of the cone of perfect shadow. 

[ Ans. 4cm] 

4. A tiny bulb is suspended 2 ft above the centre of a table top. If the height of the table 
is 2 ft and the area of the table top is 4 sq. ft, find the area of the shadow formed on the 
floor. [ Ans. 16 sq. ft] 

5. Aman 5j ft high standing at a distance of 10 ft froma street lamp observed that the 
shadow cast on the horizontal roadway is twice his height. Find the height of the post. 

( Jt. Entrance '80 ) [ Ans. 1075 ft ] 

6. A coin of diameter 1 in just covers the moon completely if held 10 ft from the eye. 
If the distance of the moon from the earth is 2:4x 105 mile, calculate the diameter of the 
moon. [ Ans. 2x10? mile ] 

7. The distances of the sun and the moon from the earth are 93x 10* and 2:36x10* mile 
respectively. Show that when the earth lies between the sun and the moon on the same 
straight line, the diameter of the umbra of the earth's shadow is more than sufficient to com- 
pletely engulf the moon, so that total eclipses of the moon are possible. Given, the diameters 
of the sun, earth and moon are 864 x 10°, 8 x 10° and 2:16 x 10° mile respectively. 

8. The diameter of the sun is 400 times that of the moon, When the moort is on the line 
between the sun and the earth at a distance of 238 x 10* mile from the latter, find weather the 
eclipse of the sun will be total or annular. Take the distance of the sun from the earth to be 
93x 10° mile. [ Ans. Annular] 

9. The diameters of the sun and the moon are 9x10* mile and 2100 mile respectively. 
The sun is 9x10? mile from the earth, while the moon is 2:09x10* mile from the earth. 
Show that total solar eclipse will be observed when the moon is on the line between the sun 
and the earth. Find the diameter of the umbra of the moon's shadow on the surface of the 
earth. [ Ans. 10 mile approx. | 

10. A small hole in the window of a room 8 feet wide casts an image of a tree on the 
opposite wall. If the image is 1 foot high and the tree is 120 feet from the window, find the 


height of the tree. [ Ans. 15 feet] 
11. Ifan object 30 ft high and 40 ft away is to be photographed with a pinhole camera, 
find the size of the camera to produce an image 6 in high. (Oxford) [ Ans. 8 in.] 


12. A pinhole camera is used to form an image of an object 3 ft tall Jocated 15 ft in 
front of the pinhole. If the distance from the pinhole to the film is 6 in what is the height of 


the image ? [ Ans. 1:2 in] 
13. If a tower 12 m high forms an image 2 cm high in a pinhole camera, whose screen is 
8 cm from the pinhole, calculate the distance of the tower from the pinhole. [ Ans. 48m] 


14. The shadow which causes an eclipse is geometrically speaking a solid cone with its 
axis on the line joining the centre of the sun and the shadow casting body. If the sun is 
93,000,000 miles from the earth and subtends an angle of 32’ at the earth, find how far the 
earth’s shadow extends from the centre of the earth. Find also the diameter of the earth’s 
shadow at the point where the moon crosses it. The distance of the moon is 60 times the 
earth's radius. (Jt. Entrance '81) [ Ans, 8:7 X105 mile ; 5788 mile ] 


2 PHOTOMETRY 
GHAPTER 


2:1. Introduction. 

The design of an optical instrument, artificial lighting of an exhibition hal] etc., 
require a knowledge of the quantity of light energy emitted by the sources of 
light and the extent of illumination of different surfaces. The branch of optics 
which deals with these topics is known as photometry. In this chapter we shall 
confine ourselves to the discussion of a few basic concepts and different units 
associated with photometry. 


2:2, Luminous Flux. 

A luminous source radiates light in all directions. The amount of light energy 
emitted by a source per unit time in all possible directions is termed total 
luminous flux from the source. If we consider a closed surface surrounding 
the source, the above definition is equivalent to the statement that, the total 
luminous flux is the rate of flow of light energy through the said imaginary 
surface. In the latter definition, the absorption of light energy in passing 
through the medium is neglected. In the following discussion we shall assume 
that no absorption of light takes place in the medium. 

Luminous flux through any area is defined as the rate of flow of light energy 
through that area. A 

It is reasonable to think that the unit of luminous flux should be that of 
power ie., erg per second or joule per second. But since it is very difficult to 
measure light energy in erg or joule, a unit lumen is introduced to measure 
luminous flux which, we shall define in the next article for the sake of convenience. 


2:3. Luminous Intensity of a point source. 

d have no dimension at all. But any real source, 

however small it might be, can never be reduced 

to a point. In practice, a source negligibly small in 
comparison with other dimensions e.g., the size of a 

TE room or of an optical instrument, etc., is regarded 
as a point source. The luminous intensity of a 
point source is defined as the luminous flux or rate 

4 of flow of light energy radiated by it through unit area 
placed perpendicular to the rays at unit distance from 


the source. The luminous intensity is also known as the 
Fig. 21 illuminating power or simply power of the source. 


Let us consider a point source S of total luminous flux F’ and imagine a sphere 
of unit radius with S at its centre (Fig. 2:1). The surface area of the sphere is 4r. 


A point source shoul 
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Since the light rays emanate from the source radially outwards, any ray 
direction is normal to the surface of the sphere. Therefore, according to the 
definition, the luminous flux per unit area of the surface of the sphere gives the 
luminous intensity (7) of the point source, i.e., 


F' ; 
Te (21) 
or F'=4r] ése : (2:2) 


This is the relation between total Juminous flux and luminous intensity of a 
source. 


Unit: The unit of luminous intensity was originally the candle power 
(c.p.) or simply candle. It was defined as the luminous intensity in a horizontal 
direction of the flame of a standard 'spermaceti candle, j inch in diameter, 
weighing } lb and burning at the rate of 120 grain per hour. 


From a practical point of view, candle flame is a rather unsatisfactory source, 
Hence, in 1948, a new international unit viz. candela was adopted in which the 
standard source was provided by a 
blackbody radiator as shown in Fig. 4 
2:2, It consists essentially of a cylindri- 
cal tube of fused thoria packed at the 
bottom with powdered fused thoria. 
The tube is placed in molten platinum 
at a temperature of 1773°C contained 
in a crucible of thoria (thoria has a 
higher melting point than platinum). 
The radiation emanating from the open 
end of the tube through a small hole 
in the lid of the crucible provides a 
very good approximation to the black 
body radiation. 


The candela is defined as the one - 2 
sixtieth of the luminous intensity of Fig. 22: Standard of light, 1948 : 
lcm? of a standard blackbody radiator (described above) maintained at the 
freezing point of platinum, viz. 1773°C. 


Since it is impractical to set up a standard black body radiator in all labora- 
tories throughout the world, secondary standards in the form of electric lamps with 
known luminous intensity when operated ata particular voltage are in common 
use, The difference between the new unit (candela) and the previous unit (candle 
power) is insignificant ( 1 candela—$$8 candle power) and so. now-a-days candle 
power or candle is used synonymously with the candela. 

All sources of finite size have usually different luminous intensities in different 
directions. The average luminous intensity of a source measured in all possible 
directions is called mean spherical candle power. From equation (2-2), total 
luminous flux emitted by such a source is 47 times the mean spherical candle 
power, 


CRUCIBLE 


MOLTEM PLATINUM 


UNFUSED THORIA 
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Unit of luminous flux: As stated in the previous article, the unit of 
luminous flux is lumen. If a point source of power one candela is placed at the 
centre of a sphere of unit radius, the luminous flux passing through an unit area 
of that sphere is called a lumen. 

Since the total surface area of a sphere of unit radius is 47, the total luminous 
flux emitted by a point source of power 1 candela is 47 lumens. 

Luminous flux through an area: Let us now consider an area A placed 
perpendicular to the rays ata distance r from the source. Let the luminous flux 
through this area be F. We may imagine a sphere of radius r with the source 
S at its centre. ‘Then the luminous flux through unit area of the surface of the 
sphere is given by F'[4zr*. Hence, 

F I 5 

Example 2:1. Calculate the luminous flux emitted by a 40 candle power bulb. 
If the bulb is used in a search light which illuminates an area of 15 m* at a 
distance of 50 m, what will be the luminous intensity of the search light ? 

Solution: Luminous flux F'—4zI—47 X 40=502'4 lumens The reflector 
and the lens of the search light concentrates this flux on an area 15 mè, ata 
distance of 50 m from the search light. Thus the luminous flux through the 
area is 502-4 lumens. Hence from eqn. (2:3), the luminous intensity of the 
search light is : 

FX r? _502:4 x50? 
A 15 


2:4. Illuminance (Intensity of Illumination). 


—83,733 candela (nearly). 


Illuminance or intensity of illumination is a measure of how much a surface 
isilluminated. It determines the practicability of reading, writing, working in 
factories etc., under particular lighting conditions. Illuminance at a point of 
a surface is defined as the amount of light energy that reaches unit area of that 
surface in unit time or the luminous flux received by unit area of that surface, the 
unit area being taken about the point. Hence, if F be the flux distributed unifor- 
mly over an area A, 


Illuminance, E -£ 


The units of illuminance are lumen per square metre, also known as lux 
and lumen per square foot, also called foot candle (ft-c). Lumen per square 
centimetre, known as phot, is also used asa unit of illuminance. But this is 
too large a unit for most practical purposes. 


Now, a point source of luminous intensity 1 candela placed at-the centre of a 
sphere of radius 1 metre sends out luminous flux 4z lumens through the surface 
area 4r square metre of the sphere. Hence the illuminance of the surface of the 
sphere is 1 lumen/square metre. Thus, the unit lumen per square metre or lux 
represents the illuminance of a surface 1 metre away from a point source of 1 


candela, the surface being normal to the rays, and hence is also termed metre- 
candle, 
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Similaly, one foot-candle is defined as the illuminance of a surface placed 
normally to the rays at a distance of 1 ft from a point source of 1 candela. 

Ifthe surface is held normally to the rays at a distance of 1 cm from the 
source, then the corresponding illuminance is called one phot. 

The relation among the different units are : 

1 luxe lumen per sq metre—1 metre-candle 

1 phot==1 lumen per sq cm=10* lux 

1 foot-candle=1 lumen per sq ft—10:764 lux. 

Bright moon light gives an illuminance of about 107? ft-c, In a dull day, 
sunlight gives an illuminance of 10* ft-c whereas in a bright summer day it 
supplies as much as 10* ft-c. Though for a living room 5 ft-c is sufficient, for 
reading, sewing and drawing, supplementary illumination of 50 ft-c is necessary. 
A foot-ball field requires about 100 ft-c for proper functioning of the game. 

2:5 Brightness or Luminance. 


The concept of luminous intensity holds strictly for a point source. For 
extended sources, the corresponding quantity is provided by the introduction of 
brightness or luminance. This has'become important with the advent of diffusing 
shades, flourescent lamps etc. The concept of brightness is applicable to both 
luminous and non-luminous sources. 

The brightness or luminance of a source (luminous or non-luminous) in a 
given direction is defined as the luminous intensity per unit area of the source, 
projected on a perpendicular to that direction. 

In the Fig. 2:3, let the area ofa surface element of the source be A. The 
normal tothe element is AN. If J& be the luminous intensity in the direction 
AP which makes an angle 0 with AN, then from defini- 
tion, the brightness of the source in the direction AP is 
given by 

V 
B,71 cos 0 

The unit of brightness is taken to be either Stilb or 
Nit ; the former is one candela per sq cm and the latter 
one candela per sq metre. A special unit of brightness, 
the lambert is defined as 1/7 candela per sq cm. Thus, 


1 Stilb=1 candela/sq cm EXTENDED SOURCE 
1 Nit=1 candela/sq m Fig. 23: Definition 
1 Stilb=10¢ Nit of Brightness 


1 Lambert=— Stilb 


The intensity of illumination over a surface must be clearly distinguished from 
the brightness of the surface. The former depends upon light energy received 
from an external source by a unit area of the surface. On the other hand, the 
latter depends on the light energy emitted by a unit area of the surface. If the 


printed page of a book be illuminated by a source at some distance, the illumi- 
P-II/2 
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nance is more or less uniform over the entire page. But one is able to read 
the print because the brightness of the printed letters is less than that of the white 


paper. 
2:6, Relation between illuminance and luminous intensity, 


Let the light emitted from a point source S be incident normally on a small 
area A [Fig. 2:4], situated at a distance r from the source. Obviously the rays 
of light incident on A must lie within the 
small cone having S as its vertex and the 
area A as its base. A’ represents another 
area which fully covers the cone. It is 
situated at the same distance r from the 
source but is inclined at an angle 0 to the 
area A. The normal to 4’, therefore, 
makes an angle 0 with the ray direction. 


Fig.2:4: Illuminance due to a Let the luminous flux through the area 
point source A be F. It is obvious from the figure 


thatthe same luminous flux F passes through the area A’, From eqn. (2:3), if 7 
be the luminous intensity of the source, then 
i 1 
Ia A 


By definition, the illuminance of the arca A, which is normal to the light 


beam is 5 
=f=4 zt S 7-498) 


and that of A’, the normal upon which is inclined to the direction of light beam at 
an angle 6, is 


pet de 
B= T 
Since A=A’ cos 0 
prola teg cos 6 D (2:6) 


Eqn. 2:6 expresses two laws of photometry, viz., 

(1) For light from a point source, the illuminance of a surface varies 
inversely as the square of the distance of the surface from the source, known as 
Inverse square law. ‘ 

(2) Illuminance of a surface varies directly with the cosine of the angle 
between the direction of flow of light energy and the normal to the surface, 
known as Lambert’s cosine law. 

Example 2:2. What is the luminous flux in space from a point source of 
luminous intensity 250 basic SI units ? A small piece of paper is held at a distance 
of 5 metres from it perpendicularly to the rays of light. What is the illumination 
on the surface of the paper? If the paper be turned through an angle of 60°, 
what would be the illumination ? ( Jt. Entrance '83 ) 


* 
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Solution: Zst part: F-—4rl—47X250—3141:6 lumen 
2nd part : -4 = —10 lux 
_ I cosé .,250 X con 60* 5 ji 
r NI 

Example 2:3. Show that, the illuminance of a road surface falls off as the 
cube of the cosine of the angle of incidence from the street-lamp. 

Solutlon: Inthe adjoining figure, let P be the 
position of the street-lamp of candle-power 7 situated 
at a height h from the road surface AB. Then the 
iluminance at O vertically below the lamp, where 
light falls normally, is given by 


3rd part: E' 


1 
Ea 
The illuminance at O', where the angle of inci- 
dence of light is 0, is given by 
, Icos 60 h | l1cos8 ce Paes dink 
EURO 1 cos /( s) = np [: EO z7] 
Ras ee 
` E cos? 0 


Example 2-4. A small unshaded electric lamp of 80 cpis 4 ft above the 
top of a table. Calculate the illuminance of the table top (a) at a point vertically 
below the lamp and (b) at a point 3 ft away from a point yertically below 
the lamp. (c) If a person requires illuminance of 10 ft-c for reading, how far 
should the lamp be lowered, if he places his book vertically below the lamp. 

Solution: (a) For the point vertically below the lamp, light falls normally 
on the table. Hence illuminance at this point is 


T Or ei: 
E=-y = fee. 


(b) For the second point, the distance of the point from the lamp is given by, 
r=y 44 33—5 ft 
and cos 0=4=08 
Ba cos 0 80x 0'8 5.56 md 


(c) Let the lamp be lowered by x ft. Then the illuminance of the pages of 

the book is 80/(4—x)* ft-c. By question, 
80 =10 
—X 
x=1:17 ft (nearly) or, x—6:83 ft. 

The second value of x, being greater than 4 ft, cannot obviously be a solutior: 
of the problem. 

Example 2:5. An exposure of 10-sec ata distance of 3 ft from a 36 c 
lamp is necessary for a photographic print when the light beam falls normally or 


$ 


20 ELEMENTS OF HIGHER SECONDARY PHYSICS 


the photographic plate. Calculate the exposure time required when the same 
plate is held at a distance of 4 ft from a 48 ¢ P lamp to give the same 
result. 


Solution : In the first case, the illuminance of the plate is r= ft-c, 
Hence the amount of light falling on it in 10 sec is 4x 10=40 units. 


In the second case, the illuminance is $3 ft-c. If the required exposure- 


time be y sec, then the amount of light falling on it is 3x x=3x units, 
To get the same result in both Cases, 
3x240 
or, %=133 sec (nearly). 
Example 2:6. 4; what height should a lamp be hung above the centre of a 
round table so as to obtain a maximum illumination on its edges? Find the 


height in terms of the radius of the table. [ Jt. Entrance °84 ] 
Solution : Let in the adjoning figure AB(=2r) 
be a diameter of the table with Q as centre. The L 


Position of the lamp be at L at a height h above 
the centre O. If J be the luminous intensity of the 
lamp then from Cosine law, the illuminance at the 
edge B ofthe table is 


jan L cosb a hS 


LB* LE 


i Ih h 
rpm [9 esoe and Lp sg ] 


^ en E is a function of h, then for maximum illumination at the edge, 
aco 
Li 3. Ihx92h _ 
^ TAJRET? TEES? 
1 3h? 
^^ greges (1-34 )—o 
oleae =0 a r s 
: PEN A= gz athe required height, 


2:7. Principle of Photometry, 


Lct us consider two sources of luminous intensities 
rı and r; respectively from a screen, 
be E, and E, then from eqn. (2:5), 


ts 4; and J, placed at distances 
If the respective illuminances of the Screen 


2 
Ln and TT 
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If now the illuminances are made equal, then £,=E, 
h 


Le, roe n oe tee (2:7) 
l = n* . ul 
or, TÉ e ns (2:8) 


Equation (2-8) shows that—the luminous intensities of two sources are propor- 
tional to the squares of their distances from a screen, provided they produce equal 
illuminances on it, This is known as the basic principle of photometry. This 
principle is utilised in comparing the luminous intensities of two sources ; if 
the luminous intensity of one of them is known, then that of the other can be 
determined. The instrüment used for this purpose is called a photometer. 


28. Photometers. 


Photometer is an instrument designed for determining the luminous intensity 
ofa source by comparing the illuminances of two surfaces, one illuminated by a 
standard source of known candle power, and the other by the source under test. 
By proper adjustment of the source-surface distances, the illuminances of the two 
surfaces are made equal, as far as can be judged by eye. The luminous intensity 
of the standard source being known, that of the other under test can be calculated 
from the experimentally observed values of r; and rg with the help of eqn (2-8). 


The common feature of all photometers is an optical bench, called photometer- 
bench, as illustrated in Fig. 2:5. It consists of a long graduated bar on which two 
lamps Sı and S, are mounted. The luminous intensities of these are to be 


Fig. 255: Photometer 


compared. The lamp holders can slide along the bench and their positions can be 
recorded accurately by means of pointers attached to them. H isthe photo- 
meter head fixed at nearly the middle of the bench. Di, Ds, Ds and Ds are black 
metallic diaphragms provided with a hole in each. The holes lie in a straight 
line, so that the light from the lamps can reach the photometer head directly 
through them, whereas the reflected lights from the walls or surrounding 
objects are cut off. 

Of various types of photometer now available, we shall describe only the 


Lummer-Brodhun type in the following article. 
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2:9. Lummer-Brodhun Photometer. 

The photometer-head employed in Lummer-Brodhun Photometer is illustrated 
in Fig. 26. It consists of a double sided white diffusing screen A, with its plane 
perpendicular to the axis of the photometer bench. Each side of the screen is 
illuminated by light from the lamps S, & Sy respectively. The total reflecting 

A prisms M, & M, reflect the diffused light 
from two sides of A, on to the adjacent 


USHT AN BS faces of a specially constructed cube C, 
called Lummer-Brodhun cube. It consists 
of two right-angled isosceles prisms with 


their hypotenuse faces in contact. The 

M, hypotenuse face of one is plane and that 
ofthe other is slightly spherical. In the 
central regions, they are cemented by 
a small spot of canada balsam. The 
remaining portions of the faces are sepa- 

rated by a thin film. of air. Hence, only 
e^ the central portion of the light beam 

from S, passes through the cube and 
; reaches the telescope T, while light near 
Fig. 26: Lummer-Brodhun Photometer ihe edge of the beam is totally reflected 
from the glass-air interface of the uncemented portion of the hypotenuse faces, 
Similarly, the rays near the edge of the light beam from S, get totally reflected and 
reach the telescope while the rays *at the central portion of the beam are 
transmitted through the cube. Thus the field of view of the telescope consists 
oftwo parts—the central part illuminated by the light from S, and the peripheral 
part illuminated by the light from S, If the 
illuminance of the left side of A is greater than 
that of the right side, the central part of the 
field of view will appear more bright against 
a comparatively dark background [Fig. 2:7 (a)]. 
On the other hand, if the illuminance of the , 
right side of A is greater, the reverse will be (a) (b) 
the case [Fig. 2/7 (b) Thus, if the distances Fig. 27: The field of view 
of the lamps from A are so adjusted that the of L. B. Photometer 
two parts of the field of view appear equally bright, photometric balance is 
achieved. In that case, the illuminances of the two sides of A are equal and 
eqn, 2:8 can be applied. 

In order to eliminate the error due to the difference, if any, in.the reflecting 
powers of the two sides of A, another set of readings is taken after rotating the 
photometer head through 180°, so that the sides of A facing S, and S, are inter- 
changed. The mean of two sets of readings is used for calculation. 

Example 2:7. Two lamps of 10 candles and 90 candles luminous intensities 


are separated by 100 cm. Find where on the line joining them a photometer 
screen should be placed so that its both sides are illuminated equally. 


LIGHTF. ROMS} 
—— 
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Solution ; Let the distance of the screen from the 10 candles lamp be x cm. 
Then its distance from the 90 candles lamp is (100—x) cni. For equal illumina- 
tion, we have from Eqn. 2:8 


Jo ere 
90 (100—x)* 


x=25 cm or, —50 cm. 


The — ve value of x is to be neglected, since in that case both the lamps will 
be on the same side of the screen and only one face of the screen will be illuminat- 
ed which is in contrary to the question. Therefore, the screen should be placed 
ata distance of 25 cm from the 10 candles lamp, i.e. (100—25)—75 cm from the 
90 candles lamp. 


Example 2:8. 4 photometer screen is placed between two lamps of 90 cp 
and 100 cp respectively. The 90 cp lamp is at a distance of 3 ft from the 
screen. Two glass plates, each of which transmits 80 percent of the incident light 
are interposed between 100 cp lamp and the scrcen. Find the distance of: the 
100 cp lamp from the screen for photometric balance to be achieved. 


Solution : Illuminance of one side of the screen by 90 cp lamp 3 =10 
ftc. Illuminance of the other side of the screen by 100 cp lamp in the absence 


of glass plates= E ft-c. where x ft is the distance between the lamp and the 
screen. 

Since the first plate transmits 80 percent of the incident light from the lamp 
and the second plate transmits 80 percent of the transmitted light by the first plate, 


the actual illuminance in the latter case is 100. 5 80 x e ft-c. 


DET x 100 X 100 For photo- 


metric balance, 


10-705. x x or, x=2:53 ft ( nearly). 


The —ve value of x is neglected due to the same reason as Ex. 2:7. 


Example 2:9. Two lamps of 64 and 16 candela luminous intensity are placed 
1 metre 80 cm. apart. Where should a screen be placed on a straight line passing 
between the two so that there is equal illumination on it ? If the lamps are 
interchanged in position, how much should the luminous intensity of the brighter 
lamp be reduced so that the screen still receives equal illumination from both the 
lamps ? ( Jt. Entrance '80 ) 

Solution : /st part: Let the screen be placed at a distance x cm from the 
64 candela source, "Therefore for equal illumination, we have from eqn. (2*7), 


64 
X T Us or, x—120 cm or, 360 cm. 


Hence the screen should be placed at a distance 120 cm from the 64 candela 
lamp ( i.e., in between the two sources) or 360 cm from it (i.e, beyond 16 
candela lamp ). 
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2nd part: Ifthe lamps are interchanged in position let the luminous intensity 
of the brighter lamp ( i.e., 64 candela one ) is to be reduced by i candela, to 
produce equal illumination in the screen due to both the lamps. Hence now, 
UGE ae aro Iosue c5 teed 
1209 ^ (180—120) ^ 360 (180—360): 
In both the cases i=60 candela. 


Example 2:10. Screen S is illuminated by two point sources A and B. 
Another source C sends a parallel beam of light towards the point P on the screen 
(see figure). Line AP is normal to the screen and the lines 
AP, BP and CP are in one plane. The distances AP, BP 
and CP are 3 m, I:5 m and I:5 m respectively. The radiant 
À powers of the sources A and B are 90 watt and 180 watts 
A 60 p respectively. The beam from C is of intensity 20 
66 watt[m*. Calculate the intensity at P on the screen. 
(I. I. T.'82) 
Solution: By radiant power is meant the total 
B luminous flux emitted by a source. So if the 
8 illuminating powers of the point sources A and B be 1, 
and J, respectively, then 


either 


180 
(= he 
Then the intensity (of illumination) at the point P on the screen 
5 I, 90 2:5 
Eun V ML ET a, 
(a) due to A is E, IP Dj watt/m 
og có Manuel MM MEM. y 
(b) dueto B is E= ppr cos 60° 95 x n watt/m 


(c) due to the parallel beam of light from C is 
E4—20 cos 60°=20 x 4 —10 watt/m?. 


<. Total intensity at P—E FERES 23 + 10=13-98 watt/mt. 


€ EXERCISE @ 


[A] Essay type questions 

1. Describe what is meant by total luminous flux, stating assumption that is implicit in its 
definition. Why is lumen chosen as the unit of luminous flux, although the latter has the unit 
of power ? 

2. What do you mean by illuminating power of a source? Obtain the relation between 
the total luminous flux and luminous intensity of a source. 

3. Define candle as the unit of luminous intensity. Now-a-days why is this unit rep'aced 
by candela? State the relation between candle and candela. 
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4. Describe a standard of light. Why would you adopt mean spherical candle power 
rather than simple candle power, if a source has a finite size ? 

5. Define illuminance. What does it measure? Explain the terms /ux, phot and foot- 
candle, State the relations among them. 

6. What do you mean by brightness or luminance or a source ? What are the units in 
which it is expressed ? Write the relations between them. 

7. Obtain the relation between illuminance and luminous intensity, Hence obtain the 
inverse square law and cosine law of photometry, 

How do you compare the illuminating powers of two sources of light ? 

8. Whatisalumen? Distinguish between lumen and lux. Show that the intensity of 
illumination varies inversely as the square of the distance from the source of light, 


. [ H. S. '80 ] 

9. (a) Name and define the basic S, I. unit of luminous intensity. How are the lumen 
and lux defined ? [ Jt. Entrance '83 
(b) State Lambert's cosine law. [ Jt. Entrance '84 | 


10. (a) Define Luminous intensity and illuminance of a source of light. What are their 
units and how are these fixed ? 
(b) Explain the principle of photometry. [ A. S. '81] 
11. What is meant by luminous intensity and intensity of illumination ? 
Describe how you would compare the luminous intensities of two sources with the help o) a 
Lummer-Brodhum photometer, [ H. S. 78 ] 


[B] Short answer type questions 


1. Isthe lumen more closely related to the joule or watt ? 

2. Light from a standard lamp falls on a paper on the floor. Mention the factors on 
which the illuminance of the paper depends. 

3. How do you define candela ? What is the total luminous flux of a source of power 
one candela ? 

4. Distinguish between illuminance and brightness of a surface with a suitable example. 

5. Does the photometer verify the inverse square law? Explain, 


[C] Simple Problems 


1. Caiculate the luminous flux emitted by a 60 cp lamp. [ Ans. 753:6 lumen ] 
2. A point source of light emits a total flux of 2512 lumen. (a) What isits luminous 
intensity ? (b) Find the illumination of the inner surface of a:sphere of 4 m radius if the 
point source is located at its centre, [4ns. 200 cp. ; 12:5 lux j 
3. A search light emits a narrow beam of light. If its effective candle-power be 200,000, 
what will be the illuminance of.an aeroplane at a height of 500 ft vertically above the search 
light ? [ Ans. 0:8 ft -c} 
4, At noon when the sun is directly overhead, an illumination of 6000 ft-c is produced 
on level ground. Whatis the illumination from direct sunlight at 2 P.M.? At4P.M,? 


(Neglect atmospheric absorption.) [ Ans, 5196 ft-c ; 3000 ft-c } 
5. How many lumens pass through a spherical area of 0:02 m? havinga radius of 2 m 
if a 400 candela source is at the centre ? [ Ans. 2]umen] 


6. Calculate the illuminating power of the sun if it produces on the earth the same 
intensity of illumination as 10,000 candles produce on a screen at a distance of 1 metre. The 
distance of sun from the earth=15 x 102° metre. (P. U. 1965) [ Ans. 2:25 x10% cp J 

7. A search light has a source of 60 candela. The reflector and the lens of the search 
light concentrate the light on a circular area 5 m in diameter at a distance of 200 m. Calcu- 
late the luminous intensity of the search light. [ Ans. 15:36 x 105 candela } 

8. The width of a standard frame of a cinema projector is 3:5 cm and the width of the 
screen is 3:5 m. How many times greater will be the illuminance of the frame than that of the 
screen ? What should be the illuminance of the standard frame if the minimum allowable 
illuminance of the screen is 5 lux ? [ Ans. 104 times ; 5x 104 lux ] 


i/2 
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9, Two lamps of 20 and 40 candela are placed on opposite sides of a screen at distances 
of 40 cm and 160 cm respectively. Compare the illuminances on the two sides of the screen. 
[ Ans. 8:1] 

10. For reading, one needs a normal illumination of 50 ft-c. At what height above a 
table should a 800 candela lamp hang to provide sufficient illumination over the pages of a 
book lying directly under the lamp ? [ Ans. 4 ft [ 


11. Calculate the intensity of illumination of a small surface placed at a distance of l5 m 
from a lamp of luminous intensity 90 candela (a; if the surface is normal to the light rays 
and (5) if the normal to the surface makes an angle 60° with the light rays, 

[ Ans. (a) 40 lux (b) 20 tux} 

12. A table lamp 30 cm high stands on a table. Calculate the illuminance at a point oi 
the surface of the table at a distance 40 cm from the base of the lamp. The power of the lam; 
is 40 candela, f [ Ans. 96 lux ] 

13, A 100 cp lamp illuminates a surface at a distance of 6 ft, the angle of incidence 
being 30°. What is the intensity of illumination ? A 200 cp lamp is then added in order to 
double the illumination. At what distance from the surface must it be placed if the light from 
it makes an angle of incidence of 40° ? (London Univ.) [4ns. 2:405 ft-c ; 7:98 ft} 

14. Two lamps P and Q are fixed 3ft apart and 4ft above a horizontal surface. The 
illuminance at a point vertically below Q is 10 ft-c when Q alone is switched on. When both 
the lamps are on, the illuminance at the said point is 14 ft-c. Calculate the luminous intensities 
of P and Q. [ Ans. 160 c.p ; 125 cp] 

15. At what distance apart should the poles of street lamps be placed so that the 
illuminance of the street surface at a point lying mid-way between two poles is 6*4 lux? The 
‘height of the poles is 4 m and the power of each lamp is 100 cp. In the calculation only the 
two nearest street lamps should be taken in account. [ Ans. 6m.] 

16. A circular arena 24 m -in diameter is illuminated by 20 lamps each of luminous 
intensity 1500 candela placed 5 m above the ground at equal intervals round its circumference, 
Calculate the intensity of illumination at the centre of the arena. [ Ans, 6:343 ft-c, ] 


17. A lamp is hanging along the axis of a circular table of radiusr. At what height 
should the lamp be placed above the table so that the intensity of illumination at the edge of 
the table is 1/8 that at its centre ? - (1.1. T.78 ) [ Ans. r| 3] 

18. Two small 100 cp lamps are suspended 4 ft above a horizontal surface and 6 ft 
apart. Calculate the illumination of the surface at the points 4 and B vertically below each 
lamp, and also at the mid point of the line AB. ( Oxford ) [ Ans, 7:32 ft-c ; 6°40 ft.-c ] 

19. A tiny electric bulb stands at a height of 5 ft above a point 4 on a horizontal table, 
Calculate the distance from A of the points on the table at which the intensity of illumination 
is half of that at A. [ Ans. 3:83 ft] 

20. A288 cp lamp is suspended at the geometrical centre of a cubical room, each side 
of which is 12 ft. Considering only the direct illumination, calculate (2) the total number of 
lumens striking the floor (b) the average illumination of the floor (c) the maximum and 
minimum values of the illumination of the floor. — [ Ans. 1927 lumen ; 47/3 ft-c ; 8, 1:54 ft-c] 

21. ‘Aseurce is used to light a room whose floor measures 5 m by 4 m, the intensity of 
illumination produced being 30 lux. Calculate the luminous flux incident direct on the floor, 
two-thirds of the light received being reflected light from the walls. [ Ans, 200 lumen] 

22. The line joining the points A, B and C form an equilateral triangle, Dis the middle 
point of the side BC. Sources of light piaced at B, C and D produce equal illumination at A. 


Compare their candle powers. ( Pat. Univ. 1933 ) [ Ans. 8:8: 34/3] 
23. Calculate the percentage increase in illumination on a table if a lamp that hangs 4m 
above the table islowered by 1 m. [ Ans. 7777895] 


24. A25cplamp is placed at a distance of 3 m from a 100.cp lamp and a paper 
placed in between is equally illuminated on both sides. The 25 cp lamp is moved 2m 
further off. How far should the 100 cp lamp be moved from its position so that the paper 
is again equally bright on the both sides ? ( P. U. 1967 ) | Ans. 4 m] 
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25. An electric lamp of 200 candle-power is placed 3 ft vertically above a plane horizon- 
tal table. What will be the illumination of the table at a point vertically below the lamp 
when a large perfectly reflecting mirror is held horizontally at a distance of 1 ft above the 
lamp ? [ Ans, 30:2 ft-c } 

[ Hints: Treat the image of lamp in the mirror as another source of 200 cp ] 

26. A photographic print can be made in 20 sec when the photographic plate is held 
60 cm from a lamp. What is the correct exposure time when the plate is held 90 cm away? 

[ Ans. 45sec] 

27. A good photographic print is obtained by an exposure of 2 seconds at a distance of 
1 m from a 100 cp lamp. What should be the time of exposure if it is exposed at a distance 


of 3 m from a 60 cp lamp ? ( Bombay '70 ) [ Ans. 30 sec ] 
28. A 10 cp lamp is placed one metre from a surface. At what distance must a gas flame 

of 18 cp be placed so as to produce an equal illumination of the surface. (C. U. 1928 ) 
[ Ans. 134m] 


29. Two lamps of 20 and 80 candles respectively are 3 m apart. At what point on the 
line passing through them will the illumination produced by each be equal? If the lamps are 
interchanged in position, by how much should the luminous intensity of the brighter lamp be 
reduced to restore the equality of illumination at the same point ? 

[ Ans. 1 m from 20 cp lamp between the two or 3 m beyond the 20 cp lamp ; by 75 candle ] 

30. A photometer has a standard 50 candela lamp at the one side of the screen and a lamp 
of unknown luminous intensity on the other side. The two surfaces of the screen are equally 
illuminated when the screen is 5 ft from the-standard lamp and 3 ft from the unknown. Find 
the luminous intensity of the latter, [ Ans. 18 candela ] 


[D] Harder Problems 
1. A lamp hangs in the centre ofa square room of floor area 36 m*, Considering the 
lamp to be a point source of lizht, find the height from the floor at which the lamp should be 
placed so as to obtain the maximum illumination in the corners of the room at e yat 
ns. 3m] 
2. Three point sources of light having the same luminous intensity IJ are placed at the 
vertices of an equilateral triangle of side /. Calculate the illuminance on a small plate placed 
at the centre of the triangle, perpendicular to its plane and parallel to one of its sides. 
[ Ans, 31l? on either side of the plate ] 
3. A100 cp lamp L is placed 5 ft vertically above the centre O of a horizontal surface, 
What is the illumination at O ? How must the distance LO be altered in order to preserve the 
same value of the illumination at O, (a) if the surface is tilted through 20° about a horizontal 
axis passing through O, (5) if, when the surface is horizontal, a glass plate which cuts off 
20% of the incident light is placed between L and O ? ( Oxford ) 
[ Ans. 4 ft-c, (a) lowered to 4:85 e (b) lowered s pes ft) 
ce equal illuminations on the two sides of a photometer when placed 
at d Ri SCR eda eR When a sheet of glass is placed before the stronger lamp, the 
weaker one hag to be moved 6 cm away to retain the equality of illumination. What percen- 
tage of light is stopped by the glass ? i [ Ans. 30:56 
5. A 40 cp lamp is placed at a distance of.2 ft on one side of a photometer screen. On 
the other side is a 80 cp lamp with 3 sheets of thin glass inserted between the lamp and the 
screen. If each sheet of glass transmits 70% of the light falling on a : reuera the distance 
between the 80 cp lamp and screen when the photometric balance is achieved. (4m, ése fe] 


6. Two lamps, 4 and B, each of luminous intensity 250 candela, are 6 ft apart and are 
suspended 4 ft above a billiard table. Calculate the illumination at the Pon Dn the table 
vertically below the midpoint o? AB. To what value would the illumination at this pue be 
raised by placing a large plane mirror horizontally 2 ft above the lamps ? Assume the lamps 


i in all directions and the mirror to have a reflecting power of 100%. 
to radiate equally in all directions e (London) | Ans. 16 fic, 22'413 fg] 


pM 
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7. Yt was found in an experiment that a lamp with a dirty chimney when placed at a dis- 
tance of 10 cm from the grease spot balanced a candle, On cleaning the chimney it was 
found that the lamp had to be moved 2 cm further for balancing the same candle which was 
not moved during the experiment. Calculate the percentage of light that was being transmitted 
by the dirty chimney. (U.P. B. 1964 ) [ Ans. 69:44% ] 

8. Onesideofa screen is illuminated by N identical bulbs, each of 2 cp placed on a 
straight line which meets the screen normally. The distances of the bulbs from the screen are 
1m,2m,3 m, , N meter respectively. Show that the illuminance of the screen will 
always be less than 4 lux, however large N may be. 

9. Two lamps A and B illuminate a photometer screen equally when their distances from 
it are 60 cm and 30 cm respectively. A piane mirror with its reflecting surface at right 
engles to the axis of a photometer bench is placed 7-5 cm from B on the side remote from the 
screen and then A has to be moved 9 cm nearer the screen to restore the equality of illumina- 
tion, Compare the candle power of B with the effective candle power of its image formed by 
the mirror. ( Gau. Univ. 1972 ) | Ans. 1156/999 ] 

10. A lamp of illuminating power Lis hanging vertically at a height h above the centre 
ofa circular table, If the radius of thé top of the table be r, prove that the illuminance at the 


centre is ( 1+ zr times of that at aay point on the circumference of the table. 


3 REFLECTION AT PLANE SURFACES 
CHAPTER 
fr: 
3.1. Reflection, 

Whena beam of light travelling ina medium is incident on the surface of 
separation between that medium and another, the following things usually 
happen :— 

(i) a portion of the incident light is turned back to the first medium. This 
phenomenon is known as reflection of light. 

(ii) a portion of the incident light is absorbed by the second medium. 

(ui) the remaining portion, if any, known as refracted light, travels through 
the second medium, usually in a new direction (vide Chap. 5) 

The amount of light which gets reflected depends upon (i) the nature of the 
two media and (i) the angle at which light strikes the surface. For oblique 
incidence, the proportion of reflected light is fairly large. For example, when 
light is incident in air normally on an ordinary glass plate and a good plane 
mirror nearly 4 and 85 to 90 percent respectively of light is reflected back into 
air. If the incidence is not normal, greater percentages are reflected by 
both of them. 

If the second medium absorbs all the incident light, no light is reflected and 
the second medium looks black. In practice, no substance is perfectly black so 
that, surfaces of all substances reflect light to a greater or smaller extent. 


3-2, Laws of reflection. 

In Fig. 3:1, AB is a reflecting surface and PO is the incident ray which 
strikes the surface at the point O, called the point of incidence. OQ is the 
reflected ray and ON is the normal to the 
surface at the point of incidence O. Then N 
the Z PON between the incident ray and 
the normal is called the angle of incidence E 
and the ZQON between the reflected ray 
and the normal is called the angle of 
reflection. Since these angles are measured 
between the rays and the normal rather than : 
between the rays and the reflecting surface, A fe) B 
the nature of the surface i.e., whether plane Fig, 31: Laws of reflection 
or. curved, becomes unimportant. si : 

It is found experimentally that the reflection of light always occurs obeying 
the following two laws, known as the Laws of Reflection : 


30 ELEMENTS OF HIGHER SECONDARY PHYSICS 


(1) The incident ray, the reflected ray and the normal to the reflecting surface 
P 


at the point of incidence lie in the same 
plane. 

(2) The angle of incidence is equal to 
the angle of reflection, ie. Z PON— 
ZQON. 

For normal incidence i.e., when the 
incident way falls normally on the reflecting 
surface, the angle of incidence is zero, and 
consequently the angle of reflection is also 
zero, ie., in this case, the reflected ray 
Fig. 5:2; Normal incidence retraces its path [Fig. 3:2]. 


3.3. Reputor and Diffuse ‘Reflection. 


When a parallel beam of light is incident on a perfectly smooth surface, all 
reflected rays travel in a particular direction 
forming a parallel beam of reflected light [ Fig. 
3:3]. This type of reflection is called regular 
reflection. The phenomenon can be easily under- 
stood by drawing normals at the points of 
incidence and applying the laws of reflection to 
all rays. Thus still water, mirror, polished metals 
etc., reflect light in one direction only, depending 
upon the direction of the incident light and if there Fig, 33: Regular reflection 


be no extra light, they appear dark when viewed from any other direction. 
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On the other hand, if the surface is not 
smooth, but irregular, normals drawn at the 
points of incidence will not necessarily be 
parallel and the reflected rays will travel in all 
possible directions [Fig 3:4]. This type of 
reflection is known as diffuse reflection. 

By the reflected rays a. diffuse reflecting 

Fig, 34; Diffuse reflection surface can be seen from any point in front of 
the surface; obviously this is independent of the direction along which the 
incident light travels. The surface appears equally bright from all directions. 
All non-luminous objects around us are seen by light diffusely reflected from their 
surfaces. Examples of diffusely reflecting surfaces are walls of a room, paper, 
cinema screens etc. ‘The surface of a plane mirror is never perfectly smooth. So, 
along with regular reflection, a portion of the incident rays is also diffusely 
reflected. By the regularly reflected rays an image is seen [vide Art. 3:5] and by 
the diffusely reflected rays the mirror itself is seen. 


Twilight : The explanation of this natural phenomenon can also be ascribed 
to diffuse reflection of the sun’s rays before sunrise or after sunset by clouds, dust 
and.other floating particles in the air. Some of these diffusely reflected rays reach 
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the earth and give rise to the perception ofa general illumination continuing for 
sometime before sunrise or after sunset. 
39:4, Image. 

Ifthe rays diverging from a point undergo changes in direction by reflection, 
refraction or by both, ultimately they either converge to a point or appear to 
diverge from a point. In both cases, the second point is called the image of the 
first. Images are of two kinds viz., real and virtual. 

If reflected or refracted rays actually converge to a point, the point is called a 
real image. On the other hand, if the reflected or refracted rays only appear to 
diverge from a point, the point is called a virtual image. 

It must be noted that a real image can be cast on a suitably placed screen, but 
this is not possible for a virtual image, 


3:5, Image formed by a plane mirror, 


Image of a point object ; In Fig. 3:5, S is the point source placed in front 
of a plane mirror. Ofthe infinite number of rays diverging from S we take only 
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Fig. 3:5: Image of a point object Fig. 3:6: Position of the image of 
a point object 


two rays SA and SB, striking the mirror at A and B respectively. To an observer, 
the reflected rays AC and BD appear to come from S', which is evidently the 
virtual image of S. The position of S’ can be found geometrically from the rather 
simplified diagram illustrated in Fig. 3:6. A ray SA is incident normally and is, 
theretore, reflected along the same path. Another ray SB is iricident at an angle 0 
and is reflected along BD at the same angle. The two reflected rays AS and BD, 
when produced backwards meet at the image point S'. This image, therefore, 
lies on the normal to the mirror through the object potnt. 

Now, ZSBN=ZDBN 

LSBA—/ DBC-—/.S'BA. In the triangles SRA and S'BA, / SBA— 

Z S'BA, the side AB is common to both, and / SAB= Z S'AB, cach being equal 
to 90°. Hence, the A SBA and A S’BA are congruent and therefore, SA=S’ A. 
Thus, the image is formed at the same distance behind the mirror as the object in 
front of it. 

Now, it is evident that no image of a point object can be formed by diffuse 
reflection from a rough surface, since all the reflected rays would not pass through 


a single point. 
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The image of an extended object : The image of an extended object X 4 
(Fig. 3°7) can be constructed by assuming it to be an aggregate of a large number 


Fig. 3:7 : Image of an extended object 


of point sources. From 
points X and Y two per- 
pendiculars XA and YB 
are dropped on the mirror 
and are produced beyond 
the mirror to X' and Y' 
respectively so that, AX'— 
AX and BY'—BY. Then 
X' and Y' are the images of 
X and Y respectively. 
Obviously images of any 
other point on XY will lic 
on X'Y' and hence X'Y'i 
the image of X Y. Evidently 


X' Y' 2 XY i.c., the size of the image is equal to that ofthe object. 


To draw the ray diagram according to which an eye at CD sees the i nage. 
. Y'C, X'D, Y'C and Y'D are joined which cut the plane of the mirror at P, Q, R 


and S respectively. Now,if XP 
XQ, YR and YS are joined 
the diagram is complete. 
However, one has to insert the 
arrow marks to indicate the 
direction of travel of incident 
and reflected rays. 


Lateral inversion : 


In Fig. 3°8, an extended 
source XY is shown to be 
divided into two distinct 
halves. To an observer at 
E, the shaded half X is at the 
left of the unshaded half Y. 
Since the object distance must 


Fig. 39 


Above discussion explains wh 


x ceno 


Fig. 38: Lateral inversion 


be equal to the image distance, the image 
X' of X is further away from the mirror 
than the image Y' of Y. Thus in the 
image, the shaded balf is at the right of 
the unshaded half. Consequently, the image 
as a whole appears to be laterally inverted 
and this phenomenon is known as lateral 
inversion. Fig. 3'9 illustrates the lateral 


inversion of the word PHYSICS in a mirror. : 


y in the mirror image ofa person, the-right hand 


L 
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appears to be the left hand. However, it should be clearly understood that the 
image is only inverted laterally but not upside down with respect to the object. 
This is in contradiction with the real, inverted images formed by concave mirrors 
and convex lenses where the images are truely inverted in all directions. 


Reflection of a convergent beam. 


Let us consider a convergent beam of light incident on a plane mirror M. AB 
and CD are two rays of the beam which tends to converge to the point O behind 
the mirror [ Fig. 3:10]. It can be easily shown 
that after reflection at the mirror, the beam 
converges to the point J which lies on the 
normal drawn from the point O to the mirror 
and is at the same distance in front of the 
mirror as the point O behind the mirror 
ie. IP=OP. O is called the virtual object 
and / its image. 


= 
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To prove the above statement, let us imagine 
that a point object be placed at J. We know 
that the rays IB and ID will, after reflection, icr wi A 
travel along BA and DC. When BA and DC Fiz- a oa 
are produced backwards they meet at O such 
that the line joining O and J is normal to the mirror and OP equals IP. Hence 
from the reversibility of light path the present theorem is established. 


[ N.B. Compare Fig. 3'10 with Fig. 3:5. The above result follows 
immediately. ] 


Ox 


3:6, Deviation of a ray due to reflection at a plane mirror. 


By deviation of a ray we mean that angle 
N through which the ray has been rotated by 
Q reflection or refraction. In Fig. 3:11, PO and OQ 
are the incident and reflected rays respectively. 
The / QOR=D (say) is the angle of deviation. 


D—180— / POQ 


—180* — 9i M Ti (3:1) 
P where i is the angle of incidence. 
BE Examples 3'1. Show that (a) the deviation of 


a ray undergoing two successive reflections at two 
inclined plane mirrors depends only on the angle 
Fig, 311: Thedeviation due between the mirrors. Also find (b) the angle 
jetefiection between the mirrors if the ray after second reflec- 

tion becomes parallel to the incident direction. 
Solution : (a) Let the mirrors be inclined at an angle «. Two cases may arise. 
In successive reflections at the mirrors, the incident ray may rotate in the 
same direction or in the opposite directions as illustrated in the Figs. (i) and 


P-II/3 
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(ii) respectively. The path of the ray is shown by ABCD. The normals at 
B and C are drawn. 
For reflection at the first mirror, the deviation 


D,=180°—2i, eS oa (1) 
and for reflection at the second mirror, 
D,=180° —2i, ies E. (2) 


Fig. (i) Fig. (ii) 

Case (i): Since in both the reflections the incident ray rotates in the same 

direction, the total deviation D is given by 
'D=D,+D,=360°—2 (f,--iz) X i. (3) 
Now, in the AOBC [ see Fig. (i)], 
«+ ZOBC+ 7 OCB—180* 
or, « + (90? —i,) 4- (90? —1,)2:180* SS «hd, 

From eqn (3), D-360? —2« s E (4) 

Hence D depends only on «. 

Case (ii): In this case, the incident ray rotates in successive reflections in 
opposite directions, The total deviation D is, therefore, given by 


D=D,—D,=2 ( i—i; ) ves ei (5) 
Now, in the AOBC [ see Fig. (ii) ] 
«+ ZOBC+ / OCB=180° 
or, «+(90°—i,) +(90°+%,)=180° SO «—Hh—i, 
From eqn (5), D=24 
Hence, in this case also, D depends only 
on «. 


y D (b) By question, since BA is parallel to CD 
BK [ Fig. (iii) ], D=180°. Therefore, from equation 
y ^ (4), we get, 
180*—360*—2«, or, «=90°. 

Hence the mirrors should be inclined 
at 90°. 
Fig. (iii) Alternatively, (a) Case (i): In Fig. (i). 

D,—2/0BC and D,—2/ O0CB 

S D=D,+D,;=2(ZOBC+ Z OCB) 
—:2(180?—4)—360? —24. 


QX------- 
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Case (Ii) :—In Fig. (ii) 
D,—2/0BC and D,=2/BCE 
D=D,—D,=2 ( Z BCE— / OBC )=2« 
(b) InFig. (ii), since AB| CD 
LABC+ 4. DCB=180° or, 2ZNBC+2ZNCB=180° 

s ZNBC+ ZNCB=90° or, (90°— Z OBC)+(90°— Z OCB)=90" 

or, ZOBC+ ZOCB=90° = LBOCS=9P 

Example 3:2. Show that fora given incident ray, if a mirror is rotated 
through an angle 0, the reflected ray rotates through 20. 

Solution g In the Fig., M,M, and M,'M,’ are the initial and final positions 
of the mirror. PO, OQ and ON are 
respectively the incident ray, reflected 
ray and the normal for reflection at 
M,M,. OQ' and ON’ are the reflected 
ray and normal for reflection at 
M; M's. 

Z. MOM, —0— / NON’ 

We have, 

LPON=ZNOQ 
and ZPON'=ZN'0Q' 
4 P00—? / PON and /POQ'—2/PON' 
490Q'— ZP0Q'— 4 P0Q—2(Z.PON'— Z PON) 
—2/ NON'-—20. 

[N.B. This principle is utilised in measuring very small deflections in mirror 
galvanometers and sextants etc. 

However, if the mirror rotates about the normal at the point of incidence, no 
rotation of the reflected ray occurs. ] 

Example 3:3. Show that, the path followed by a ray of light from one point 
to another by way of reflection at a plane surface is least. 


Solution : Let POQ be the actual path of the ray from P to Q after reflec- 

tion at O obeying laws of reflection. Let O' be any point on the reflecting surface. 

We are to prove that PO+0Q<PO'+ 

E Q O'Q whatever be the position of O'. QO 

is produced back to meet the normal PX 

produced at P’. Hence P' isthe image 
of P and PX¥=P’X. 

In the APOX and AP'OX ; PX—P'X, 
OX is common to them and LOXP= 
909— / OXP'. Hence they are congruent. 

PO=P’O. Similarly PO'—P,O'. 
Now, in the AP'QO', P'Q<P'O'+ o'Q 
ot, P'O+OQ<P'0'+0'Q or, PO+OQ<PO'+0'?. 
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Since the position of O' has been chosen arbitrarily, it follows that the path 
followed by a ray in reflection at plane mirror is always the least. This fact is 
known as the principle of least path. 


37. Multiple image. 


When two mirrors are inclined to each other with their reflecting surfaces 
facing each other and with an object placed between them, a number of images 
are formed. This fact is explained 
in Fig. 3°12. Rays starting from the 
object O get reflected from the 
mirror M, and form the image at X. 
These reflected rays appear to come 
from X, and are incident on the 
mirror My. So for the mirror Mg, 
X, acts as a virtual object. When 
these rays are reflected by Mg, an 
image of X, is formed at X;. 
Similarly Y, again acts as the virtual 
object for M, and its image X; is 
formed by M, and so on. Thus we 

Fig. 3°12: Two inclined plane mirrors have a series of images Xj X, 
X,...etc., formed alternatively by the two mirrors, this series being formed 
by rays from the object which are first reflected by the mirror M,. Similarly 
for the rays which are first reflected by the mirror M, we get another series 
of images Y;, Yq, Yg---etc. Evidently, if any member of either series is formed 
behind the reflecting surfaces of both the mirrors i.e., in the segment 
M; PM,’ formed by producing the mirrors M; and M; beyond their point of 
intersection P, no further image can be formed and it becomes the last image of 
the series. 

It is interesting to note that all the images of both the series lie on a circle 
with P as centre and PO as radius. To prove this, OX; is joined which intersects 
M, at Q. Since X; is the image of O, we have, QO=QX;, and Z 0QP= / X,QP 
=90°. Hence the triangles OOP and X,QP are congruent, PQ being common 
to both the triangles. 


PO=PX, 
Similarly, it can be shown that 
H PO-—PX,—PX,—PXs,—...... etc. — PY, —PY,—PY,—......... etc 


Hence all the images are concyclic. 

A rigorous mathematical calculation, which is beyond the scope of this text, 
shows that if 0, the angle between the two mirrors, is a submultiple of 180°, then 
the total number of images N is given by 


360 
x =5 SL m (3:2) 


When 6 is not a submultiple of 180° the expression for the number of images 
N is not so simple. 
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Mirrors at right angles ; 


If two mirrors are mutually perpendicular i.e., 


only three images are formed ( Fig. 
3-13). In this case the last two images 
ie, X, and Y, of both the series 
fall behind the mirrors and are 
coincident in position. 

Parallel mirrors : 


Eqn. (3:2) shows that as 0 decreases 
N increases. Hence when 6=0, i.e., 
when the mirrors are parallel with their 
reflecting surfaces facing each other N 
becomes infinite. As shown in Fig. 314, 
all the images of the object O will be 


P 


E E 


9=90°, N-Mi—1-—3 i. e., 


Fig. 3-13: Two mirrors at right angles 


geen to lie in a straight line which passes through O and is perpendicular to both 


Fig, 314: Parallel mirrors 


3.8. Periscope. 


light from an object to the eyes of an observer. 
Fig. 3:15 shows schematically the action of a 
periscope. It consists of two parallel plane 
mirrors, M, and Mg, fixed at 45° to the axis 
ofa tube T with the reflecting surfaces facing 
each other. Ray: from a distant object after 
reflection at the mirror M, travel along the 
axis of the tube and strike the mirror Ms. 
Being reflected again by Ms; the rays come 
out horizontally and reach the eyes of the 
observer. Thus the observer is now able 
to see the object despite the presence of the 
obstacle in front of him. 


the mirrors. Each image 
is laterally inverted with 
respect to its neighbours. 

Since at each reflection 
the mirror absorbs a small 
percentage of light, each 
image is less bright than 
the previous one. Hence 
a limit to the number of 
images seen is set up when 
the images become too 
faint to be visible. 


This instrument is used for looking over an obstacle which blocks the path of 


Fig. 315: Action of periscope 
Periscopes are used frequently in foot-ball grounds by the spectators in the 


tear who look at the match by raising the upper mirror over the heads of the 
crowd before them. Soldiers in the trench abo use it to observe the enemy 
movement without any danger. In submarines, an improved form of pericope 
i used with mirrors replaced by total reflecting prims (vide Art. 5°15). 


Solution : (a) Let the initial distance of the object from the mirror be x. 
Hence that of the image is alvo x. Now if the object moves away from the mirror 
by a distance d, its final distance from the mirror becomes equal to ( xd). 
Correspondingly, the final image distance is alo (xd) Hence, the image 
moves through a distance (x44 )—x=d ‘away from the mirror. 

(b) im this case, since the object is fixed, all the distance should be measured 
from the object. Initial distance, of the image from the object is x xe 2x. Now, 
when the mirror moves through a distance d away from the object, its distance 
from the object becomes equal to x--d. Hence, the final distance of the image 
from the object it (x+4d)+(x+d)—2(x +d). 

Therefore, the displacement of the image is 2(x--d)—1x 24. 

[ N.B, (1) Tbe above results are also valid when (a) the object moves towards 
the mirrer and (b) the mirror moves towards the object. ] 

(2) k follow: from the above discussions that (a) the mirror remaining fixed 
if the speed of the object be v, that of the image is also v, (b) the object remaining 
fixed if the speed of the mirror be v, that of the image is 2v. 


Exemple 3:5 A man with a lamp in his hand stands in front of mirror. By 
how much does the distance between the lamp and its image change (a) if the 
mirror ls moved away from the lamp by 3 cm? (b) the man moves towards 
the mirror at the speed of 2m|sec ? 

Solution : (a) Let initially the distance between the lamp and the mirror be 
xem. Hence the distance between the lamp and the image=2x cm. When the 
mirror moves through a distance 5 cm away from the mirror, the distance between 
the lamp and its image=(x+5)+(x+5)=(2x+10) cm. Thus the distance 
between the lamp and its image changes by 10 cm. 

(b) When the man with the lamp moves 2 m per sec towards the mirror, 
the object distance gets shortened by 2 m. im.every second. Hence the image 
distance also decreases by the same amount. Thus the distance between the lamp 
and its image now reduces per second by (24-2) m=4 m. 

Example 3-6, Show that, a man can see the whole of his person in a mirror, 
length of which is half of his own height. 

Solution : In the figure E represents the position of the eye of the man PQ' 
whose image in the mirror MN is P'Q'. P'Q' are obtained by producing the 
normals PX and QY on MN, so that PY P'Y and QY-Q'Y. Evidently, P'Q 
-PQ. 


SERCHOS af hae WAR acha » 


ia arder to fad ous ha rap by whid De rye Een P, tde 1 LÀ 1 
LA LL LI Jp PAU b ado paed The ay 
PAU den a MT, e peod deog 


la OF PE, FY- PX wd XM VPE, , FW EN 
Now ia SEPO, PM EM amd MN A PO 
MN =) PO ie, MN PQ. 


= AM AB 

Now for the incident ray AM" tbe. refec 
ted ray M'E mutt appear to diverge from A’. Similarly, tbe reflected ray NE 
corresponding to the incident ray BN’ appears to diverge from BY. ©. M'N 
is the required minimum size of the mirror. 

Now BQ=B'C+CQ=—BC+CQ=30Q Com FQ 

In AK QE, since CN I EQ, ©. N'E-MEE. 

Similarly, M'E- AE. Hence in AEA'B', MNA B pAB. 

Thus the required minimum size of tbe mirror is one-third of the size of 
the wail. 
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|A] Essay type questions, 


1. What do you mean by reflection of light ? Is the total amount of the incident light 
reflected from the surface of separation of two media ? If not, what happens to the remainder ? 

2. Define (i) angle of incidence (ii) angle of reflection. 

Why these angles are measured in reference to the normal to the reflecting surface ? 

State the laws of reflection. Hence discuss the case of normal incid . 

3. What do you mean by regular and diffuse reflections ? Explain clearly with examples. 

Compare the reflection of light from white blotting paper with that from à plane mirror. 
Which is more steadily seen at a distance? Why? 

4. Distinguish between a real image and a virtual image. 

Show that the image due to reflection lies on the normal to the mirror through the object 
point and is formed at the same distance behind the mirror as the object in front of it. 

5. Draw by a neat diagram the image of an extended object formed by reflection at a 
plane mirror. 

6. You are looking at the image of an extended object formed by a plane mirror. Is the 
whole of the mirror necessary to form the image? Explain your answer with the help of 
a diagram. 

An image formed by a plane mirror is said to be virtual and laterally inverted, Explain 
what you understand by the terms in italics. 

7. Explain the phenomenon of lateral inversion. In which way does thé image formed 
due to reflection at the plane mirror differ from that formed due to refraction at the concave 
lenses ? 

8. Explain with the help of a ray diagram, how the eyes see the image of a bright point 
formed by a plane mirror. 

Explain also the formation of the image of a virtual object by a plane mirror. Is the 
image real or virtual ? Find its position. 

9. Show that a ray reflected twice at two plane mirrors of fixed inclination undergoes 
constant deviation provided that it is in one plane throughout. 

Show that a man can see the whole of his person ina mirror, length of which is half of 

iis own height ? 

10. Show that the path followed by a ray of light from one point to another by way of 
reflection at a plane surface is least. What is the name of this principle ? 

Find the minimum size of a mirror fixed on the wall of a room, in which an observer at the 
centre of the room can see the full image of the wall behind him ? 

11. (a) Explain with examples what is meant by r@al image and virtual image. 

(b) Show with the help of a neat diagram, how images of a point source of light are 
formed by reflection from two plane mirrors inclined at a right angle. 
(c) Prove that if a plane mirror is rotated through a given angle, the reflected ray 


will be turned through twice:that angle. LH. $. 79) 
(d) Under what condition will the rotation of the mirror not produce any rotation 
of the reflected ray ? [ H. S. 81] 


12. Explain with neat diagram, the formation of multiple images by two mirrors inclined 
at any angle. 

Explain also the formation ofthree images when an object is placed between two plane 
mirrors at right angles. 

13. Explain the formation of multiple images of an object placed between two parallel 
mirrors. Draw a neat diagram to show the pencil of rays by which an eye sees the third image 
in one of the mirrors. 

14. (a) Statethe two laws of reflection of light. 

(b) Explain with the help of a diagram the lateral inversion of an image formed by 
reflection at a plane mirror. 
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(c) Keeping the incident ray fixed , if a plane reflecting mirror is rotated through an 
angle 9, then the reflected ray is rotated through 29. Prove this, 

(d) Two plane parallel mirrors facing each other are a cm apart. A small luminous 
Object is placed between them, 5 cm from one of the mirrors. Find the distance 


from the object of an image produced by four reflections. [ H. S.'84] 
1$, Explain with the help of a diagram the principle of operation of a periscope, 
[ H. S. '80) 


fate its uses. Why does in improved form of periscope the use of total reflecting prisms 
became common instead of plane mirrors ? 

16. Show that a man running towards a plane mirror at the rate of V cmjsec approaches 
his image at the rate of 2V cm/sec. Would you agree with the same result if the object 
romaining fixed the speed of the mirror be V cm/sec towards the object ? 


17. Explain the phenomenon o f twilight. 
[B] Short answer type questions 


1. On what factors does the amount of light reflected from the surface of separation of 
two media depend 7 

2. ‘In diffuse reflection no laws are obeyed by light' —criticize the statement, 

3. Why should one sit with his back to a window for most comfortable reading ? 

4. At night it is difficult to see through a closed glass window from a well lighted room, 
but it is relatively easy when the room lights are switched off. Why ? [IL T.774] 

$. Can both real image and virtual image be projected on a screen? If not, why ? 

6. A street light, viewed by reflection across a body of water in which there are ripples 
appears very elongated. Why ? 

7. Why is the projection screen in a cinema house made of rough and white material ? 

[ H. S. '63) 

$. When does the rotation of a plane mirror cause no rotation of light ray reflected 
from it ? 

9. If a mirror reverses right and left, why does not it reverse up and down ? 


{Cj Simple Problems 


1. Two plane mirrors are inclined at an angle of 60°. (a) Locate graphically the images 
of a point object placed between them. (6) Also calculate the number of images produced 
by both the mirrors simultaneously. (Ans, (b) 5] 

2. A beam of light falls on a mirror, The mirror is rotated by 2° about an axis lying in 
the plane of the mirror and perpendicular to the beam. (a) By what angle will the reflected 
beam berotated ? (b) By what distance will the bright spot produced by the reflected beam 
on a screen held perpendicularly to the reflected beam be moved ? The screen is placed at a 
distance of 3 m from the mirror. [Ans. (a) 4°, (b) 20-93 cm] 

3. Two plane mirrors are held parallel at distance 30 cm apart with their reflecting sur- 
faces facing each other. A luminous point object is placed between them and 10 cm from 
one mirror. Determine the distance from each mirror of three nearest images in cach, 

[ Ans. 10, 50, 70 cm. ; 20, 40, 80 cm ] 

4. An object is situated between two plane parallel mirrors A and B which are 4 cm apart, 
The object lies at 3 cm. from one of the mirrors. Calculate the distance between the third 
image behind A and the third image behind B. [ Ans. 24cm] 

5. Two plane mirrors are placed at an angle of 90° with their reflecting surfaces facing 
each other. A ray of light is incident on one mirror, What will be the direction of the Tay 
after two reflections ? [ Ans. Parallel but opposite to the direction of the incident ray. ] 


6. A point source of light as also its two images formed by reflection in two mirrors lie at 
the vertices of an equilateral triangle. Find the position of the mirrors relativeto the source 
and the angle between them. [ Ans. 120° ] 
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7. Seven images are formed of an object placed between two mirrors inclined to each 
other. Find the angle between them. [ Ans. 45°} 
8. Two plane mirrors are inclined at an angle < to each other. A ray of light travelling 
parallel to one of them becomes after two reflections parallel to the second. Find the 
value of «. [ Ans. 60°] 
9. Rays of light strike a horizontal plane mirror at an angle of 45°. Show how would 
you arrange a second mirror in order that the reflected ray finally be reflected from the second 
mitror horizontally ? { Ans. «61:5? ]- 
10, It is necessary to obtain a reflected ray that makes a constant angle of 30° with the 
incident ray. Find an arrangement of mirrors which will achieve this. 
` [ Ans, Two mirrors inclined at 75° ] 
11. A person stands in front of a mirror. By how much does the distance between the 
person and his image change, if the mirror is moved away from him by 10cm? [das. 20 cm] 
12. A person approaches a mirror witha velocity v, the mirror being placed perpendi- 
cular to the direction of his approach. Find (a) the velocity of his image and (b) relative 
velocity of his image with respect to him. 
[ Ans. (a) v Wit. the mirror towards it, (b) 2v towards the person] 
13. A mirror is moved parallel to its plane towards an object with a velocity v. Find 
(a) the velocity of the image and (b) relative velocity of the image with respect to the mirror. 
[Ans. (a) 2» w.r.t. the object, (b) v towards the mirror.] 
14. Find the length of the shortest vertical plane mirror in which a man 5 ft 6 in tall 
could see his entire image. Also find the height of the lowest point of the mirror from the 
floor if the eyes of the man are 5 ft 2 in from the floor level. [ Ans. 2 ft 9 in ; 2ft7in) 
15. A mirror 3 ft in length is fixed vertically to a wall of a room. What is the vertical 
dimension of that part of the opposite wall which a man standing at the centre of the room 
can see in the mirror without changing the position of his head ? [4as. 9 ft] 
16. A mirror of length 3 ft is fixed vertically with its upper edge 6 ft above the floor. A 
girl whose eyes are 5 ft from the floor stands 4 ft in front of the mirror and looks at herself. 
(a) Find the length of the mirror useful to her. (b) Find also the length of that part of her- 
self which she will be able to see in the mirror. [ Ans, 2 1t; 4 ft] 
17. The eyes of a boy wearing a hat are 3 ft from the floor. The top of his hat is. 3:6 ft 
above the floor. He stands in front of a large vertical plane mirror. What should be the 
heights from the floor of the lower and upper edges of the mirror so that he can just see him- 
self, with hat, at full jength ? Show by ray diagram that the answer is independent of the 
distance of the boy from the mirror. [ Ans. 1:5 ft, 33 ft] 
18. The plan of room is a rectangle ABCD and the sides AB and CD are each 14 ft and 
BC and AD are 16ft. On the walls CD and AB are plane mirrors facing inwards. A person 
stands at the mid-point of CD, facing AB, The first image of the side AB seen in the mirror 
on AB just fills this mirror. What is the width of the mirror ? Draw diagrams to show 
how you arrive at your answer. (London) (Ans. 43 ft} 
19. Two plane mirrors are placed vertically on a table. A ray of light is reflected by 
both mirrors in succession. Show that the angle through which it is deviated by the double 
reflection is equal to twice the angle between the mirrors. | Jt. Entrance '81 ) 
20. Rays of light strike a horizontal plane mirror at an angle of 45°, Show by diagram 
how you will arrange à second mirror in order that the reflected ray may finally be reflected 
from the second mirror horizontally. 
{ Ans. Inclined to the horizontal at either 225° or 61:5] 


[D] Harder Problems. M 


1, A horizontal flourescent lamp is 70 cm in. length. If a square plane mirror of sides 
20 cm is placed at a distance of 399 cm with its centre vertically below the midpoint of the 
lamp, determine the length of the reflected patch of light on the ceiling 150 cm above the 
lamp. (Ans. 155cm 


REFLECTION AT PLANE SURFACES 43 


2. Two plane mirrors are placed back to back. They are then opened out slowly to form 
a wedge, their reflecting surfaces lying on the outside. A beam of parallel light becomes 
incident on the edge of the wedge. The two beams reflected from its faces are found to make 
an angle of 100° with each other. Determine the angle between the mirrors. [ Aas. 50°} 
3. A plane mirror, 2 ft square is hung vertically on one wall of a room with its lower 
edge 2 ft from the floor and parallel toit. A man 6 ft high stands facing the mirror at a 
perpendicular distance of 6ft from it. Find, by a scale drawing, what length of the floor of 
the room, directly in front and behind him he willbeableto see. Explain your construction 
and the principles invalved. (London) | Ans. 9 ft | 
4. If two adjacent walls and the ceiling of a rectangular room are mirror surfaces, find 
the number of images of an object seen by an observer. 
Show that if a narrow beam of light is incident near the mirrored corner from any direction, 
it is reflected back in an exactly opposite direction. [ Ans. 7] 
5. Aman moves towards a plane mirror with a velocity v in a direction making an angle 6 
with the normal to the mirror, Find the magnitude and direction of the velocity of the image 
relative to the man. (Jt. Entrance '70) 
[ Ans. 2 v cos 0 , normal to the mirror, towards the man ] 
6. A sphere lies on a horizontal table. (a) At what angle with the plane of the table 
should a mirror be set so that when the sphere rol's towards the mirror, the image of the 
sphere moves vertically downward ? (b) What will be the velocity of the image if that of the 
sphere be v ? (c) Find then the velocity of the image relative to that of the sphere. 
[ Ans. (a) 45°, (b) v w.r.t. the mirror (c) vZ at 45° with direction of motion of 


the sphere] 


4 REFLECTION AT CURVED SURFACES 
CHAPTER 


41. Introduction. 


We have se en in the previous chapter that in the case of reflection at a plane 
surface, the object distance and the image distance as measured from the reflecting 
surface, are equal. Also, size of the image equals that ofthe object. In this 
chapter we shall see that if the reflecting surface be curved, instead of being plane, 
the laws of reflection hold true but in general the size and the position of the 
images are quite different from what they are in the case of a plane reflecting 
surface. 

A curved reflecting surface may be spherical, paraboloidal, cylindrical or 
ellipsoidal, according as it is a portion of a sphere, a paraboloid, a cylinder or an 
ellipsoid respectively. In this book we shall discuss mainly reflection by spherical 
reflecting surfaces which are of most common use. 


4:3. Spherical mirror. 


As stated above, a curved reflecting surface having the shape of the portion of 

a sphere is known as a spherical reflecting surface or simply a spherical 
mirror. The centre C of the sphere of which the mirror is a part, is known as 
the centre of curvature of the mirror (Fig. 41). The radius of the sphere, r is 
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Fig.41: Spherical mirror (a) concave: (b) convex 


called the radius of curvature of the mirror. The perimeter of such a mirror 
is generally circular in shape. The diameter MM’ of this circle is known as the 
aperture of the mirror. The central point P of the mirror is called the pole and 
the straight line XX’ passing through the pole and the centre of curvature is called 
the principal axis of the mirror. The section MPM' ofthe mirror by a plane 


pasting through the principal axis is known as the principal section of the 
mirror, 
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The mirror is called concave or convex according as the centre of curvature 
of the mirror lies on the same side or not as the reflecting surface of the mirror 
[Fig. 41 (a) and (5)]. 

A ray may be regarded as paraxial if (i) she ray is incident at a point very 
near to the pole and (ii) the inclination of the ray to the axis is small. In our 
subsequent discussions we shall assume that the apertures of the spherical mirrors 
are very small compared to their radii of curvature so that all rays may be 
regarded as paraxial. The formulae that we shall derive with this assumption 
are, of course, only approximate. For ordinary purposes, however, they are 
sufficiently accurate. But for more accurate work, non-paraxial rays have to be 
considered [ c. f. spherical aberration, Art. 4:11 ]. t 


43. Principal focus and focal length of a spherical mirror., 


When a beam of rays parallel to the principal axis is incident on a spherical 
mirror of very small aperture, it is seen that the reflected rays- either converge to 
[ in case of concave mirror ; Fig. 42 (a) or appear to diverge from [ in case of 
convex mirror ; Fig. 42 (b)] a fixed point F on the principal axis. This point is 


(a) (b) 


Fig. 4:2: Focus (a) concave mirror, (b) convex mirror 


called the principal focus of the mirror. The distance PF of the principal 
focus from the pole of the mirror is known as the focal length ofthe mirror. In 
other words, 

Focus is the image point, real for concave mirror and virtual for convex mirror, 
of a point object situated at infinite distance from the mirror. 

Conversely, by the principle of reversibility of light path, the rays diverging 
from (in case of a concave mirror) or directed to (in case of a convex mirror) 
the principal focus, after suffering reflection at the mirror, become parallel to the 
principal axis. 

A plane passing through the principal focus and perpendicular to the principal 
axis of a spherical mirror is called the focal plane of the mirror. 

If a parallel beam of light travelling obliquely with the principal axis be inci- 
dent on a spherical mirror of small aperture, it either converges to [for concave 
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mirror ; Fig. 4'3 (a)] or appears to diverge from [for convex mirror; Fig 4:3 (b)| 
a point F' on the focal plane of the mirror. This point is called the secondary 
focus of the mirror. It is obtained by the point of intersection of one of the 
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AX 


Fig. 4:3: Secondary focus (a) concave mirror, (b) convex mirror 


rays (AC) of the incident parallel beam, which passes through the centre of curva- 
ture, with the focal plane of the mirror. All other rays after reflection either 
actually pass through or appear to diverge from this point. Obviously, the secon- 
dary focus is not a fixed point, its position depends on the obliquity ofthe incident 
beam. 


4:4, Sign Conventione, 


In geometrical optics, the distances are measured from a previously chosen 
origin. This origin may be the pole or the centre of curvature or any other 
suitable point on the principal axis. In this book we shall choose the pole to be 
the origin and adopt the following convention of signs, viz., 

Distances measured from the origin in the same direction as that of the inci- 
dent rays are negative and those measured in the opposite direction are positive. 


4'5, The relation between radius of curvature and focal length, 
Fig. 4'4 (a) and (b) show a ray OA travelling parallel to the principal axis, 
incident on a spherical surface, concave or convex j it gets reflected along AQ. 
C, F and P are respectively the centre of curvature, focus and pole of the respec- 
tive spherical surface. CA being the radius is normal to the surface at A. Hence 
at A the angle of incidence is equal to the angle of reflection, both being denoted, 
by 0. In Fig. (a) reflected ray AQ meets the axis at F; in Fig. (b) AQ when 
produced backwards meets the axis at F, 
Now in Fig. 4'4 (a): 
Since OA || XX', and AC meets them, 
LOAC=ZFCA=0 

In Fig. 4:4 (b): 

Since OA || XX’, and AC meets them, 
ZLOAN'=Z FCA=6. 


a 
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Since Z FAC is also equal to 8, hence in both figures, 
LFCA- £ FAC 4 FA=FC 
Since the aperture of the mirror is supposed to be small, FA is practically 
equal to FP. 


Fig. 44: Focus lies half-way between C and P 


FP==FC and hence CP=2FP 1 
ie, par" 7 E Ls ro (41) 
Equation (41) shows that when the aperture is small the focus of a spherical | 
mirror lies half-way between its pole and centre of curvature. F 


46. The mirror equation, 

A simple relation exists between the object distance, image distance and the 
focal length of a spherical mirror. ‘To derive this relationship let us suppose that 
O is a point object situated on the principal axis of a spherical mirror [Fig. 4°5 (a) 
and (b). The principal axis is normal to the mirror at P. Hence, a ray OP 


M 
AX 


= 


(a) (b) 
Fig 45: Mirror equation for (2) Concave mirror, (6) Convex mirror 


from O travelling along the principal axis after reflection from the mirror at P will 
retrace its path along PO. Another ray OA incident on the mirror at some point 
A will be reflected along AB. 

(a) Concave mirrer : In this case the reflected ray AB meets the first 
reflected ray PO ata point at O’ on the axis. Hence, Q' is the real image of.O. 
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Then taking the pole P as origin and applying sign convention, the object distance 
PO = +u, image distance PO'— + v, and the radius of curvature PC=+r. Since 
the radius CA is normal to the mirror at 4, we have from the laws of reflection 
4 04C- / O'4C. 
So CA bisects the /OAO’. We know that in a triangle, the bisector of 
the vertical angle divides the base in the ratio of the sides. Hence 


co _ 40 
To AO’ 


Now, A‘being supposed to be very near to P, we may write AO=PO, and 
AO'=PO' (approx.) 
CO. PO 
Therefore, we have CO Po’ 
or PO-PC _ PO u 
* PC—PO' PO r—y yv 
Or, uv—vyr—ur—uv 
or, ur+yr=2uv 
Dividing both sides by uvr, 
KATSO? 
Ux m eos Vas (4:2) 
(b) Convex mirror; In this case the reflected ray AB meets the first 
reflected ray PO at O' when both the rays are produced backwards. Thus 
O' is the virtual image of O. Here object distance PD — +u, image distance 
PO'=—y, and radius of curvature PC=—r. The straight line CAN’ being 
normal to the surface at A, we have, 
ZOAN'=ZBAN' 
Thus the line CAN’ bisects the / OAB. The line CAN’ is therefore the 
external bisector of the vertical /. O'AO of the A O'AO and hence would divide 
the base externally in the ratio of the sides. 


CO. X0 
tO” AO’ 


The aperture of the mirror being very small, A may be supposed to coincide 
with P. Hence AO=PO and — 40'—PO' (approx.), 
co PO 


CO' PO 

PO+PC PO u+(—r) u 
WM NOUSROT POS, apa cr 
op Sat 

r-v v 
Or, uvy—vr=ur—uy or, w+ur=2uy 


Dividing both sides by uvr, 


Dl 


12 
Y Wf (+3) 
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Thus, we arrive at the same equation for both concave and convex mirrors, 
viz., 
11-72 


z Ta A Me e. (44) 


Since from eqn. (41), r—2f, we get 
12:152 3 
via r f 
Equation (45) is called the mirror equation. The path of light rays being 
reversible if an object is placed at O' [Fig. 45 (a), virtual object for Fig. 45 
(b) ] its image will be produced at O. In other words, the pesitions of the object 
and its image are interchangeable or conjugate. Such a pair of interchangeable 
positions of object and its image are called conjugate foci. This fact is also 
evident from eqn. (4:5); if vy and u are interchanged, the form of the equation 
remains unchanged. Hence, eqn. (45) is also called conjugate foci relation of a 
spherical mirror. 
For plane mirrors r=% and hence v= —u i.e., the image is formed behind the 
mirror at a distance equal to that of the object from the mirror and the image is 
virtual. 


(45) 


47. The construction of the image of an extended object by ray diagram. 


The geometrical construction of the image of an extended object formed by a 
spherical mirror is illustrated in Fig. 46 (a) and (b). For simplicity the object 


(a) (b) 


Fig. 4:6: Geometrical construction of image : (a) Concave, (b) Convex mirror 


OQ is taken to be perpendicular to the principal axis. From. O, any two of the 
following three rays whose directions after reflection can be readily obtained are 
taken. 

(1) The ray OA drawn parallel to the principal axis, after reflection evidently 
passes through the focus F. 

(2) The ray OB directed through the centre of curvature C, after reflection 
retraces its path. 

(3) The ray OD directed through the focus F, after reflection takes up the 
direction parallel to the principal axis. 


P-I1/4 
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The point of intersection O' of any two of the reflected rays, stated above, gives 
the position of the image of O. In Fig. 4'6 (a), the reflected rays actually meet 
at O' while in Fig. 46 (b), they meet at O' when produced backwards. All 
other rays from O pass through [ or in Fig. 4°6 (b), appear to diverge from] the 
point O'. O'Q' drawn perpendicular to the principal axis, is the image of the 
object OQ. The diagram so obtained 1s called ray diagram. 


48. Linear Magnification. 


By linear magnification we mean the ratio of the size of the image to that of 


the object. Here size refers to only linear dimensions (i.e., length, breadth or 
height) and not to area or volume, 


(i) Concave mirror: In Fig. 47 
O'Q' isthe real image of an object OQ 
formed by the concave mirror MPM’. 
Since O' is the image of O, for the incident 
ray OP, the reflected ray PO' must pass 
through O’. Again, since the axis XP is 
normal to the mirror surface at P, 

LOPQ-— Z O'PQ'-0. 

Hence AOPQ and A O'PQ' are 

similar 


size of the image 
size of the object 


A O'0 POS Y: 
E OQ POSSA 
(i) Convex mirror: Yn Fig, 48, O'Q' is the virtual image of the object 
OQ formed by the convex mirror MPM'. 
Since O' is the virtual image of O, for 
the incident ray OP, the reflected ray PR 
must pass through O' when produced 
back. Evidently, A OPQ and A O'PQ' 
are similar. 
.. Linear magnification 
»s0p QPO V 
OO PQ u 
In general, for spherical mirrors, Fig. 4:8 


_ v image distance z 
m—-a object distance 3 ra e) 


<. Linear magnification m= 


It is to be remembered that in the above expression (eqn. 46) for magnifi- 
cation m, only numerical values of u and v are to be used, This is because 
we are interested only in the magnitude of m ie., how many timcs the image is 
magnified and not in the sign of m. 
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Expressiom for m in terms of f and u or v : 


(i) Concave mirror: For such mirrors, f is positive. Hence the mirrors 
equation remains the same, viz. 


A peces 
y u 
eA RR ete lon 
Pf wd TL E 
MEC ocn " 
So, m=} t i sf ae (47) 
EET 2 i E. As 48 
F (48) 


(ii) Convex mirror: Here f is negative. Hence we have from mirror 
equation, 


4:9, Relative positions of the object and its image. 

(A) From ray diagram. : 

(a) Concave mirrors: (i) Object at infinity—Rays from the foot Q of the 
object OQ move parallel to each other and also parallel to the principal axis and 
hence after reflection they meet at the focus F (Fig. 49). Rays from the top O 


Fig. 49: Object at infinity 


of the object also move parallel to each other but obliquely to the principal axis 
and hence after reflection they meet at the secondary focus F' on the focal plane. 
‘Thus the image produced lies on the focal plane, It is real, inverted, and dimi- 
nished in size. 

(ii) Object lying between infinity and C—This situation is represented in Fig. 
4-6 (a). The image O'Q' lies between focus F and the centre of curvature C. It 
is real, inverted and diminished in size, 
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(iii) Object at C—As shown in Fig. 410, if the object OQ is situated at the 
centre of curvature C, its image O’Q’ if also formed at C, i.¢., in this case the 
object and its image coincide. The image is real, inverted and is of the same size 
as that of the object. 


Fig. 4:10: Object at C Fig. 4:11; Object between Fand C 

(iv) Object between F and C—When the object OQ lics between the focus F 
and the centre of curvature C, its image lies between C and infinity i. c., the 
image is formed beyond C [Fig. 4:11]. 
magnified. 

(vy) Object at F—In this case, rays from the foot Q of the object OQ after 
reflection become parallel to the principal 
axis. A ray OA from the top O, which 
is incident normally on the mirror surface 
after reflection passes through the centre of 
curvature C (Fig. 412). All other rays 
from O, after reflection become parallel to 
this ray. The parallel reflected rays may be 
assumed to meet at infinity. ‘Thus the image 
is formed at infinity and it is real, inverted 
and infinitely magnified. 

Fig. 412; | Object at F (vi) Object between pole and F—Rays 
from the top O of the object OQ after reflection form a diverging beam 
[Fig. 4°13]. When produced 
backwards, they meet at O' 
behind the mirror. Hence 
the image O'Q' lies behind 
the mirror and it is virtual. 
erect and magnified. 

(b) Convex mirror : 
As shown in Fig. 46 (b) in 
case of convex mirrors, the 
image O'Q’ always lies 
behind the mirror i.e., the 
image is virtual, erect and 
diminished in size. As the object OQ is moved from infinity to the 
pole of the mirror, the image moves from the focus F to the 


The image is real, inverted and 


Fig. 413: Object between pole and F 
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pole and the size of the image increases from an extremely dimished one to that of 
the object. 


‘The above discussions are summarized in the following table : 


Position of Position of Nature of Size of the 
the object the image the image image w.r.t 
object 


At infinity At F Real, inverted Diminished 


Between Between F 
inf. and C and C 


At C At C ; Some size 


Concave Between C Between | Magnified 


and F C and inf. 


At F At infinity Infinitely 
magnified 


Between F Behind the Virtual, erect agnified 
and pole mirror between 
inf. and pole 


At infinity At F Virtual, erect Diminished 


Between Between F 
inf: and pole and pole 


» ” 


Conclusions; For reflection by spherical mirrors, when the object is real : 


(1) A real image always forms in front of the mirror i.e., in the same side a: 
that of the object. 


(2) A virtual image always forms behind the mirror i.e., in the side opposit: 
to that of the object. 


(3) A real image is always inverted whereas a virtual image is always erect. 
(B) From mirror equation. 


(a) Concave mirrors; For concave mirrors, f is positive. Hence the 
mirror eqn. remains the same, viz. 


i oss pee 

WO e ES 
(i) when u=«, i.e, when the object lies at infinity, 
or, v=f 


which means that the image lies at the focus in front of the mirror. Hence the 
image is real and inverted. Also u being infinitely large compared to v, mK] i.e., 
the image is extremely-diminished in size. 
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(ii) and (iii) when u=r=2f i.e., when the object lies at the centre of 
curvature, ; 

Thus the image is also formed at the centre of curvature. Hence the image is 
real and inverted. Again m= =I i e., the image is of the same size as that of 
the object. 


Thus as the object moves towards the mirror from cc to the centre of curvature 
(cc >u>2f), the image also moves away from the mirror from focus towards the 
centre of curvature ( f<v<2f). Obviously, the image always remains real and 
inverted. Also since u>2f, we have from eqn. (47), m« ie, the image is 
diminished in size. 


(iv) and (v) when u=f ie., when the object lies at the focus, 


var 2f 


1 1 1 
Lr od xm Or, yz 


which means that the image is formed at infinity in front of the mirror. Hence 
the image is real and inverted. Also in this case, m= oc i.e., the image is extre- 
mely magnified. 


As the object moves towards the mirror from the centre of curvature to the 
focus (2f>u>/f), the image moves away from the mirror, from centre of curva- 
ture towards infinity (2f<v<oc). Within this limit the image always remains real 
and inverted. Also in this case, since u lies between f and 2f, let u=f+x, where 
x is a positive quantity less than f. Hence, from eqn. (47), 


yen Df J : 
m= =L 4^ m»l 
(ftx)-f x 
ie, the image is magnified. 
(vi) when u<f i.e., when the object lies between the mirror and its focus, 
then 


1 1 
Se 27 
Hence l=} 1 =a negative quantity. 
vf u : 
^. vis negative, i.e., the image in this case lies behind the mirror and hence 
it is virtual and erect. Also since y< f let f=u+x where x is a positive 
quantity less than f. 


re mr T [ neglecting the — ve sign ] 


^4 m»l 
ie, the image is magnified. 
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(b) Convex mirrors: For convex mirrors f is negative. Hence we have 
from mirror eqn. 


y u 


1 1 1 
o 77-7) 

Hence, for any positive value of t, v is negative, i.e., for any position of the 
object in front of the mirror, the image is formed behind the mirror. Thus, the 
image is always virtual and erect. Also for any positive value of u, we have from 
eqn. (49), m<1, i.e., the image is diminished in size. 


4:10. Image of a virtual object. 


In the adjoining figures 4:14 (a) and (b), a convergent beam of light is incident 
on a spherical mirror, concave or convex. Q, the point of convergence ofthe 
beam, lies beyond the mirror. This point O serves asa virtual object for the 


(b) 
Fig. 414: Image of a virtual object 


After reflection at the mirror, the beam converges to the point O'. O' is, 
therefore, the image point corresponding to the virtual object point O. The 
position of O’ can be obtained graphically or by applying the mirror equation. 
Care should be taken to note that in 
this case the virtual object distance, 
PO, is negative. 

Formation of the image of a virtual 
objectcan be easily understood by 
applying the principle of riversibility 
oflight path to the figures 4-13 for a 
concave mirror aud 4*6 (b) for a 
convex one. y 

It should be noted that only in M 
sucha case, a convex mirror may Fig. 415 
form a real image. If, however, the 
virtual object distance PO is greater than the focal length of the convex 
mirror, the image will again be virtual [ Fig. 415 ]. 
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Fora concave mirror, the image of a virtual object is always real and lies 
between the focus and the pole. 


4'11. Spherical aberration and its remedy; Parabolic mirror. 


As stated earlier, the mirror equation connecting object and image distances, 
focallength and radius of curvature ofthe mirror, has been derived on the 
assumption that all rays are paraxial. Obviously this meansthat the aperture of 
the mirror is very small compared to its radius of curvature. This assumption 
becomes increasingly invalid as the rays inclined more and more to the axis arc 
considered. Non-paraxial rays from a point object on the axis do not, in general. 
meet at a single point after reflection from a spherical mirror as predicted by the 
mirror equation. As a result, the image formed by these rays is less sharply 
defined. Further the object is usually of finite size with some portions lying far 
off from the axis. The images of the different portions do not lie in a single plane 
as obtained from mirror equation. The departure. of an actual image from that 
predicted by the mirror equation are called aberrations. 


There are various types of aberrations depending upon their causes, namely, 
spherical aberration, astigmatism, coma, curvature and distortion. These are 
called monochromatic aberrations. since 
these defects exist even for monochromatic 
light. Of these, we shall discuss only 
spherical aberration for our present pur- 
pose. For simplicity, we shall consider 
incident rays parallel to the principal 

'The phenomenon of spherical aberra- 
tion is illustrated in Fig. 4:16. The 
aperture of the mirror is sufficiently large 

Fig. 4:16: Spherical aberration to receive the rays far off from the 
principal axis. It is seen, either practically or by actual drawing, that the rays 
near to the axis are reflected to meet at the focus F, as predicted by the mirror 
equation. The rays incident on the mirror near its rim, however, after reflection 
meet at F’, closer to the mirror. Rays incident at intermediate zones of the 
mirror, after reflection, meet between F and F’. This means that as the aperture 
of the mirror increases the image of a point object lying at infinity becomes less 
and less sharply defined. This phenomenon is known as spherical aberration. 
The term ‘spherical’ owes its origin to the shape of the reflecting surfaces used. 
The phenomenon is also present for objects other than at infinity. 


In fact, the reflected rays intersect on a surface which culminates in a cusp at 
F. The trace of this surface in the plane of the paper is called caustic curve. A 
caustic curve can be easily seen in a cup nearly filled with a liquid. When the 
inner surface of the cup is illuminated obliquely by light from a strong source; 
the side of the cup acts as a curved mirror and the caustic curve becomes clearly 
visible on the liquid surface. 
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To minimize the spherical aberration an opaque plate with small central hole, 
called stop, should be placed in front of the 
mirror so that the effective aperture of the 
mirror becomes small [Fig. 417]. This 
improves the sharpness of the image, but 
at the same time a loss in brightness of 
the image occurs, since aconsiderable fraction 
of the incident light is cut off by the stop. 


For a sharp, spherical aberration free 
image ofa distant object, it is best to use 
a parabolic mirror ie, a mirror whose 
reflecting surface is generated by rotating a Fig. 417: Use of stop 
parabola about its axis (Fig. 418). This is because of the geometrical property 
ofa parabola ; if OA is a line parallel to 


m the axis, the lines OA and FA are equally 

inclined to the normalat 4, F being the 

(0) focus of the parabola. This means that 

all rays parallel to the axis will be reflected 

x P F towards F, and conversely, that all rays 


diverging from a source at F will be 
reflected parallel to the axis. Obviously, 
i, this property does not depend on the size 
M of the aperture of the mirror. 
Fig. 418 : Parabolic mirror 


4:12. Uses of curved mirrors. 


Parabolic mirrors are used in the headlights of motor cars. When the filament 
of a lamp is placed at the focus of such a mirror, the reflected rays form a parallel 


beam. ‘The search light mirrors and the big reflectors of astronomical telescopes 
are-other applications of this type of mirror. 


For use as a shaving mirror, à concave mirror is preferred to a plane mirror, 
since the former produces a virtual, 
erect and magnified image when held 
in front of the face at a distance less 
than it$ focal length. 


n. riELD oF VIEW 
A convex mirror forms 2 virtual Je EY 
diminished image of an object placed e h , 


anywhere in front of it. But due to its QT p 
large field of view (Fig. 419) it is 
advantageously used as a driving 
mirror. When fitted in front of the 
driver, all objects. behind the car are visible in mirror. 


Fig. 419: Driving mirror 
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413. Simple identification of mirrors. 


We know that a plane mirror always produces an erect virtual image of the 
same size as that of the object, while a convex mirror always produces an erect 
and diminished virtual image. A concave mirror, however, forms an erect but 
magnified virtual image if the object is placed within the focus of the mirror. 

These facts can be utilised to identify the nature ofa mirror. To do so, an 
object, say a pen, is held very close tothe mirror and its image is viewed. "The 
mirror can be easily identified from the nature of the image, as discussed before. 
The facts are summarised below in a tabular form : 


Type of mirror 


Plane 
Convex 
Concave 


Nature of image . 
Erect, same size as object 
Erect, diminished 
Erect, magnified 


4:14, How to solve problems ? 
[A] By ray tracing on graph paper, 


The problems of locating images of extended objects due to reflection at 
spherical mirrors can be solved by drawing ray diagrams on graph paper. The 
method is essentially the same as described in Art. 47 except for the use of graph 
paper for correct measurement of the image distance and the size of the image. 
For convenience, we shall illustrate the method by solving the following problem : 

An object 4 cm in length, is placed in front of a concave mirror of focal length 
12 cm at distances (a) 36 cm and (b) 6 cm from it. Find the position size and 
magnification of the image in each case. 

Inthe problem the radius of curvature ofthe mirror being twice the focal 
length is equal to 12x 2—24 cm. On the graph paper a suilable point C is 
chosen as the centre of curvature [ Fig. 4:20 (a) and (b) ]. 


Fig. 420 (a) 
Taking 1 smallest division on the graph paper equal to | cm as unit, an arc 
M' of radius. 24 smallest divisions is drawn with C as centre. Then MM’ 
represents the mirror. The horizontal line Y X" through C serves as the principal 


is which cuts MM’ at P, the pole of the mirror, The foc i 
ipal axi ing PF . us F ked on th 
cipal axis by taking PF—12 smallest divisions. M cee 
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(a) The point Q is marked so that PQ=36 smallest divisions [Fig. 4:20 (a)]. 
Thus Q represents the position of the object. OQ drawn perpendicular to the 
principal axis having length 4 divisions represents the object itself. To construct the 
image, two rays from O are then chosen. The first ray OA drawn parallel to the 
principal axis, after reflection passes through F while the second ray OD directed 
through F, after reflection becomes parallel to the principal axis. The two reflected 
rays intersect at O', which is the real image of O. Q'Q' drawn perpendicular to 
the principal axis represents the real image of the object OQ. 

From the diagram, it is seen that the image distance PQ’=18 diisionse 
18 cm and size of the image Qo'Q'—2 divisions=2 cm. Hence magnification 
a OG tet 

= 96 iF 

(b) In this case, the object is 6 cm away from the mirror. OQ is the object 

with PQ=6 divisions and QQ —4 divisions [ Fig. 4:20 (b) ]. Two rays are then 


Fig. 420 (b) 


drawn from Q—the first one QA parallel to the principal axis which after 
reflection goes through F and the other OB drawn perpendicular to the mirror 
surface, after reflection passes through C. The two reflected rays when produced 
backwards meet at O' which is the virtual image of O. O'Q' drawn perpendi- 
cular to the principal axis constitutes the virtual image of OQ formed behind 
the mirror. 

From the diagram, image distance PQ'—12 divisions=12 cm and size of the 
image O'Q'—8 divisions=8 cm. Hence in this case the magnification 


[B] By numerical method. 

In order to solve problems on spherical mirrors numerically, the general rules 
to be followed are summarized below : 

(1) Data given in the problem are to be recorded with proper signs. 

(2) Inthe mirror equation, the data (i. e., the numerical values of u, V, r 
or f ) should be substituted with proper signs. The sign of the distance whose 
numerical value is not given should never be changed in the relevant equation, 
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(3) Afer solving the problem, correct conclusion should be drawn from the 
sign of the distance to be calculated. 

The conclusions are to be made according to the following rules : 

(i) Positive focal length means that the mirror is concave. 


(ii) Positive image distance means that the image is formed in front of the 
mirror and it is real and inverted. The negative image distance means that the 
image is formed behind the mirror and it is virtual and erect. 

Example 4-1. An object 5 cm high is placed on the axis of a spherical 
mirror of radius of curvature 20 cm at a distance 30 cm from the mirror. Find 
the position, size and nature of the image when the mirror is (a) concave 
(b) convex. 


Solution ; (a) When the mirror is concave 
=} =+ =+10 cem; u= 4-30 cm 


From the mirror eqn., we have, 
LM ee 
v *80 10 
Hence the image is formed at a distance of 15 cm in front of the mirror i.e. 
the image is real and inverted. Again 

Lin faon mat to! 

ear magnification m vow 

Size of the imagem x size of the object={ x 5—2:5 cm 

(b) When the mirror is.convex 


f- =-F=-10 cm ; u=+30cm 


or, v=15 cm 


rote oh y=—7°5 cm 


Hence the image is formed at a distance of 7°5 cm behind the mirror i.e., the 
image is virtual and erect. Again, 


rey AG ABA 
= — 
Size of the image=} x 5—1:5 cm, 
[N. B. Students are also advised to solve this problem graphically. } 


Example 4:2. At what distance from the face a shaving mirror of focal 


length 15 cm should be placed so as to obtain an erect image of the face 3 times 
magnified ? 


Solution: Since a shaving mirror is concave, f=+15 cm. 
Also since the image is erect, it must he virtual. Therefore y must be —ve, 


Now mes =3 a y-—3u 
u 


From mirro og Zl dl ( = 
r eqn Baty 5 or, u=+10 cm 


Hence the mirror should be placed at a distance of 10 cm from the face. 
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Example 4:3. An image produced by a convex mirror of focal length f is 
E th of the size of the object. Show that the object distance is (p—1) f 


Solution : For convex mirror both v and fare —ve. Also, here 


SS. JU. a or, y=% 
a. 2 P i 
i E yee 2 we(p 
From mirror eqn. — -t 3 f so u-(p-l)f 


Hence proved. 


Example 44, An object is situated at a distance of 15 cm from a mirror 
which produces its image at a distance of 45 cm on the same side as the object. 
Is the mirror concave or convex ? Find its focal length. 


Solution: Here u=+15 cm and v=+45 cm 
1 I EM a v f 
i gs or, f=+11-25 cm 
Hence the mirror is concave having focal length 11-25 cm. 
Example 4:5. The focal length of a concave mirror is f and the distance from 
the object to the principal focus is p. What is the ratio of the size of the image to 
the size of the object? 


Solution: By question, u—( f+p ). For concave mirror both u and f are 
positive. Then, from mirror eqn. 


From mirror eqn., 


dosi seva vU Wee i 
RE ^Y (RR) f 
Ta ls AE E S anni SII 

cies AS TC, MESE 
size of the image |. Y AERE 


Size ofthe objet u (ftp) P 


Example 4:6. A 3 times magnified image of a candle flame should be cast 
on a screen at a distance of 40 cm from the flame with the help of a mirror. 
Find the position, nature and the focal length of the mirror. 

Solution: Since the image is cast on the screen, it must be real. Hence v 
is +e. 

m=— =3 sS v=3u 
u 


Again by question, y—u=40 cm 
or, 3u—u=40 cm or, u—20 cm 
and, v=3u=60 cm 
2 1 1 1 
Now, from mirror eqn. gy t3); or, f=+15 cm 
Hence mirror should be concave having focal length 15 cm and should be 
placed ata distance of 60 cm from the screen or 20 cm from the flame the 
flame being placed between the mirror and the screen, 
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Example 4:7. A concave anda convex mirror of radii of curvatures 15 and 
25 cm respectively are placed 35 cm apart facing each other. An object of 
length 3 cm is placed in between them perpendicularly on their common axis at 
a distance of 10 cm from the concave mirror. Find the position, nature and size 
of the final image if the reflection first takes place in the concave mirrror and then 
in the convex mirror. 

Solution: Here, the image produced by the concave mirror acts as the 
object for the convex mirror. 


Now, for concave mirror, 4 =+10cm and r=+15 cm 


iui 8 
Y 10. Ik 


Hence the image is formed 30 cm in front of the concave mirror i.e., image 
is real and inverted. 


From mirror eqn, or, v=+30cm 


Also, m= 2-57 <. size of the image=3 x 3=9 cm 
Now, for convex mirror, u—35—30—5 cm (+ve) 
and r=—25 cm 
;. From mirror eqn., Lyi =- or, v=— 2? = 3:57 cm 
Hence the final image lies 3:57 cm behind the convex mirror and it is virtual and 
erect w.r.t. the intermediate image i.e., the final image is inverted w.r.t, the object. 
3°57 5 
E. 
Size of the final image—$ x size of the intermediate image 
"=x 9=6:43 cm. 

Example 48. A plane mirror is placed 22:5 cm in front of a concave mirror 
of focal length 10 cm. Find where an object be placed between the two mirrors so 
that the first two images coincide. 

Solution : In the adjoining Fig., F is the focus of the concave mirror M,. O is 

the position of the object. J is the position 
' of the image due to reflection at plane mirror 

M; which, by question, is also the position of the 
image due to reflection at the concave mirror. 

By question, PQ —22:5 cm 

Let PO=x cm. Then OQ=(22°5—x) cm 
and QI—OQ. 

PI-PQ--QI—22:54-(22:5—x) 
=(45—x) cm 

For reflection at the concave mirror. u=PO=x cm, v=PI=(45—x) cm 
and f=10 cm (given). 

From mirror eqn. 

1 1 
x x 10 
; lying we x=15cem or 30cm. 


Also m= 
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The distance between the two mirrors being 22:5 cm, the solution x=30 cm 
is inadmissible, since in that case the object will be behind the plane mirror and 
no image of it can be formed due to reflection at plane mirror. Hence the object 
must be placed between the two mirrors 15 cm away from the concave one. 


Example 4:9. A rectangular object of size 4 cmx2 cm is placed 15 cm 
away from a concave mirror of focal length 10 cm with its plane perpendicular 
to the principal axis. Find the position and size of the image. 


Solution: Here u=+15 cm and f=+10 cm. 
From mirror eqn, + +5 =y SS v=30 cm. 
Hence the image lies 30 cm in front of the mirror. 
» 30 


Also, Meo Sarg xy 


Length of the image-—4x2—8 cm and breadth of the image—2 x2 
=4 cm. 
^. Size ofthe image=8 cm x 4 cm. 
Example 4:10. The sun subtends an angle of (4)° at the pole of a concave 
mirror having radius of curvature 10 m. Find the size of the image of the sun. 


SM MIRACULI : 
Solution : (2) = sce 3s adn 


" : á b 
Let D be the diameter of the sun situated at a distance u from the mirror, both 


D and u being measured in metre. 


; . Aabco os Dom h ..360D \ 
The angle in radian Bo ae 25d s u= Are 

Again, the rays coming from the sun being parallel, its image will be formed 
at the focal plane of the mirror. 


y=f=—ip=5 metre. A me — UD 


Size (i.e. diameter) of the image— s xX? 


Sa at 
= 360 metre=4°36 cm. 


Example 411. A converging beam of light is incident on a convex mirror of 


focal length 10 cm placed at a distance of 30 cm from the point of convergence . 


of the beam. Find the position and the nature of the image. 

Solution : Here the point of convergence of the incident beam serves as the 
virtual object which lies behind the mirror. 

Hence u=—30 cm and f——10 cm. 


1 1 1 

i fe =—15 cm. 
From mirror eqn., »'-—30 =10} or, Y 

Hence, the image lies at a distance of 15 cm behind the mirror and it is 


virtual. 
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@ EXERCISE 9 
[A] Essay type questions 


1, Define principal focus, centre of curvature and radius of curvature of a concave mirror. 
How is radius of curvature of a concave mirror related to its focal length ? 

2. Distinguish between a real image and a virtual image. Explain how concave mirror 
can give either kind of image. Illustrate each case by a ray diagram. 

3. Define the focal plane and the secondary focus of a spherical reflecting surface. Prove 
the mirror equation for a convex mirror. 

4. What do you mean by conjugate foci ? Prove the conjugate foci relation for a concave 
mirror. Hence locate the image formed by a plane mirror. 

Also show that as an object moves towards a concave mirror from infinity to the centre of 
curvature, the image moves away from the mirror from focus towards the centre of curvature. 

5. Explain how can you graphically obtain the image of an extended object formed by a 
(i) concave and (ii) a convex mirror ? 

What do you mean by a virtual object ? Show how its image is formed by a spherical 
mirror. 

6. How do you define linear magnification? Obtain an expression of it in terms of u and 
f for a concave mirror. 

7. (a) Ifan object is placed on the axis of a concave mirror between its principal focus 
and the centre of curvature, indicate the position of the image with the help of a ray diagram. 

(b) Derive an expression for the linear magnification of an image formed by a spherical 


mirror. [H. S.'80] 
8. (a) Deducethe relation connecting focallength, object distance and image distance 
for a concave mirror. [ H. S. 7881783] 
(b) Mention some applications of a spherical mirror. [ H. S. '79] 


9. How could you obtain by reflection of light (i) a real enlarged image, (ii) a real 
diminished image, (iii) a virtual image of the same size (iv) a virtual enlarged image (v) a 
virtual diminished image ? Draw diagrams showing how the image is formed in each case. 

10. Let r be the radius of curvature and f be the focal length ofa concave mirror. Five 
possible object positions are (1) ur, (2) ur, (3) f<u <r, (4) uf. (5) 0cuc f. Which 
ones of these five positions give (a) an inverted diminished image ? (b) an inverted enlarged 
image? (c) an inverted image equal in size to the object ? (d) ap image at infinity ? (e) an 
erect image equal in size to the object ? (f) an erect enlarged image ? (g) a real image ? 

11. A concave mirror is used to form an image of an object pin. Where must the object 
be placed in order that (a) an upright, enlarged image, (b)an image of the same size as the 
object may be produced ? 

12. Describe the effect produced when a parallel beam of light falls on a concave mirrot 
of considerable extent. State the condition necessary in this case for the beam to come to à 
point focus. What would happen if the mirror be parabolic ? 

13. What is spherical aberration ? How do you minimize this aberration ? 

Does a convex mirror ever form (i) an inverted image (ii) a real image ? Explain, 

14. A distant object is brought towards a concave mirror. Describe the changes in the 
size of the image as the object distance varies from infinity to zero, 
[B] Short answer type questions 

1. Defiae: aperture, pole, principal axis and principal section for spherical mirrors. 

2. Define a concave and a convex reflecting surface. 

3. Two concave spherical mirrors possess equal focal lengths but different apertures. Which 
mirror will form the hotter image of the sun? Why ? 


4. Comment on the previous question when mirrors have equal apertures but different 
focal lengths. 

5. Concave mirrors are sometimes used instead of plane mirrors as looking glasses. 
Explain 


a 
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6. Is the secondary focus of a concave mirror a fixed point ? Explain. 
7. What is the magnification of an object which lies at the focus of a concave mirror ? 
8. Explain how you would determine whether a mirror is plane, concave or convex. 
. Give two reasons why convex mirrors are frequently used as driving mirrors, 
10. Which types of mirrors are preferred in the following cases : 
(a) mirrors for the head lights of motor cars (b) search light mirrors (c) shaving mirrors 
and (d) driving mirrors ? 
11, A concave mirror forms a real image of an object. Will the position of the image 
change if both the object and the mirror are immersed in water ? 
[C] Simple Problems 
1. An object is placed 30 cm in front of a convex mirror of radius of curvature 40 cm. 
(a) Find the position and nature of the image, (6) Solve the problem if the mirror is concave, 
[ Ans. (a) 12 cm behind the mirror ; virtual, erect. (b) 60 cm in front of the mirror, 
real, inverted, } 
2. Anobject of length 5 cm is located perpendicular to the axis of a convex mirror of 
focal length 30 cm ata distance 15cm from its pole. Find the position, nature and the 
length of the image. [ Ans. 10 cm behind the mirror ; virtual, erect ; 3:33 cm } 
3. An object is placed ata distance of 60 cm from a convex mirror. Its image is onc- 
quarter of the size of the object. Find the radius of curvature of the mirror. — [ Ans, 40 cm] 
4. An object 5 cm long is placed 30 cm in front of a concave mirror of radius of curva- 
‘ture 80 cm. Find the position, nature and the size of the image. 
[ Ans. 120 cm behind the mirror ; virtual, erect ; 20 cm ] 
5. Inthe above example if the observer's eye is 130 cm from the mirror, what is the least 
diameter of the mirror necessary for the whole image to be visible at once ? [Ans. 10-4 cm] 
6. Findthe radius of curvature of a shaving mirror which should be placed 20 cm in front 
of the face to produce an erect image 2 times magnified. [ Ans, 80cm] 
7. An object is placed at a distance of 120 cm from a concave mirror. Its image is one- 
third the size of the object. Find the position of the image, the focal length of the mirror, 
and its radius of curvature. { Ans. 40cm ; 30cm ; 60 cm} 
8. Suppose that you wish to look at an image of your eye magnified 3 times and you are 
provided with a concave mirror of radius of curvature 30cm. Where will you place the 
mirror ? { Ans. 10cm irom the cye] 
9. Aconcave mirror forms a doubly magnified virtual jimage of an object placed 10 cm 
away from the mirror. Ifthe object is kept at a distance of 30 cm-from the mirror, where 
would the image be formed ? What will be the size and the nature of the image ? — [H.S. '79) 
( Ans, 60 cm, doubly magnified, real, inverted ) 
10. A spherical mirror is placed against the wallofaroom 25 ft long. An illuminated 
object is placed 1 ft in front of the mirror, What should be the type and focal length of the 
mirror in order that an image of the object may be formed on the opposite wall? Discuss 
the nature of the image in this case ? [ Jt. Entrance '74 } 
( Ans. Concave, 25/26 ft, real, inverted, 25 times magnified ) 
11. At what distance from a concave mirror must an object be placed so that the linear 


» b 


size of the image is half that of the objèct. (Ans. 3f] 
12. Find the magnification produced when an object is placed in front of a concave 
mirror half-way between the pole and the focus. [4ns. 2] 


13. A source of light is at first 80 cm froma concave mirror and is then moved up toa 
distance of 30 cm from the mirror. How much does the image move, if the radius of curva- 
ture of the mirror is 40 cm ? [ Ans, 33:33 cm] 


14. An object is 30 cm in front of a concave mirror of 15 cm focal length. Where is the 
image formed ? If the object moves through a small distance d away from the mirror, through 


what distance will the image move? {{ Aus. 30 cm; G +5) towards the mirror } 
P II/5 a 


© 
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15. A knitting needle of length 12 cm is held horizontally along the axis of a (a)! conawe 
(b) convex mirror of focal length 6cm with its nearer end 24cm fromthe mirror. Find 
the length of the image in each case. [ Ans. (a) 0:8 cm (b) 0:34 cma J 

16, Show that for spherical mirrors the product of the distances of the object and the 
image from the principal focus is always equal to the square of the focal length. 

17. The focal length’ of a concave mirror is f and the object distance from the principal 
focus is x. What is the magnification produced by the mirror ? [ Ans. ffae 

18. Prove that for spherical mirrors, if tlie object is m focal lengths to the right of the 
focus, the image will be 1/nth of a focal length to the right of the focus and the magnificatic»xa 
will be 1/n th. 

19. An object 3 cm long is placed 24 cm from; a spherical mirror. Areal image às 
formed 8 cm from the mirror. Find (a) the fozal length and nature of the mirror (b) the size 
of the image. (Ans. (a) 6cm ; concave (b) 1 coa J 

20. If you wish to cast the image of a candle flame, magnified 4 times, upoa a wall 9 £ft 
distant from the flame, what kind of spherical mirror you need ? Find its position and focal 
length. 4 { Ans. concave; 3 ft from flame; 24 ft J 

21. A millimetre scale is placed at right angles to the axis of a convex mirror of radius f 

curvature 20cm. The scale is 30 cm away frem the mirror, Find the position of the image 
of the scale, What is the size of the divisions of the image ? 
[ Ans. 7:5 cm behind the mirror ; 0:25 maaan 1 

22. A concave mirror of focal length 12 cm forms a real image 3 times the size of a siven 
object, Find the relative position of the mirror w. r. t. the object and the image. With the 
same mirror and object can any other position be obtained to give an image of the same size 
as before ? [ Ans. 16cm; 48 cm; again when u=8 cxx 3 

23. At what distance from a concave mirror of focal length f should an object be pacedi 
80 as to obtain an image n times magnified ? à 

(Ans. (n4-1) fln for real image ; (n—1) fin for virtual images. J 

24, A concave mirror has a, focal length 40 cm. Find two positions at which an object 
may be placed so that a four times magnified image is obtained. Also determine the positi «c» xa 
and the nature of the image in each case, { Ans. 50cm and 30cm from the mirror ; real 
image 200 cm infront of the mirror and virtual image 120 cm behind the mirror, ] 

25. A beam of light is converging through a point on the principal axis of a OMA Ve 
mirror and 18in behind it. Draw a diagram showing the paths of the rays of this COnVOr£3 3 
beam after reflection at the concave mirror and determine, either graphically or by calculaticy 
to what point the light will converge, the radius of curvature of the mirror being 24 in. 

(London) { Ans. 7:2 inch in front of the mirrc»g- 

26. The interior of a hollow metal sphere is polished to serve asa mirror. Ata point | = 

' em from the centre of the spliere of radius 24 cm, a point source of light is placed. Locate 
its image formed by twof successive reflections, the first reflection taking place at the (a) far 
wall (b) near wall. [ Ans. (a) 20 cm from the near wall (b) 12 cm from the far walt 1 

27. A planet subtends an angle of 1 min at the pole of a concave mirror. The mirror forens 
an image of diameter 3-14 mm. Find the radius of curvature of the mirror. [Ans. 21°6 metrey 

28. Calculate the position and diameter of the image of the moon in a polished sphere <, 


XR. 


3 f 
diameter 40 cm. The diameter of the moon is 2000 miles and its distance from the eartka. is 


240,000 miles. [ Ans. 10 cm inside sphere, 0'83 m, 3 


[D] Harder Problems 


1, An image produced by a concave mirror is one-fourth the size of the object. If & 
object is moved 10cm towards the mirror, its image will be only half the size of the obj 
‘ocal' length of the mirror. [ Ans. 5 an 
proa e e mirror forms on a screen a three times magnified real image of an obj 
a bject and the screen are moved until the image is four times magnified. If the Sha gc 
eee vw ka be 20 cm, calculate the shift of the object and the focal length of the! mirror. 
o 3 > 


[ Ans. 1:67 cm ; 20 cep 1 


| 
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3. An object is placed in front of a convex mirror at a distance of 50cm. A plane mirror 
is introduced covering the lower half of the convex mirror. If the distance between the 
object and the plane mirror is 30 cm, it is found that there is no parallax between the images 
formed by the two mirrors. What is the radius of curvature of the convex mirror ? 

[ Ans. 25cm] (7. 1. T. 1973) 

4, A concave and a convex spherical mirror 'are placed with their reflecting surfaces facing 
each other at a distance of 10cm. The radius or curvature ‘of each of the mirrors is 10 cm. 
An object 1 cm long is placed perpendicularly to the axis of the mirrors at ja distance of 6 cm 
from the concave mirror. Find the position, nature and size of the image formed after 
two reflections, the first reflection being by (a) the jconcave [mirror (b) the convex mirror. 

[ Ans. (a) 6°67 cm behind the convex mirror; virtual and erect ; 1:67 cm (b) 8:46 cm 

in front of the concave mirror ; real and inverted ; 0:38 cm] 

5. A point luminous source P is placed on the principal axis of a concave mirror of radius 
of curvature 1 m at a distance of75 cm from its pole. At what distance from the concave 
mitrot should a plane mirror be set so that the rays from P, after reflection from the concave 
mirror and then from the plane mirror, again converge at the point P? Does the point of 
corivergence of the rays change if they are first reflected at the plane mirror and then at the 
concáve mirror ? [ Ans. 1125cm; No] 

6. A very thin plane glass plate is put in front of a convex mirrorlof focal length 15 cm. 
A point object is so placed on the principal axis of the mirror that its image formed by 
reflection at the front surface of the plate coincides with that formed by the convex mirror. If 
the distance between the plate and the mirror be 10 cm, findthe distance between the object 
and the plate. . [ Ans. 20cm] 

7. A convex mirror of radius of curvature 70 cm and a plane mirror are placed facing 
each other. The distance between them is 28 cm. A point object is put [midway between 
them on the principal axis of the mirror. Two images of the object are seen in the plane mirror, 
Find their distances from the plane mirror. [ Ans. 14 cm and 38 cm behind the plane mirror ] 

8. Two mirrors, one concave and the other convex, are placed coaxially with their reflect- 
ing surfaces facing eachother. Their radii of curvature are equal, say R, and the distance 
between them is 2R. A point object is placed on the axis in such a way that it coincides with 
its image formed by two reflections, the first reflection being by the convex mirror. Determine 
the position of the object. 

Where will be the image formed if the first reflection takes place at the concave] mirror ? 

[ Ans. R+ 43)/2 from the convex mirror ; at the same place. } 

9. A luminous point P is inside a circle. A ray emanates from P and after two reflections 
by the circle, returns to P. If 0 be the angle of incidence, ‘a’ the distance of P from the centre 
of the circle and ‘b’ the distance of the centre from the point where the ray in its course 
erosses the diameter through P, prove that 

= a— 
tan 0 ab 5 

10. Two spherical mirrors—one convex and the other concave, are each of the same radius 
r. They are arranged coaxially at a distance 2r from each other. A small circle of radius a 
isdrawn on the convex mirror near the pole. Prove that -the radii of the first two images 
are a/3 and a/11. 

11. A beam of light emanating from a point O on the principal axis of a concave mirror 
ofradius of curvature 6 cm is reflected by itonto a small mirror M situated on the said 
axis. After reflection from M, the beam converges to the pole P of the concave mirror. If 


OP=9 cm, MP=3 cm, determine the nature of the small mirror M. 
[ Ans. Convex, focal length=3 cm ] 


12. The size of the image of the moon as formed by a concave mirror is proportional to 
R» where R is the radius of curvature of the moon. Calculate the value of n, 


; 5 REFRACTION 
CHAPTER 


5'1. Refraction. 


Whena ray of light travelling in one homogeneous medium falls obliquely oxx 
the surface of a second medium, then as it enters the second medium, it 
undergoes an abrupt change in direction. This 


phenomenon is known as refraction of lighe 
P and the ray in the second medium is said to be 
ENS WENN GE the refracted ray. The surface at which retrac— 


tion takes place is called the refractins> 
surface. Referred to Fig. 5:1 the angle (£j) 
SURFACE OF which the incident ray PO makes with the 


LÀ SEPARATION normal NON’ to the refracting surface, is 

: called the angle of incidence. Similarly, the 

i angle (r) between the refracted ray OQ and the 

i : MEDIUM 2 normal NON’ to the refracting surface, is calleci 

N Q the angle of refraction. If the refracting 

Fig. 5'13 Refraction medium 2 is optically denser (see Art. 5:4) thaxa 


the incident medium 1, then the refracted ray 
bends towards the normal i.e., i>r. Conversely, if the refracting medium às 


optically rarer than the incident medium, then the refracted ray bends away froncy 
the normal, i.e., i<r. 


5:2. Laws of refraction ; Refractive index. 


The direction of refracted ray is related to that of the corresponding inciderx:- 
ray by the following two laws, known as laws of refraction : 

(1). The incident ray, the refracted ray and the normal to the refractire z> 
surface at the pofnt of incidence lie in the same plane. 

(2) For a given pair of media and for a given colour of light, the sine of tk e 
angle of incidence bears a constant ratio to the sine of the angle of refraction. 

Thus, ifiand rbe the angles of incidence and of refraction respectively 
when the ray passes from medium 1 to medium 2, 


sni pus ; 
Fas =constant= jp, = A (5:153 


where the constant j is called the refractive index (abbreviated R.I.) ag 
medium 2 with respect to medium 1. 


The second law of refraction was developed by W. Snell and is known ax 
» Snell’s law. 


Pp 
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The numerical value of the refractive index depends on the nature of the two 
media involved, as well as on the colour of light. It is also to be clearly 
understood that the value of R. I. remains the same for 
any value of the angle of incidence i. 

For normal incidence, i=9. Hence from eqn. (5:1), 
r=0, i.e., the ray enters the refracting ‘medium without 
undergoing any change in its direction (Fig. 52). 


P 


MEDIUM Í 


53. Relation between ,ua and pp, : MEDIUM 2 


From the principle of reversibility of light path. 
a ray travelling along QO [Fig. 51] in medium 2 will 
be refracted along OP in medium ]. Then from Q 
Snell’s law, Fig, 52 
a ji is. va (5-2) 
sin į 
where apn is the R. I. of medium 1 w. r. t. medium 2, Combining eqns. (5:1) and 
(5:2) we get, 
_sin į sinr _ 
eX h= er sin i } 
on m= 63) 
2/1 


Thus R. I. of medium 2 w. r. t. medium Lis the reciprocal of R. I. of medium 
1 w. r. t. medium 2. 
For example, R. I. of glass w. r. t. air is 1:5. Hence R. I. of air w. r. t. 


vont 
glass i$ T-5— 


5-4. Absolute refractive index ; Optically denser and rarer medium. 


The absolute refractive index of a medium is its refractive index with 
respect to vacuum ie, when light travels from vacuum to the medium, the 
value of E is called the absolute refractive index of the medium, Obviously, 
the absolute refractive index of vacuum is unity. 

The absolute refractive index of air at N. T. P. is 1:0002918. Since it is very 
nearly equal to l, for all practical purposes, the refractive index of any 
medium w. r. t. air is taken to be its absolute refractive index. 


The absolute refractive index of a medium is generaly designated by p. 
When more than one medium are involved, the suffixes 1, 2 etc, are added to p 
(i.e, Pi Pa etc.) to designate their absolute refractive indices. 

If the absolute refractive index of a medium is greater than that of a second 
medium then the first medium is called optically denser than the second one ; 
also the second medium is called optically rarer than the first one. Thus, if 
pi pa, then medium 1 is optically denser and medium 2 is optically rarer, 
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It is to be noted here that the optical density of a medium is not always pro— 
portional to its density as measured in hydrostatics. Thus density of turpentine 
(p=0'87) is less than that of water (p—1). But its optical density (p—1:47 ) 
is greater than that of water (i. —1:33). 


As stated earlier, R, I. of a medium depends on the colour of light. The 
absolute refractive index of a meditm increoses from red to the violet end of tre 
spectrum. Thus for flint glass, 


p=1:531 for red light. 
and p= 1:614 for violet light. 


Change in refractive index of a medium with colour of light gives rise to za 
phenomenon called dispersion which we shall deal with in Chapter 7. 


Unless otherwise stated, henceforth the word ‘refractive index’ will be used fo 
‘absolute refractive index’ for mean colour i.e., for yellow light. 


Refractive indices of some substances 


Diamond 2:47 Paraffin 1:44 
Glass (Crown) 1:51—1:57 Benzene 1:501 
Glass (Flint) 1:53—1:75 Alcohal 1:37 
Ice 1:31 Aniline 1:586 
Water 1:33 Air (N.T.P.) 1:00029 
Glycerine 1:47 CO,( ” ) 1:00045 


` Turpentine 1:47 EROS 1:00014 


Example 5:1. 4 ray of light travels from air to water at an angle og 
incidence 30°. If R. I. of water be $, calculate the angle of refraction. 


Solution : ün i gr of water 
sin r 


RES sin i d sin1JO c da rac: 
Se date P crie 
P r=22° (nearly) a 


Example 5:2. A ray of light passes from glass (R.l.=1'5) to wale»). 
(R.J.=1-33) at an angle of incidence 45°. Find the angle of refraction. l 


. sni R.I. of water 1:33 
Solution; snr R.I. ofglas 15 


PAA. oy 15 0707x150 
or, sin r=sin 45 xis e ae 0:8 (nearly) 


1:33 
$.159:2*, 
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5-5, Refraction through a parallel glass plate. 


In Fig 5'3 let AB and CD be the parallel faces of a glass plate placed in air. 
Aray PQ after refraction at Q on AB moves 
along QR. It again undergoes refraction at R P 
on CD and finally emerges along RS. Let i; 
and r, be the angles of incidence and refraction 
respectively at Q. Obviously the angle of inci- 
dence at R is r4. Let is be the angle of refraction 
at R. Now for refracion at Q and R 
respectively, 


niiu) uq ] _sin ry 


P7 sin n p sni 
where p is the refractive index of glass. Then 
sin i x sin Fil Fig. 5:3 : Refraction through 
sinr, sin is parallel glass plate 
or, sin i,=sin ig Les, iyi, 


“In other words, the incident and emergent rays are parallel to each other, 
Thus, the action of the glass plate is not to deviate but only to shift the incident 
ray laterally. 

From Q, QQ' is drawn perpendicular to SR produced backwards. QQ’ 
gives the amount of lateral shift suffered by the ray. Now from Fig. 5:3, 
QQ'—QR sin Z QRO' 
—QR sin (is—r1))— QR sin (à—r1) 


Again, cos r= p R where t is the thickness of the plate. $ 
E usi) 
LX OR oi fi 


cos i, sin 7, ) 


and hence og =h an) —., ( und = 


cos Fy 
sin n- 5h and cos r,— 4/1 —sinir, 
Lf LU in 
p p 


cos i, sin iy ) 
A pi —sin* i, 


=t si DNE iom és te (5:4) 
=t sin f, ( 1 7 Dos 
i / ds on (i) the thickness 
Thus the lateral shift QQ produced by the plate depen k 
of the plate, (ii) the angle of incidence, and (iii) the R.I. of the material of 


the plate. 


QQ'—t (sin ie 
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Example 5:3. Calculate the lateral displacement of a ray of light passing 
through a. 15 cm thick slab of glass, the opposite sides of which are parez del 
to each other, if the angle of incidence of the ray be 60°. (Refractive indexe OF 
glass--1:5) [Jt. Entrance ^& 4j 


Solution: From eqn, ( 5'4 ), the required displacement is 


E clasicos 
—t sin i, ( Jaa) 
=15 sin 60° ( 1-208 60"_ 
15 sin 60 ( 1 my 
UO Met wae DINE 
Ix | 1 Fa ) 
=7°69. 


5:6. Refraction through several media separated by parallel surfaces. 


In Fig. 54, AB, CD and EF represent three parallel surfaces separa g 
three“ media 1,2 and 3. Let PQRST b= thie 
path of a ray through the said media. Itcœara Be 
shown experimentally that the emergent ray Si 
is parallel to the incident ray PQ, if the 
emergent and incident media are the same  ( a 
shown in the figure). Hence the angle of 
refraction at S must be equal to the angle of 
incidence jj at Q. Applying Snell’s law at C2, R 
and S respectively, we get 


n i. sin r sin r 
= SY, m= and ea 
Fig. 5'4: Refraction through ; sin 7 sin rg sn Pg 
several media i.c., 149 X sg X a3 —1 Pe are (5-5) 


Eqn. (5:5) can be extended for any number of media separated by pà-za 13e] 
surfaces—only restriction being that the first and the last medium must b= tihe 
same. Then, in general, for n media, 4 


iMsXsaMaXaU4X sev s X „m=! RES €5-6) i 


Now, eqn. (5'5) can be written as, 


MISSIS EE 
1/2 X apa 


But from eqn. (:3)— =s 
akı 


ails c ass iy = ` 
Ma ihe ML 7) 
R.I. of medium 3 w.r.t. 1 : 


ie. R. n of medium 3 w.r.t. 2 — XS wort 


25 5 725 
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For example, if air, water and glass be respectively the Ist, 2nd and 3rd 
media, 
R.I.ofglass w.r.t. air=1°5 
R.I. of water w.r.t. air=1°33 


ZONAN 
R.I. of glass w.r.t. water= 35 1:125 
Now, if the medium 1 be vacuum (or air) then we have from eqn. (5:7), 
m=” i ie (5:8) 


ps 
where pa and pa are absolute refractive indices of medium 3 and 2 respectively. 


5-7, Generalised Snell’s law. 


Ifi, and i, be the angle of incidence and of refraction respectively then we 
have from Snell's law, 


sin iy _ U^ 
sni, | 
Again, from eqn. (5:8), we can write 
Ld 
pai 
sin h Éa or, msini = psinis Ae: (5:9) 


sinig pı 
Eqn. (59) is a more symmetrical form of Snell’s law and is known as 
Generalised Snell’s law. 


58. Relation between refractive index and velocity of light. 


According to the wave theory, light travels in different media with different 
velocities. This causes refraction of light at the surface of seperation between 
two different media. From this theory it can be proved that if and r be the 
angles of incidence and of refraction respectively in the medium 1 and 2, then 

sin {__ velocity of light in medium 1 (v) 
snr velocity of light in medium 2 (Ve) 
* sini 
ifs Gin Y. 
yews cof medium 2 w. T-t. 1 is the ratio of the velocity of light in medium 1 
tothatin medium 29. Thus, according to the definition of absolute refractive 


Hence 


index, 
= e 
BEN 
where c is the velocity of light in vacuum. In general, 


SIUE velocity of light in vacuum - 5:10 
Absolute R. I ofa medium= ; d city of light in the medium . Qu 


‘ously, R. I. of vacuum is unity. Since the velocity of light is greatest in 
pesi the absolute R. I. of 


vacuum. (c—3xX 10! cm/sec) than in any other medium, 
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any material medium is greater than unity, An optically denser mediuma 
(i.e. with greater R. I.) will have smaller velocity of light in it. For example, 
R. I. of glass=1°5 
Velocity of light in vacuum=3 x 1019 cm/sec 
Form eqn. (5°10), 


Velocity of light in glass— SKI 2x 10! cm/sec. 


5:9. Deviation by refraction. 


In Fig. 5:5 (a) and (b), PO represents the direction of a ray, incident on zx 
refracting surface and OQ that of the refracted ray. If PO be produced to FR, 


RARER | Us Q 


DENSER 


Fig. 55: Deviation by refraction 
(a) From rarer to denser medium, (b) From denser to rarer medium 


then AROQ=D gives the deviation produced by refraction. For refractioxa 
from rarer to denser medium [Fig. 5:5 (a)l, 


=i—r one oe eee (511 » 
For refraction from denser to rarer medium [ Fig. 5:5 (5) ]. 
D=r—i D eee Ha (5125 
However, for normal incidence, 
t=r=0 s D-0e 


Hence, for normal incidence, the ray passes on undeviated, 


With increase in i,the angle of incidence, the deviation D increases anq 
becomes maximum for the largest value of i ie., 90*. 


5:10. Visibility of transparent bodies. 


Reflection occurs from the separating surface oftwo media having differen g- 
refractive indices. On the other hand, if the refractive indices of the twa 
media are the same, no reflection takes place at their surface of separation. Ir, 
that case, if the two media are placed side by side, they can not be identifie 
separately. : 

For example, the refractive index of glycerol is very nearly the same as thay 
of glass. A piece of glass dipped in glycerol, therefore, becomes invisible, 
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511. Formation of image by refraction ata plane surface ; Real depth 
and Apparent depth. 


In Fig. 56, AB is the surface of separation of two media of R.I. p, and ps. 
Let O be the position of an object in medium of R.I. py. A ray OM from [^] 
incident normally on AB passes on undeviated along MR. Another ray OP 


node Sete B CL 
1 
[ 
[| 
1 


1 
[] 
1 
1 
L 
1 
1 
y 


(a) (b) 
Fig. 56: Formation of image (a) p> pe 3 (D) p> m 


inclined slightly with the normal, after refraction goes along PQ. The refracted 
rays MRand PQ when produced back meet at O'. Hence, to an observer 
receiving the refracted rays, OQ’ will be the virtual image of O. - 
Let MO=u, the real depth and MO'—v, the apparent depth of the object 
from the surface. 
i i _sin r_sinZ N 'PO' sin LPO'M 
Now according to Snell’s law, s snl mN PO NPO nZ POM POM 
Let us suppose that the observer is looking in a direction normal to the surface. 
In order that both the rays MR and PQ reach his eye, the distance PM must be 
very small. 
Therefore, / POM and ZPO'M are so small that their sines can be replaced 
by their tangents. 
tanZ PO'M_PM|MO' MO real depth 


— < = - ——— SS 
pa tan ZPOM PM|M (0) MO’ apparent depth — v 
or, apparent depth, vD. u UN Em (5:13) 


Case 1: When i7 po V Xu ie„ when the observer isin rarer medium, 
the image O' is nearer to the surface than the object O [Fig. 5°6 (a)l. 
Also when p=! i.e., when the observer's medium is air, 
ye— 
My 
8 ee o af 514 
or, w=") apparent depth A 
where p=pm=R. I. of the medium in which the object is.situated. This is 


the most general case. 
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Case II: When p> py V> u i.e., when the observer is in denser med 
the image O' lies farther away from the surface than the object O [Fig. 5:6 (b1- 
Itis now evident why (a) a straight stick put into water obliquely apgo 
as though bent and (b) a tank filled with water or oil appears less deep. lxxxe 
ofthe submerged portion of the stick or of the bottom of the tank when vie 


(&) (b) | 

Fig. $71 (a) Stick in water; (b) Bottom of a tank d 

from airappear to be lifted up, air being less dense than water or oil. Fig. 5-7 

(a) and (b) shows the actual ray diagrams for the two cases. 
512. Image for oblique incidence, 

Equations (5:13) and (5:14) are true if the objects are viewed in a direction 

normal to the surface. If viewed obliquely, the problem isa bit complicated 

However, by drawing actual ray diagram, it can be shown that as the object i 


Fig. 5:8: Caustic and cusp 


Fig. 5:9 
viewed more and more obliquely the image moves (i) nearer to the sur 
when the observer is in rarer medium and 
observer is in the denser medium. 

-The locus of the positions of the im 


(ii) fi p= 
ii) away from the surface when the 


age for different positions of 


observer is a curve in two parts, and is called a caustic ; the two parts heca a ; 
cusp at the position of the image O’ when viewed normally, This is illustre g. ut 
in Fig. 5'8 when the observer is in a rarer medium, vd 


We are now is a position to explain why the bottom ofa tank not only app 
EL 
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to be lifted up but actually appears to be curved up away from the observer stand- 
ing on the bank. In Fig. 5:9, P and Q are two points at the bottom of a tank of 
which P is vertically below the eye E of the observer. Let P' and Q' be the 
corresponding images as observed by the eye fixed at E. Since the rays from Q 
must be incident on the surface obliquely to reach E after refraction, Q' will 
appear to be lifted more than P’. Similarly the image R' of another point R 
farther away from P will appear to be lifted more than Q’. In other words, the 
image ofthe bottom will be a curve represented 
by P'Q'R moving continuously up away from 
the observer. 


Demonstration experiment. 


A coin is placed within an empty vessel. 
The eyes are so placed that the view of the coin 
js just cut off by the edge of the container. 
Keeping the eyes fixed at that position, the 
container is filled with water, when the coin Fig. 510 
will be again seen. Actually what now seen is 
the virtual image of the coin which is displaced upwards. [Fig. 5°10] 


5.13. Multiple images in a thick mirror. 


Let us consider a thick glass mirror silvered at the back. If an object is 
placed in front of the mirror, it is found that a number of images are seen side by 
side, when viewed obliquely. 


To explain the phenomenon, let C be an object, e.g. a pin, held in front of the 
thick mirror MN [Fig. 5°11]. When 
aray of light CA is incident on the 
front surface of the mirror, a small 
part of the light is reflected along 4B 
and thereby gives rise to a faint image 
C, The greater part of the light is 
refracted into the glass along AD and 
is completely reflected at D from the 
silvered back surface. The reflected 
light travels along DE and most of 
it is refracted at the front surface 
along EF. This gives rise to the 
second image Cy. A small fraction 
of the light is internally reflected at 

Fig. 511 E, proceeds to the silvered surface 
and then suffers complete reflection at G. A major part ofit suffers refraction at 
the front surface and travels along HK producing a third faint image Cs. This 
process of successive reflection and refraction continues until the amount of light 


M N 
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left is too small for any further image to be visible. For each reflection at the 
back surface and each refraction at the front surface an image is produced. Several 
such images are therefore seen side by side, all lying on the normal drawn from 


the object upon the mirror. 


In ordinary use, we look into a mirror standing in front of it ; the incidence 
is nearly normal. In this case the first refracted ray from the front surface has 
the largest amount of light so that the second image C, appears brightest, With 
increase in obliquity of incidence, the amount of light reflected at first from the 
front surface along AB increases. Hence the first image formed by reflection at 
the front surface increases in brightness for more and more oblique incidence. 


When viewed exactly normally, the images lie one behind the other and are 
not seen separately. The second image Cy being the brightest is taken as the 
image in the mirror. 

We have seen in Art 5:11 that the depth ofa tank of water is apparently 
diminished. Exactly in a similar way to an observer looking at the thick mirror, 
the thickness of glass appears to be diminished. Thus 

Real thickness of the glass mirror — 
Apparent thickness of the glass mirror 

Hence the reflecting surface will apparently lie at two-thirds of the thickness 
of the glass mirror. : 

Example 5:4, A tank is 3 m deep. If the R.I. of water be 1:33, find the 
apparent depth of the tank when viewed normally. 


Solution: p= ccn dep =1:33 


ECA 
sPb 2 


CREE 
apparent depth= 1337? 25 m. 


Example 5°5. A cross (x) is struck at the bottom of a glass slab of thick- 
ness 6 cm. How much the cross appears to be raised when viewed normally 
through the upper surface of the slab? Given R.I. of glass--1:5. 


real depth 


Solution: p= ESTE Y 


6 cm 


gene. MER t Lb 
d apparent depth ` apparent depth=——_=4 cm. 


or, 
1:5 


Thus the cross appears to be raised through 6—4—2 cm. 


Example 5'6. The apprent depth of water in a partly filled tank is 6 fi. 
More water is poured in the tank to raise the water level by 4 ft. Then the depth 
of water appears to be 9ft. Calculate the R.I. of water from the above 


data. 
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Solution: Let » be the R.I. of water and x ft be the real depth of water 


when the apparent depth was 6 ft. 
eS L or, 6u—x = as t 
In the second case the real depth is ( x+4 ) ft. 
putt 9u—x4-4 i e (2) 


Solving (1) and (2) we get ue —1:33. 


Example 5-7. An air bubble is situated inside a cubical paper weight made 
of glass having side 4:5 cm. When viewed through a face, the bubble appears to 
be at a depth of 2 cm. While viewed through the opposite face its apparent depth 
is 1 cm. Find the real distance of the bubble from first face and the R. I. of glass. 


Solution: Let x be the required distance. For refraction at first face, 
b =F Similarly, for refraction at the opposite face, 


45—x 
Bee) 


Sa $-45—x or, x—3cm and pal 


Example 5:8. An object at the bottom of a tank containing two different 
liquids ( which do not mix with each other ) is seen vertically from above. Find 
the apparent depth of the object if the lower and upper liquids are respectively of 
depths hy and hy and of R.1. p, and us. 

Solution: In the adjoining figure the ray OMN from the object O proceed- 
ing vertically upwards passes out undeviated. 
Another ray OP very close to the normal OM is 
refracted along PQ in the upper liquid and 
finally along QR in air, QR produced back- 
wards meets ON at Oy. Then QO, is the image 
of O as seen from above. 

Let j and r be the angles of incidence and 
of refraction at P. The angle of, incidence at Q 
is obviously equal to r and let i’. be the angle of 
refraction at Q. Let QP when produced back- 
wards meet OM at O, Then /MOP=i, 
ZMO,P=r and Z NO,Q—i' 


Now, for refraction at P, p sin i= p sin r sis ove (a) 
and for refraction Q, pş sin r=sin j’ Lies n (b) 

f NC sin r, tanr fs 

rom (a) ui amr ['« the angles are small ] 


an/ MO,P MP|MO, MO Aem hy * MO;,=h 
tanZ MOP. MP|MO MO, MO, ^" "Oh 
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from (b), wasnt smr [*. the angles are small ] 


_tanZ NO,Q |. NQJ/NO, NO, .MO;* NM 
tan/ NO,Q NQINO; NO; NO, 
LMOSENM _ th y he 
Pa Ma pt 
This is the apparent depth of the object. 
Alternative method : In the figure, O, is the intermediate image of the 
object O formed by refraction at the interface of the liquids and O, the final 


image. 
In case of intermediate image O,, we have from eqn. ( 5°13 ) 


MO,— hs hs 2 era) 


NOs 


Now, O, acts as the object for the image O;. Hence for O; we have, 


h,- 3 Uh 
2 riui oe ha! 
Pa Mo Bs 
N.B, Ifthere be three or more liquids of depths hı, hg, h;...and of refractive 
indices pı, pe Ha--.the apparent depth is given by 


hic hi h 
App. depth='2-+—? +— +..... = = 
alan Mi Be Bs ji. 


Example 5:9, A rectangular slab of refractive index p is placed over 
another slab of refractive index 3 both slabs having indentical dimensions. Ifa 
small coin is placed below the lower slab, for what value of p. will the coin appear 
to be placed at the interface between the two slabs when viewed from the top. 

[ Jt. Entrance '83 ] 


Solution: Let A be the thickness ofeach slab. By question the apparent 

depth of the coin is also A. Therefore, 
REA ees UR. 
apparent age a re +3 or, eet ahs 5 

Example 5:10. The base of a glass beaker is optically flat and 8 mm thick. 
It contains a liquid to a depth of 4:2 cm. Water is then poured over the liquid to a 
depth of 4 cm. Assuming that the liquid does not mix with water, find apparent 
depth of a mark on the table on which the beaker is placed. Given, R. I. of glass 


=1'6, of liquid—1:4 and of water—1'33. - 
hy QA h 
Solution ; Apparent depth= Hu ^.^ 
i. REP 4 P3 Fe PBs 


——— -— 
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Example 5:11, An object is placed 21 cm in front of a cencave mirror of 
radius of curvature 10 cm. A glass slab of thickness 3 cm and refractive index 
1-5 is then placed between the object and the mirror. Find the position of the 
final image formed. 

( You may take the distance of the near surface of the slab from the mirror to 


be 1 cm.). (I. I. T.’80) 
Solution : In the adjoining fig (i) let O be the object, S the glass slab and M 
the concave mirror. A ray of light from O proceed- M 


ing towards the mirror after refraction by the slab is 
shifted laterally [fig (ii)] and appears to come from 
O'. Hence, O' is the virtual object for the mirror. 
The real object distance is thus shortened and the 
apparent object distance is given by 


O 


) 


u=(21 -3)+73 =20 cm. A 


Now. the focal length of the mirror 0 0! E 
EN (ii) 
f M a =5 cm. 
Thus from mirror eqn, we have for image 
distance v’, 
1 odori : _20 
gam 305 or, — cm, 


Hence image should have been formed at 7' [fig (iii)] in front of the mirror at 
a distance 22 from it. But since the near surface of the slab is only 1 cm away 
in front of the mirror, the rays reflected from the mirror are intercepted by the 
slab and shifted laterally ; so the rays converge actually at 7 which is the final 
image formed by the lens-slab system. Thus, the final image distance is greater 
than v' and is given by À 


v-[2 —3 )4+3x 15-87 cm, 


Hence the final image is formed in front of the mirror 8:17 cm away from it, 
5:14. "Total internal reflection ; Critical angle, 

When a ray of light passes from a denser to a rarer medium of R, I’s p, and 
pe respectively ( 2;>#e ), the angle of refrac- 
tion r is greater than the angle of incidence ¢ 
(Fig. 5:12). Asiisincreased, r also increases 
and ultimately reaches the maximum value, 
r=90°, when the refracted ray grazes the surface 
of separation between the two media. The 
limiting angle of incidence (ij) in the denser 
medium for which the angle of refraction equals 


/ PENSER risas 90° is called the critical angle of incidence for 
the two media. 
Fig. 5:12: Total internal From the generalised Snell’s law, 
reflection and critical angle p sin i= pe sin 90° 
P-II/6 
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oe aa oe e at (5:15) 
pio o£: 
Ifthe rarer medium be air then ug-1 and p,=# (say), 
sin je es s (5:16) 
p 


From equation (5:15), it is evident that the value of critical angle depends on 
the R.I's of the two media involved and hence on the colour of light. 


If the angle of incidence is increased beyond the critical angle i, there is no 
ray refracted in the rarer medium. In this case the incident ray is found to be 
reflected back to the denser medium, according to the laws of reflection. This 
phenomenon is known as total internal reflection. 


Thus total internal reflection can occur only when (a) light tends to pass from 
a denser medium to a rarer medium, (b) the angle of incidence is greater than 
the critical angle for the pair of media concerned. 


It must, however, be clearly understood that in all cases of reflection part of 
the incident light energy is always reflected, the remaining portion being refracted 
into the second medium. But in total internal reflection, there being no refracted 
ray, whole of the incident light energy is reflected back into the first medium. 
Herein lies the significance of using the word ‘total’ before such reflection. ' 


Demonstration experiment : 


An empty test tube is inserted obliquely in water contained ina beaker ( Fig. 
5:13). When viewed from above, the portion 
of the tube under water presents highly polished 
metallic appearance. It appears that as if the 
tube contains mercury within it. This can be 
explained from the phenomenon of total internal 
reflection. 

Rays after passing through water strike the 
surface of the tube separating water and air at all 
possible angles. Rays which are incident on 
the said surface at angles of incidence greater 

Fig. : 513 than the critical angle for water and air 
(48:5?) suffer total internal reflection, giving the surface a shining 
appearance. Now water is poured into the test tube and the bright metallic 


*The total internal reflection occurs at the glass-air interface. The adjoining Fig. shows 
a magnified view of the relevant portion of the tube. For total reflection to take place, the 
angle of incidence r at the glass-air interface must be greater than the critical angle i; for glass 
and air. 


when ri; sin Puch ET (a) 
na 


Now for refraction at the water-glass interface 


sin i LEES. Au 
sinr pw (b) 
Combining eqns. (a) and (b) 
sin ric SAE 1 CREE ia t= 


sinr m pwl 
i must be the critical angle for water and air. For rto exceed the critical angle for 
glass and air, / must also exceed the critical angle for water and air. 
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appearance of the tube surface is found to disppear. This is due to the fact that 
now water being present on both sides of the glass of the test tube, there is 
no possibility of total internal reflection. 

Practical Examples : 

(i) Bubbles of air (or of any gas) rising through water appear to be glittering. 
This is due to the fact that rays of light from water are totally reflected from the 
surface of the bubble (air-water interface) and hence the bubble appears shining. 

Air bubbles trapped inside the paper weights of glass glitter due to the same 
reason. 

(ii) Ifa metal ball covered with soot is dropped in water, it appears silvery 
white. Athinfilm of air surrounding the ball is held by the soot. When the 
ball is immersed in water, light is totally reflected in passing from water into the 
air-film giving rise to the shining appearance of the ball. 

(iii) A glass tumbler partly filled with water is held just above the level of 
the eye. The upper surface of water presents a shining appearance. This occurs 
due to the total reflection of light rays at the upper surface of water (water-air 
interface). 

Example 5:12. The R.I’s of water and glass are 1:33 and 1'5 respectively. 
Calculate the critical angle between (a) air and water, (b) air and glass, and 
(c) water and glass. 

Solution : (a) Critical angle i, between air and water is given by 


TAE 
=— = 20:75 
sin i, "n 133 0:7 
or, i,—48:5? (nearly). 
(b) Similarly, between air and glass, sin i= => =0:67 
g 


i, =42° (nearly). 


(c) Between water and glass, sin i-r igno 
g 


i, =63° (nearly). 
Example 5:13. The critical angle between ice and air is 50°. Calculate the 
R. I. of ice. 


Solution: sini, = or, sin 50*— 


ce Pie 
1 1 
= = _- =" ly). 
Mem aaa HOTT T ean) 


Example 5:14. A ray of light from a denser medium strikes a rarer medium 
at an angle of incidence i. If the angle between the reflected and refracted ray be 
940°, show that the critical angle between the two media is i,—sin^? (tani). 

Solution: Letz be the angle of refraction in the rarer medium, From the 
gure, (i4-r) +90°=180° 

s r=90°—i 
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Now, we have from Snell’s law, 
sin j' p, sni -fe 


sar p, sh G01) my 


' or sini Me or, tan i=" 
cosi py i 

Now, if i, be the critical angle between the 
two media, we have from eqn. (5:15), 


Denser 


sin fes S i-i (n )=sin (tan i). 


5:15. Application of total internal reflection. 


(a) Total reflecting prisms: A right-angled isosceles prism made of glass 
having polished faces is called a total reflecting prism. Fig. 5:14 shows how 
such.a prism can be used for different purposes. 


Er 


(e) 


Fig. 5:14: Total reflecting prisms 


When. used as in Fig. 5:14 (a) light enters it perpendicular to one of the 

) shorter faces and. strikes the hypotenuse face at an angle of incidence 45°, `The 

critical angle between glass and air being nearly 42° (for crown glass), the 

incident light gets totally reflected from the hypotenuse face and is incident on 

the other short face at right angles. It then leaves the prism without being 
further deviated. Thus the prism deviates the rays through 90°, 


Ina prismatic periscope (Fig. 5:15) two such prisms are used to replace the 
mirrors, The prisms are placed with their hypo- 
‘tenuse faces parallel to each other. Light from d 
the object suffers total internal reflection by both SPA 
the prisms and reaches the eye of the observer. 


A beam of light may be deviated through 
180° when such a prism is used as in Fig. 5:14 (b). 
It also produces an inverted image of the object. 
Total refleeting prisms are used in this way in E 
binoculars, a 
The total reflecting prisms used as in Fig. 5:14 


(c) does not produce any deviation of the incident ^ Fig. 5:15 : Prismatic periscope 
. beam but inverts the image. 


d ‘ p ‘3 xr fu f zd n 
YS s: è 
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@ Advantages and disadvantages of the use of a total reflecting 
prism over that of a plane mirror : 

(i The former produces brighter ‘image than the latter. This is because, 
while the reflecting surface of a mirror always absorbs a considerable fraction of 
incident light energy, no such absorption takes place in total internal reflection, 
Of course, there will be some losses due to absorption in the material of the 
prism and also due to reflection at the surfaces where the light enters and leaves 
the prism. But this is negligible compared to absorption by a mirror, 

(ii) Ifthe mirror be a thick one, multiple images will be seen. There is no 
such possibility for a total reflecting prism. 

(iii) The silvering of a mirror is slowly destroyed with time, so that the 
image becomes hazy. Such defect due to tarnishing of the jefisuug surface is 
not possible in the case of a:total reflecting prism. 

(iv) ‘The disadvantage of a total reflecting prism is that it is much costlier 
than a mirror. 

(b) Brilliance of diamond : 

Owing to high R.I. (u=2°47) the critical angle of diamond is about 23°53’ 
only. Usually diamonds are so cut that a beam of light entering it through any 
of the faces, undergoes: multiple total internal reflections at different faces. Such 
cutting is possible due to abnormally low value of the critical angle. There are 
only a few faces which are available for the emergence of light i.e., for which the 
angle of incidence within the. crystal is less than the critical angle. As a result, 
all the rays entering a diamond through its different faces (in fact, light can 
enter through all faces) are allowed to leave it o Des a few faces as 
condensed beams. This causes its brilliance. 

It should be noted that..all precious stones have high R. I. and hence low 
critical angles. "Therefore, they can be cut to look glittering. 


516. Natural phenomena associated with total internal reflection. 
(A) Mirage: These are well-known optical illusions caused by total 
reflection, commonly experienced by people in the desert or in the arctic region. 
The density and hence the refractive index of air (or any gas) diminishes 
with the increase in temperature. On still sunny days in a desert, the ground is 


Fig. 5:16: Inferior mirage 
very hot and so also the air in contact with it. The temperature of air decreases 
with the increase in height fromthe ground. Thus the vor the heated ground 


a 
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may be supposed to be divided in a number of strata with their densities and 
hence refractive indices increasing upwards (Fig. 5:16). 

A ray of light from a point P of an object, striking a stratum from above and 
moving downwards obliquely, has to pass from denser to rarer stratum in 
succession. The ray, therefore, bends away from the normal ; as a consequence, 
as the ray goes downwards the angle of incidence gradually increases. Ultimately 
it strikes a point O on the surface of separation of two adjacent strata at an angle 
just greater than the critical angle between them and gets totally reflected. 
The ray then begins to move up, this time from rarer to denser strata, and 
therefore, bends continuously towards normal. Finally it reaches the traveller's 
eye at E. The whole path ofthe ray POE is, therefore, concave upwards. The 
eye cannot follow the curved path of the ray, and it appears to the traveller, as 
if the ray is coming from P’, the virtual image cf P. 

As a result the traveller sees in inverted image of the whole object. Naturally 
the thirsty traveller in the desert interprets the inverted image as formed by 
reflection in a pool of water. Moreover, as the hotair in contact with the hot 
ground ascends, the density of different strata of air changes continuously. Asa 
consequence, the image appears shimmering ; this gives the impression that the 
water surface in the pool is being disturbed by light breeze. This completes 
the illusion. Such phenomenon in the desert is known as inferior mirage. 

In the arctic region, the ground as well as sea surface are very cold. The 
air temperature increases with altitude. Hence the density of the different 
strata of air gradually decreases up- 
wards. Rays from a distant object 
on the earth's surface, say a point of 
a ship [ Fig. 5:17 ], while proceeding 
upwards pass from denser to rarer 
medium. As a result, such rays ` 
gradually bend away from the normal 
until they suffer total internal reflec- 
tion from a stratum high above the 
ground. The rays then travel down- 
wards, this time from rarer to denser 
medium and hence bend towards the normal and ultimately reach the observer's 
eye. To the observer, the object (ship) appears to be hanging inverted in the 
air as shown in the figure. This phenomenon is known as superior mirage. 

(B) Fish's eye view: To an eye (fish’s eye) beneath the water, all objects 
lying above the surface of water appear to lie within a cone whose semivertical 
angle is equal to the critical angle between water and air. This is due to total 
internal reflection as explained below. 

Let E be the position of eye (say, fish’s eye) beneath the water and let O be an 
object on the surface of water [ Fig. 5:18 ], such that a ray OP from O grazes the 
surface, gets refracted at P and reaches the eye along PE. The angle of incidence 
at P being 90°, the angle of refraction at P must be is, the critical angle between 
water and air. If EN be the normal to the surface of water, then / PEN is 


Fig. 5:17: Superior mirage 


"9 
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obviously equal to ij. Similarily, from an object O' on the other side, a ray O'P’ 
grazes the surface and after refraction reaches the eye along P'E. Hence 
ZP'EN=i,. 


Fig. 5:18: Fish's eye view 


It is obvious from the figure, that rays from the objects higher up will reach 
the eye within the cone PEP’. Since critical angle between water and air is 
48°5°, so to an observer within water, all objects above the water surface appear 
to be contained within a cone having semivertical angle 48:59. It is interesting to 
note that the sun describes 180° to us between its rise and set, but it describes 
only 48:5? x 2=97° to a fish inside water. sa 

It is to be noted that by rays striking the water surface at points such as $ and 
S’ beyond the said cone, the eye will see the objects within the water by total - 
internal reflection, Thus to the eye the water surface beyond the said cone 
will appear as a mirror. The central portion vertically above him, will appear to 
be a hole through which it sees the objects above the surface, 


Example 5:15. An eye is placed at a certain depth below the calm surface’ 


of water. Show that, to the eye, the surface appears like a reflecting plane mirror 
with a circular hole through which objects situated outside the water can be seen. 


Also prove that the radius of the hole is h| y8—] cm, where p is the R. I, of 
water and h cm is the depth at which the eyes is placed. [ Pat. 1945 ] 
Solution : The answer of the first question is dealt with in Art. 5:16 (B). 


Now, in the adjoining figure, which is similar to 
Fig. 5°18, NP is the radius of the hole, / PEN=i,. 


In A PEN, tan i,— a NP and sin i= 


h 
p NP sin jm. sind, 2m M 
h . cosi,  4/]-—sin? i vl—i[p 
Mie Sio, is piu eu 


Te 
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517. Atmospheric refraction. 


Generally the density of air is greatest at the earth’s surface and decreases 
with increasing altitude. Asa result, light rays from celestial bodies, e.g., the sun, 
stars and planets etc., upon enter- 
ing earth’s atmosphere travels 
continuously from rarer to denser 
medium. Thus the rays bend 
gradually towards the normal and 
follow a curved path as shown 
in the Fig. 5:19. To an observer 
on the earth’s surface, the source 
of light appears to be situated in 
a direction tangent to the rays 
when they reach the observer. Thus the observer sees the object higher in the 
sky at S' than its true position S. This phenomenon is known as atmos- 
pheric refraction. The angle « between the true and the apparent positions. of 
the object provides a measure of the atmospheric refraction. 


6 


Fig. 5:19; Atmospheric refraction 


The value of « is greatest (05°) when the object lies at the horizon, It 
decreases with increasing elevation of the object and becomes zero when the 
objeci is at zenith. 


The sun’s disc subtends an angle equal to nearly 0:5° at a point on earth’s 
surface. This is the same as the atmospheric refraction when the object lies at 
the horizon as stated above. Hence at sunrise or sunset, when the sun appears to 
be just above the horizon with its lower rim touching it, the sun actually lies just 
below the horizon. Moreover, the sun moves through a distance equal to its 
diameter in 2 minutes. Hence length of a day increases by about 2 minutes both 
at sunrise and at sunset. However, this value is applicable only at equator. At 
higher latitude the increase is greater. 


The flattened appearance of the sun at the sunrise and sunset is also due to 
atmospheric refraction. Since the elevation of the upper rim of the sun’s disk is 
` greater than that of its lower rim, the rays from the upper rim are refracted to an 
extent smaller than those from the lower rim. As a result the lower rim appears 
to be lifted more than the upper rim and this causes the flattened appearance of 
the sun at sunrise or sunset. Obviously the same result is applicable to the moon 
also. 


The twinkling of stars may also be explained by changes in atmospheric 
refraction, Due to the variations in temperature and the resulting convection 
current, the densities of different layers of atmosphere change continually; even 
the density of any layer varies from point to point, The refractive index changes 
correspondingly. Asa result, the course of the rays of light from the stars gets 
changed from instant to instant giving rise to variation in the amount of light 
reaching an observer. To him, it appears that the stars are twinkling. 


The planets being much more brighter, such variation becomes insignifican 
and cannot be perceived, The planets, therefore, do not appear to twinkling, 
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5:18. Prism, 


An optical prism [Fig. 5°20] is a portion of a transparent medium bounded 
at least by two plane surfaces inclined at an angle to each other. hese surfaces 
are called refracting surfaces of the prism, ‘The angle between them is called 
the refracting angle or simply the angle of the prism. ‘he line of intersection 
ofthe refracting surfaces is called the edge of the prism. Thus, in the prism 
shown in the Fig. 5:20, EFGH and EFJK are the two refracting surfaces which 
meet at the refracting edge EF. Z HEK ( or 
£ GFJ) is the refracting angle. Any section 
of the prism by a plane at right angles to the 
refracting edge is called a principal section. 
In Fig, 5:20, ABC is the principal section. 


The principal section meets the refracting 
surfaces in straight lines AB and AC which 
meet at A on the edge of the prism. A per- 
pendicular to a refracting surface at any point 
of these lines lies wholly on the principal Fig. 5:20: Prism 
section. Ifa ray of light lying in the principal section, be incident on one ofthe 
refracting surfaces it remains in the principal section during its passage through 
the prism and after leaving it. 


In practice, a prism is bounded by a third plane surface (HGJK) generally at 
right angle to the perpendicular bisector of the angle of the prism. Thus, the 
principal section ABC of the prism becomes an isosceles triangle with AB= AC. 
This third surface is called the base of prism. There are also two side-faces 
EHK and FGJ which are generally cut perpendicular to the edge of the 
prism. The refracting surfaces are well polished, so that light can enter or 
leave the prism through them. The base and the side faces need not be polished. 


5:19. Path of the rays in the principal section of a prism. 


In Fig. 5:21, let ABC be the principal section of a prism having refracting 
angle A. For simplicity, let us consider that the prism is placed in air and the 
R.I. of the material of the prism is 
# (u>1). A ray PQ in the principal 
section is incident on the refracting 
surface AB at Q and is refracted 
along QR within the prism. At R 
on the refracting surface AC, it 
undergoes a second refraction and 
finally emerges out in air along RS. 
Due to this double refraction, the ray 
is subject to deviation. Let the 

Fig. 521 emergent ray RS produced backwards 
meet the incident ray produced forward at O. The angle D between the direction 
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ofthe incident ray (produced) and that of the emergent ray, as shown in the 
Fig. 5:21, gives the measure ^f the deviation. 

Let the normals to AB and AC at Q and R respectively meet at N. Also let i 
and z be the angles of incidence and refraction at Q and let r' and i’ be the 
corresponding angles at R. 

Now in AOQR, D= /OQOR+ ZORQ=(i—r)+(i’—r') 

—(i-Fi') -(r4-r) SEU e. 
Again in quadrilateral AQNR, 7 A--Z N4- ZAQN+ ZARN=360°. 
But ZAQN+ Z ARN=90°+90°=180° [By construction] 
A LA+ ZN=180° 
Also, in ANQR,  r+r'+ZN=180° 


(5:17) 


S6 LA=rtr et x: (5:18) 
From eqns. (5:17) and (5:18), 
D=i+i'—A (5:19) 


it is to be noted here that when the R. I. 
of material of the prism is greater than that of 
the surrounding medium, the emergent ray 
bends towards the base of the prism, as shown 
in Fig. 5:21. But when the R.I. of the 
material ofthe prism is smaller than that of 
the surrounding medium, the emergent ray 
bends towards the edge of the prism as shown 

Fig. 522 in Fig. 5:22. 
5:20, Minimum deviation. 


It is obvious from eqn. 5:19 that fora particular prism (i.e. A= constant), thc 
angle of deviation D varies with the value of the angle of incidence i. 


Experimental study: The depen- 
dence can be studied experimentally by | 
keeping the incident ray fixed in space Ç 
and setting the prism at different orienta- M. 
tions so that the angle of incidence is , Me 
varied. This is ‘done with the help of Ea RIS A 
an instrument known as spectrometer. Z, ACS 
A spectrometer essentially consists of if K 
three parts as shown diagramatically in i LL 
Fig. 5:23. COH 

(a) Collimator (C)—This provides a Rz% : 
parallel beam of light from a vertical os 


slit ( not shown in the figure ) which is Pat d 
generally illuminated with a monochro- DM j 
matic source of light (e.g. sodium lamp). SSA 
The collimator always remains fixed. UAR 


(b) Prism table (P)—It is a round Fig. 5:23 : Spectrometer 
table capable of rotation about a vertical axis through its centre, The prism is 
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placed on the table with its refracting surfaces vertical. One of the refracting 
surfaces receives the incident beam of light from the collimator. A portion of the 
incident beam is reflected and the other after passing through the prism emerges 
out of it. By rotating the table and hence the prism, the argle of incidence (i) of 
the incident beam may be varied. The position of the table with respect to the 
instrument can be noted from a circular scale provided with the instrument and 
a vernier attached to the table. 


(c) Telescope (T)—It receives the reflected and the emergent beam of light 
from the prism and also in the absence of the prism the direct beam coming out 
of the collimator. The telescope can be rotated about the same vertical axis about 
which the prism table rotates. The position of the telescope can also be noted 
from the circular scale provided with the instrument and a vernier attached to the 
telescope. 


For any position of -the prism, i and D are measured by taking readings for 
three positions of the telescope—one for the direct beam from the collimator in the 
absence of the prism ( say, R,), one for the emergent beam from the prism (say, 
Re) and the last one for the reflected beam from the prism (say, Rs). Then i and 
D are obtained from 

D=R,~R, and 2i—180*—(R,—R;) 
as is evident from the figure. 


By rotating the prism table, the angle of incidence can be varied and the 
corresponding D can be measured. 


Result ( Graphical ) : 


By plotting the values of D against the corresponding values ofi,a graph, as 
shown in the Fig. 5:24, is obtained. 


It is found that starting from a small value of i, as i increases D at first 
decreases until it reaches a minimum value D, for i=fp Then the value of D 
increases with [. 

The position of the prism w. r. t. the incident 
ray at which the angle of deviation is minimum 
is called its position of minimum deviation. 
This position for a prism is unique, i.e. for only 
one position of the prism, the deviation is 
minimum. 

5:21. Condition for minimum diviation. 


At the position of the minimum deviation of 
the prism, the incident ray and the emergent ray 
make the same angle with the corresponding Fig. 524: i vs. D graph 
refracting faces of the prism i.e., i—i'. This can be prcved as follows : 


Let us assume that i and i’ are the angles of incidence and emergence 
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when the deviation D is minimum ie, D—D, ( Fig.525). We 
assuine that į and i’ are not equal. Since the path of light is reversible, if a ray is 
incident on the surface AC along SR it will 
be refracted through the prism along RQ and 
will emerge out along QP. In that case, the 
angle of incidence and the angle of emer- 
gence will be i’ and i respectively. The angle 
of deviation of the ray is given by D,— 
i’+i—A and, therefore, remains the same 
inspite of the reversal of the ray through the 
prism. Hence we conclude that the 


deviation is minimum for two angles of incidence viz., i and i’, i.e. for two posi- 
tions of the prism. 


Fig. 5:25 


This conclusion is in direct contradiction with the actual experimental obser- 
vation that the deviation is minimum at only one position of the prism. Hence 


at the position of minimum deviation j must be equal to i’, which is the condition 
for minimum deviation. 


Alternative proof using calculus. 


We have, by recalling eqns. (5:18) and (5:19), 


A=r+r 3 En (a) 
y and D—i--i'— 4 UT Met (b) 
Also from Snell’s law, 
sin i—p sin r at zd (c) 
and sin j'—p sin 7’ 5 k (d) 


For deviation D to be minimum for a particular value of j, aD o* 


1 


or, I +T 0 [ from eqn. (b), since A is constant ]: 
or, Ga ase $n (e) 
Again, differentiating both sides of eqn. (a) w. r. t. i, we get, 
dido o, $5 (f) 
Also differentiating eqns. (c) and (d), we get, cos i=p cos 7 A ee (g) 


; „di' dr’ 
dc , par 
and cos j mH cos r d (h) 


OOo —— 


" ini ing dD 
The results obtained by putting ar" however, correspond to either minimum or 


maximum value of P, : 
It can be shown mathematically that aR is positive which means that 


D is minimum. H dD : 
ence the result for vg =0 corresponds to minimum value of D. 
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Combining (e), (f), and (h) we get, cos /'—j cos ra 3 (i) 


cosi _ cos r 


cosi’ cosy’ 
cosi  cos*r 


Dividing eqn., (g) by eqn. (i), 


en. r= P [ squaring both sides ] 
l—sin?i — l—sinir 


a o^ Iin 
Multiplying both numerator and denominator of R.H.S. by p? we get, 


pum eere Mpeg 
aam du isl I MN Reste 


| —sin*;' p?—p? sin? r  u3—sin?ji 
— (Q3 —sin?i) —(1 —sin?i) [ ONG PCR ] 
(u3—sin? i’)—(1 —sin*i’) ` b d d—b 
= 
= == s l—sin?i=1—sin? i’ or, i=i'. 
a 


522. Path of a ray at minimum deviation, 


In Fig. 5:26 let PORS be the path of a ray through a prism at minimum 
deviation. From the condition of minimum deviation, i=i’. Obviously from 
the relation, 

sini siní' 
 sinr sinr 
ZAQR=ZARO, being comple- 

ments of r and r' respectively. 

Hence A AQR is isosceles with AQ=AR 
ie, the point of incidence and the 
point of emergence lie at equal distances Fig. 526 
from the edge of the prism. In other words, at minimum deviation, a ray passes 
through the prism symmetrically. 


If the prism be an equilateral or an isosceles one, then, AB=AC 
or, 49-48 [^ AQ=AR] i.e., QR | BC. 


Hence, at minimum deviation position of an isosceles or equilateral prism, the 
ray of light passes parallel to the base of the prism. 

We should also note that the deviations suffered by the ray due to refraction 
at the two surfaces are (i—r) and (i^—r'). Obviously at the minimum deviation 
position of the prism, these two are equal. Hence we can state that at the 
minimum deviation position of the prism, the total deviation is equally divided 
between the two refracting faces. 

523. Relation between D,, and p. 


we get, r—?' 


For minimum deviation, we have ji— i' and r=r’ 
From eqn. (5:19), we have the angle of minimum deviation, 


Dm=24—A or, j= At Pn 
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Also from eqn, (5:18), 2r=A ; whence, re 
sin t D 
Now) fhoa Baits laws; po oe Se g. 20 
ow, from Snell’s laws, p= 57 DE sind (5:20) 


5:24. Limiting angle of incidence for no emergent ray from a prism, 


If the angle of incidence r' at the second refracting surface AC of the prism 
(Fig. 5:27) be greater than the critical angle for the material of the prism, then the 
ray QR will be totally reflected along RS within 
the prism. In that case there will be no 
emergent ray from the prism. The critical value 


for r'is given by sin r= when the ray RS 


grazes along the surface AC. In that case, 
sini = p sin r =p sin(A—r)[." r+r'=A] 


Fig. 527 =p (sin A cos r'—cos A sin r') 
=p sin A cos r'—cos A 


=p sin A 4/1 —sin® r'—cos A=p sin AV 1— cos A [ "S sin r=+| 
H 


or, sin i—4/ ui—lsin A--cos A i A (5:21) 


This gives the limiting value of i for which r' is the critical angle of the 
material of the prism and hence the emergent ray grazes along the surface AC. 
If the value of i is less than this limiting value, r is also less and z’ is, therefore, 
greater than the critical angle and there is no emergent ray. On the contrary, if 
the value of i is greater than the limiting value obtained from eqn. (521), the ray 
will be transmitted through the prism, 


525. Limiting angle of the prism for no emergent ray. 
Since i cannot be greater than 90? the value of r can never be greater than the 


critical angle of the material of the prism. Also the value of r’ can never exceed 
the critical angle, for in that case there will be no emergent ray, Thus the maxi- 


mum value of each of r and r' is sin7! A the critical angle, 
Now, since A=r+r’, the maximum value of A is equal to 2 sin-? 1 
i acm 
le; Amaz=? Sn ^ i vs (5:22) 


Obviously, for this limiting value of A, a ray incident grazingly on the surface 
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AB, emerges out of the prism also grazing the surface AC (Fig. 5:28). Any other 
ray incident on AB for which i<90° can not emerge out of the surface AC. For 
prisms having A greater than its limiting value given 
by eqn. (5:22) no ray can pass through the prism 
whatever be its angle ofincidence. For prisms for 
which A is less than the critical value, an incident 
ray can emerge out of:he prism provided its angle 
of incidence i is greater than the limiting value 
given in eqn. (5:21), 


The critical angle for the crown glass and air is 
nearly 42°, Hence the limiting angle of a glass Fig. 528 
prism for no emergent ray is 2 x 429—849. 


: This explains why for a 90° crown 
glass prism, no emergent ray is obtained. 


5:26. Deviation by thin prism. 


A prism is said to be thin when its refracting angle is very small, Now if 
angle of incidence í is very small i. e., for nearly normal incidence, then r is also 
very small, Obviously, in a thin prism, 4 being small, * and i’ are also very 

sni i 


small, so that we can write u= == ie, i=pr 


and porte ie., V= pr 
60 D=iti'—A=p(r+r')—A=(u—1)A 
For exactly normal incidence, i=r=0 and hence A=r. 
s D-iti/'CA—ur —A—(u—1)A 
"Thus for normal and nearly normal incidences, deviation produced by a given 
thin prism is, 


[59 rtr'—4] 


D-—(u—1)A p ae (5°23) 
This is a constant quantity and is independent of the angle of incidence, 
Example 5:16, The refracting angle of a prism is 60°, A ray of light 
incident on one of its refracting surfaces suffers a minimum deviation of 40°. 
Find the R. I. of the material of the prism, 


Solution: Here 4—60*, and D,,=40°, Therefore, from eqn. (5:20), 


rin in 50° 0:766 
ut 2 Sin50*? 0: 3 
e a E a 58 
umm 


Example 5:17. The angle of a prism is 60° and R. I. of its material is 4/3. 
(a) Find the angle of minimum deviation. (b) Fora ray incident at an angle of 
60°, find the angle of deviation as well as the angle of emergence, 
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Solution: (a) Here A=60° and ,—4/2. Now from eqn. (520). 


SAT Dg 
LUE 2 _sin (60°+Dy)/2 
ug sind sin 30° 
2 
or, sin ID sin 30 V/2.,- Vr 
jo 
asd ee or, Dm=30° 


; sin i sin 60° 
(b) In this case, ae crm : 


: sin 60°_ 4/3. 1 
= —_ = “_ XK —_. =0)' 5 EA —927-.99 
or sinr ^ 7 XJ 0:612. r—37:8 
But =r+r’ s. rf =A—r=60° —37:82 —22:2? 
SHE AM rua EP $ ths y D 99 
p—ang co uni sinr/—4/2x0:3778—0:534 — .. i’ = 32°3 


and D=i+i'—A=60° 4-32:3* —60?—32:3*. 


Example 5:18. 4 ray of light incidents at an angle 60? on the face of a prism 
which has an angle 30°. The ray emerging out of the prism makes an angle 30° 
with the incident ray. Show that the emergent ray is perpendicular to the face 


through which it emerges. [Jt. Entrance '84] 
Solution: By question i=60°, 4—30? and D=30°. 
Now, D=i+i'—A or, 30°=60° + i’—30° edie Up 


ie. the emergent ray emerges normally through the second refracting surface 
of the prism. 


Example 5:19. Prove that R. I. of the material of a prism of angle A is 
equal to sin(A+D)/sin A where D is the deviation for a ray incident normally on 
a refracting surface. 


Solution : Referred to the adjoining Fig., since the ray PQ is incident 
normally on the surface AB, 


i=r=0, D=i'—r' 


and A=r+r'=r' 
i’=r'+D=A+D 
_sin E _sin (A+ D) 
ee sin Yr’ sin A 


Example 5:20. The refracting angle of a prism is 60° and its R.I. is +/¥- 
Find the limiting angle of incidence of a ray on the first face of the prism that will 
just emerge from the second face of the prism. [Jt. Entrance. *74] 
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Solution : Here 4—60* and =y}. 
From eqn. (5-21), sin i= 37T sin A—cos a= 11. sin 60°—cos €0° 


T e A S R S e c0 a0» 


Example 5:21. Calculate the limiting angle of a glass prism (R. I.=1'5) 
immersed in water (R. I.—1:33) for no emergent ray. 


Solution : Here &—R. I. of glass w. r. t. water n 


133 = 1'125 

From eqn. (5:22), the limiting angle Amas of the prism for no emergent ray 
when it is immersed in water is given by, 
=2 sin! 0:889 
=2 x 62:75°=125:5° (nearly) 

Example 5:22. One face of a prism of refractive index 1'5 and angle 75° 
is covered with a liquid of refractive index 34/24. What should be the angle of 
incidence of light on the clear face of the prism for which light is just totally 
reflected at the liquid covered face ? (Jt. Entrance '82) 

Solution : Let ABC be the Principal section of the prism with 4— 759, Let 
the face AC be covered with the liquid, 
Let f be the required angle of incidence 
of a ray on the clear face AB. The 
ray after refraction at AB is incident 
on AC and gets just totally reflected. 


al =? sin-? 
7 


l 
Amas™=2 sin 1125 


2 , 
Now, from figure, 22 ; -11. 


sini’ p, 
a re SL gee c PIRE 
sia gar i t vi sin 45 [^ i'2907 
r'=45°. But since r+r'=A — .. P= A—p! 75? — 45° 30° 


sin i ; 


$5 $i N^ S 
Again ap uh or, sin (=z X sin 30 ax uz MEL 4 


@ EXERCISE 6 
(A] Essay type questions 


1. What is refraction of light ? State the laws of refraction and define refractive Index. 
On which factors does the refractive index of a medium depend ? 

A light ray falls on a refractive medium €.&, a parallel glass plate, State under which 
condition the ray would undergo no change in direction, 

2. Point out the similarities and differences between the laws of reflection and refraction 
of light. [ Jt. Entrance '78 } 


Apply law of refraction to verify that sac I, where symbols have usual meanings. 
1 


Hence obtain the generalised Snell's law. 

3. Describe how you would tracethe path of a beam of light through a block of glass 
having plane faces, and show from the geometry ofthe diagram that (a) the incident and 
emergent rays are parallel; (b) the action of the glass block is to shift the incident ray 


P-II/7 
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laterally whose measurement depends on the thickness of the block and R.I. of the glass of the 
block for a given angle of incidence. A 

4. Find an expression for the apparent depth of a pond for nearly perpendicular incidence 
in terms of R. I, of water of the pond and its real depth. 

5. What is meant by total internal reflection of light? State the conditions under which 
this occurs, Define the critical angle and explain how the critical angle for a material in air 
depends on its refractive index. 

From the consideration of the critical angle, explain why a diamond examined in a beam of 
light sparkles more brilliantly than a piece of glass of the same shape. 

6. Show how a totally reflecting glass prism can be used instead of a plane mirror to turn 
a beam of lightthrough a right angle. Explain why a prism of the same shape made of ice 
could not be used for this purpose. ( Refractive index of glass— 1:5, of ice—1:3 ) 

Explain with a ray diagram the action of prismatic periscope. 

7. What are the special features of the reflection known as total internal reflection as 
compared to reflection from other surfaces ? Simply state, explanation is not wanted, 

Discuss the mirage effects as observed in deserts and in arctic region over very cold water 
surfaces. 

8. Describe how the apparent position of a heavenly body is affected by refraction due to 
the atmosphere. Explain the flattened appearance of the sun.at the sunrise and sunset, 

Explain the effect of atmospheric refraction on the duration of day light. 

9.(a) A beam of light is converging towards a point ona screen. A plane parallel plate 
of glass is introduced in the path of tihs converging beam. How will the point of convergence 
be shifted? Draw the ray diagram. { Z.I.T. 1974] 

(b) A monochromatic beam of light is refracted from vacuum into a medium of refractive 
index a, What is the refation between the wavelengths of the incident and refracted waves ? 

LELT. 78 | 

10. Draw a principal section of the prism, and show the path of a light ray through it, the 
refractive index of the material of the prism being greater than that of the surrounding 
medium. ; 

Comment on how the path of a light ray through the prism would change if the refractive 
index of the material óf the prism is less than that of the surrounding medium. 

11. (a) What is “angle of deviation” in the case of refraction of light by a prism? Derive 
an expression for this angle of deviation and describe with the help of a diagram how the 
angle of deviation varies with the variation in the angle of incidence, 

(b) Describe briefly the principle of operation of a totally reflecting prism. 


[ H. S. 78,'81] 


12. Show analytically or otherwise that a ray undergoes a minimum deviation by a prism 


when it makes equal angles with the faces on entrance and emergence, 
Comment on the path of a ray through an isosceles prism at minimum deviation, 


13. Prove that in the position of minimum deviation the ray passes through the prism 


e prism is set in this way. 
ve index of the material of a prism and 
[ H. S. '79] 


symmetrically. State one important application wher 
14. Determine the relation between the refracti 
its angle of minimum deviation, 


15. (a) An ink spot placed at the bottom of a slab of glass of thickness d and refractive 


index » is observed normally from above the slab. Show that the ink spot appears to be 
displaced towards the observer through a distance ( u—1 ) diu. 


(b) Show that if the angle ef a prism is greater than twice the critical angle for the 


material of the prism, no light can emerge from the prism after being refracted through it. 


y [ H. S. '80] 
16. If 4 bethe angle of a prism, j the refractive index and ô the deviation of a refracted 
tay through the prism, prove that for a very thin prism and small angle of incidence 
saa) a [ Jt. Entrance '82 ` 
17. “A ray is incident on the prism but there is no emergent ray" —Can you justify the 
statement ? State the conditions under which above is possible, 
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Show that the maximum refracting angle of the prism for which a ray of light incident 


normally on one face can just emerge from the other face is the critical angle for the material 
of the prism, 


[B] Short answer type questions 


l. State the relation between the refractive index of a medium and the velocity of light in 
it. Arrange the following media according to increasing velocity of light—vacuum, diamond, 
water, glass and air. 

2. Does the R. I, of glass depend on the colour of light. If so, how ? 

3. When a medium is called optically denser than another medium ? Which of the follow- 
ing media has highest optical density and which one has the lowest—air, diamond, glass, water 
glycerine ? 

4. Explain the Statement— the absolute refractive index of air at N.T.P. is 10002918”, 

5. A point source of light is seen through a Blass plate, Does the source appear nearer, 
farther away or at the same distance ? Explain your answer. 

6. Why a pond of clear water appears less deep than it really is ? 

7. “The bottom of a tank not only appears to be lifted up but actually appears to be 
curved up away from the Observer standing on the bank", — Explain the statement, 

8. Aman is aiming his rifle at the bull’s eye of a target. The air near the ground is 
warmer than it is at the level of the target: Will the man tend to hit the target above or 
below the bull’s eye ? 

9. Why do the Stars, specially near the horizon, twinkle but planets do not ? 

[ Jt. Entrance '84 j 

10. A beam of light entering at one face of the slab of transparent material with parallel 
faces, emerges from the Opposite face. Do you agree that if the faces are not parallel, the 
beam may not emerge from the slab ? Why ? 

ll. The critical reflection phenomenon is obseived with a right angled prism, and it is 
found that the light is totally reflected. Would the reflection be improved by covering with a 
metallic coating the polished surface at which the reflection takes place ? 

12, Explain why the portion of an empty test tube under water presents highly polished 
metallic appearance when it is viewed obliquely. 

13, If you desire to shoot a fish which could be seen in clear water, would you aim above 
or below the fish ? Explain your answer. 

14. Why a right angled prism a better reflector than a plane mirror ? 

15. Why the “total internal reflection" is “total” ? 

16. Peoples on the surface of earth, see the sun to describe daily an arc of a circle of 180°, 
but the fishes inside water sec it to describe an arc of a circle of about 98*. Explain. 

17. Explain the following phenomena : 

(a) On warm sunny days, asphalted road often appears to be covered with pool of 
water at some distance ahead of the Observer, which disappear when the Observer 
approaches it. 

(b) A piece of glass of irregular shape becomes invisible when it is immersed in a 
liquid of the same refractive index. 

(c) The surface of ground glass is white, but it becomes fairly transparent when wet. 

(d) Bubbles of air rising through a column of water appear shining. 

(e) A smoked ball dipped in water appears silvery white. 

(f) A stick, partly immersed in water and placed obliquely to the surface, appears 
bent at the surface, 

* (8) The air over an oven seem to shimmer, 

(h) The setting sun appears higher in the sky than it really is. [1.1 T.80] 

(i) A crack in a glass pane appears shining. 

G) Ordinarily glass is a transparent substance. But, when powdered, it becomes 
Opaque. If water is now poured over the powders, it becomes transparent again, 

18. What is critical angle? How it is related to the refractive index ? 
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19. What do you mean by the statement—*'the critical angle between water and glass is 
63? (nearly)." : 4 

* vis passing from air to glass at equal angles of incidence, a violet ray is found to 
undergo more deviation than a red ray. Which colour has greater velocity in the glass ? 
Explain. 

^. The critical angle of water is 49^— Explain. Draw a diagram to illustrate how a fish 
under transparent water enjoys a 180° field of view of all objects above water apparently all 
squeezed into a cone of vertical angle 98°, How will the surface of water look like to the fish 
under water. [E5105] 


[C] Simple Problems : 


1, Find the angle of refraction of a ray of light which passes from air into water at an 
angle of 45° ; given p for watere$. Find the deviation suffered by the ray. 
[ Ans. 32°2’ ; 12558'] 
2. The speed of light in air is 3x 10'? cm/sec. What is the speed of light in diamond of 
refractive index 2:4 ? { Ans. 1-25 x 10!* cm/sec ] 
3. The refractive index of glass is 1:5 and that of diamond is 2:4, Find the refractive 
index of diamond with respect to glass and the critical angie between diamond and esed 
[ Ans. 1:6;38:7*] 
4. A ray of light is incident on a glass plate of refractive index 15. If the angle between 
the reflected and the refracted ray is 90°, find the angle of incidence. [ Ans. 56°19’ } 
5, A ray of light travelling in a block of glass (y —1:5) is incident at an angle of incidence 
of 30* on one of the faces of the block. Some ofthe light emerges into the air and some is 
reflected internally. Find the angle between the refracted and reflected rays. — [ Ans. 101°24’ ] 
6. A glass plate is placed at the bottom of an empty container. A ray of light strikes its 
upper face at an angle of incidence of 60°. What is the angle of refraction inside the glass ? 
Water is then poured into the container to a depth of 45 cm. What will be the angle of 
refraction of the same ray inside the glass ? Given r. i. of glass and water to be 1:5 and 1:33 
respectively. [ Ans. 35°16 ; 35°16’ ] 
7. A ray of light is incident at an angle of 30° on the upper face of a rectangular slab of 
glass (u=1-5) having thickness of 5 cm. Show that the ray emerging from the bottom face of 
the slab is parallel to the incident ray but is displaced laterally with respect to the incident 
ray. Find the magnitude of the lateral displacement. [ Ans. 0:97 cm ] 
8. Aman is looking vertically downwards into a tank of depth 8 ft filled with water. 
Find the apparent depth of the tank, the refractive index of water being 1-33. [ Ans. 6 ft] 
9. A microscope is focussed upon an object. When a glass coverslip (R. I. of glass= 1-5) 
is placed over the object it is found that the microscope has to be moved upwards by 06 mm 
for clear focussing. Find the thickness of the cover slip. [ Ans. 1:8 mm] 
10. In an aquarium, a fish 6 cm long is swimming directly towards the plane glass front. 
If, at a certain moment, head of the fish is 18 cm behind the glass front, find the apparent 
length of the fish as seen by a person looking through the glass. Given R. I. of water=4/3, 
[ Aas. 45cm] 
11. An air bubble is situated inside a cubical glass block having side 15 cm. When 
viewed through a face, the bubble appears to be at a depth of 6 cm and when viewed through 
the opposite face, its apparent depth is 4 cm. What is the actual distance of the bubble from 
the first face and what is the refractive index of glass ? [ Ans, 9cm; 1:5] 
12. Apinliesat the bottom of a vessel 36 cm deep, filled with water. At what height 
above the surface of water should a second pin be placed so that its image formed by reflection 
at the water surface coincides with that of the first pin formed by the refraction. R.l of 
water 4/3. [Į Ans. 27 em] 
13. A microscope is focussed on the surface of a piece of paper. A piece of glass plate is 
interposed. The microscope has to be raised by 3 mm to bring the paper back into focus. 
The upper surface of the plate is then focussed by raising the microscope another 5 mm. 
What is the refractive index of glass ? [ Ans. 16] 
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14. A mirror is made-of glass plate (uy—1-5) 1*5 cm thick and silvered on the back. A 
man is 60 cm from the front face of the mirror. If he looks Perpendicularly into it, at what 
distance behind the front face of the mirror will his image appear to be t: [4ns. 62cm] 

15. A person looking through a telescope just sees a point A on the rim at the bottom of 
a cylindrical vessel when the vessel is empty, When the vessel is completely filled with a 
liquid of refractive index 1:5, he observes a mark at the centre, B, of the bottom, without 
moving the telescope or the vessel. "What is the height of the vessel if the diameter of its 
cross-section is 10 cm ? (4.1. T. 1977 ] ( Ans. 8:45 cm ) 

16. A glass hemisphere of radius 4 cm and refractive index 1*6 is placed centrally over a 
cross-mark (x) on a paper (i) with the flat face, (ii) with the curved face, in contact with the 
paper. Find in each case the position of the image of the cross-mark when viewed directly 
from above, 


above. Calculate the R. I. of glass, [ Ans. 15] 
20. The critical angle for light passing from fused quartz into air is 433°. Calculate the 
R. I. of fused quartz. [ Ans. 1:46 ] 


21. What is the critical angle at the interface between water and glycerine? In which 
direction must the light be going to have total reflection ? Given, R. I, of water-1:33 ; 
glycerine — 1:46, [ Ans. 65°38’ ; from glycerine to water ] 

22. What is the largest possible angle of refraction of a light ray incident upon a surface 
of rock salt ( R. Le1:54 ) ? Į Ans. 40:5° y 

23. In what direction must a fish in waterlook in order to see the setting sun? (pof 
water= 1:33) [ Ans, At an angle of 48:6* with the normal to the water surface. ] 

24. The critical angle for light incident on the Surface separating two liquids which do 
not mix is 64°48’. If the refractive index of one liquid is 1:40 and the velocity of light in 


other liquid, (Cambridge) [ Ans. 2:368 x 101 cm sec", 1:939 x 1010 cm sec-1 | 
25. A point source of light, at the bottom of a pool of water (u=4/3) 200 cm deep, emits 
Tays upwards in all directions, A circle of light is formed at the surface of the water by the 
rays which are refracted into the air. Calculate the area of this circle. [ Ans. 16:15 m?) 
26. A ray of light is incident on one refracting face of a 60° glass prism ( of p=1-5 )atan 
angle of incidence 30°, Calculate the angle of deviation of the emergent ray. [ Ans. 4755] 
27. A beam of light falls normally on the face of a prism with refracting angle of 30° and 
of R.I. 1-5. What is the deviation of the emergent Tay? — ( Cambridge Univ. ) [Ans. 18:67] 
28. A prism whose refracting angle is 60° causes a minimum deviation of 30° in an 
incident beam of light. What is the R. I. of the material of the prism ? [ Ans. 1:414] 
29. Find the value of minimum deviation which a ray of light passing through a 60° prism 
of R.I. 1-5 will suffer. Find also the corresponding angle of incidence. [ Ans, 37:2° 3 48°6° ] 
30. A prism of refractive index 1:5 gives an angle of minimum deviation equal to the 
angle of the prism. Calculate this angle. ( London Univ. ) [ Ans. 82°48’ ] 
31. The angle of a prism is 30°. One of the refracting surfaces of the prism is silvered. A 
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ray strikes the other refracting surface at an angle of 45°. If the ray retraces its path after 
reflection from the silvered surface, find the refractive index of the material of the prism. dá 
[ Ans. 1:414] 
32, The two faces adjacent to the right-angle of a right angled isosceles prism are silvered. 
Show that a ray of light incident at any angle on the hypotenuse face, after reflection at both 
the silvered faces, emerges out of the prism parallel to its initial direction. 
33. What is the minimum index of refraction of the material of a totally reflecting prism 
immersed in water ( y 1:33 ) ? [ Ans. 1:88] 
34. A ray of light makes an angle of incidence of 60° on one of the faces of a prism and 
suffers a total deviation of 30° on emergence from the other face, If the angle of the prism is 
30°, show that the emergent ray is perpendicular to the other face and calculate the refractive 
index of the material. (I. I. T.'69)[ Ans p=1:732) 
35. Aray of light is incident on one of the refracting faces of an equilateral prism at an 
angle of incidence 50°. If the ray undergoes minimum deviation, find the angle of minimum 
deviation and the R. I. of the material of the prism, [ Ans, 40° ; 1:532] 
36. Find the least angle of incidence for which a ray of light will pass without total inter- 
nal reflection through a prism of refracting angle 70° and refractive index 1:67, [ Ans. 66*12/] 
37. Find the limiting angle of a quartz prism for no emergent ray. R, I. of quartz — 1-46, 
[ Ans. 86°28’ } 
38. Find the maximum refractive index of a prism having refracting angle 90° which just 
permits the passage of light through it. [ Ans. V2] 


[D] Harder Problems 


1, A pile driven into the bottom of a pond, 4m deep, extends 2 m above the surface of 
water. Rays from the sun strike the water surface at an angle of incidence of 30°. Calculate 
the length of the shadow of the pile on the bottom of the pond, given pof water-4/3. 

[4ns. 2:773m] 

2. A swimming pool of depth D has a plane mirror-like bottom. It is filled up completely 
with water ( u=4/3 ). A shining object lies at a height H above the surface of water. A 
swimmer floating on the surface of water looks towards the bottom. Where shall he see the 
image of the objact ? [ Ans. ata distance 2D+4H/3 from him ] 

3. A vertical microscope is focussed on a point at the bottom of an empty tank, Water 
(refractive index 4/3) is then poured into the tank. The height of the water column is 4 cm. 
Another lighter liquid which does not mix with water and which has arefractive index of 3/2 
isthen poured over the water. The height of the liquid column is 2 cm. 

Whatisthe vertical distance through which the microscope must be moved to bring the 
object in focus again ? (I. I. T.'71) [ Ans. 1067 cm ] 

4. Arectangular glass slab is 3 cm thick. Light rays from a point on its lower surface 
strike the upper surface and after total reflection outline a circle of radius 4-8 cm on the lower 
face. Calculate the refractive index of the glass slab. ( Jt. Entrance, 1978 ) [ Ans. 1:6 ] 

5. A rectangular block of glass is placed on a printed page lying on a horizontal surface, 
Find the minimum value of the refractive index of glass for which the letters on the Page are 
not visible from any of the vertical faces of the block. (LET, 1979) | Ans. 1:414] 

6. Light enters a prism of anyle 4 at a grazing incidence to emerge at angle 0 with the 
normal, Show that the refractive index of the material of the prism is given by 

i 1 
a-[ 1+ (etn JT ( Jt. Entrance ’72 ) 

7, A concave mirror of radius of curvature one metre is placed at the bottom of a tank 
of water, The mirror forms an image of the sun when it is directly overhead, Calculate the 
distance of the image from the mirrer for two different depths 80 centimetres and 40 centi- 
metres of water in the tank, (LT, '68 )[ Ans. 50 cm , 47:5 cm] 

8. A straight rod partly immersed in water (j:=4/3) appears to be inclined at 30° with the 
surface when viewed vertically from air. What is the actual inclination of the rod ? 

[ Aas, 37°6°] 


tem 


m 
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9. A convex mirror of radius of curvature 48 cm is placed with its axis vertical at the 
bottom of a beaker, Water is then poured into the beaker uptoa height of 12cm. A pin is 
fixed on the axis of the mirror, 9 cm above the surface of water. Find (i) the position, with 
respect to the pole of the mirror, of the image of the pin formed by reflection in the mirror £ 
and (ii) the apparent position of this image, with respect to the water surface, as seen from 
above, Given, the R. I. of water=4/3, 

[ Ans. (i) 12 cm below the pole of the mirror ; (ii) 18 cm below the water surface ] 

10. A concave mirror of small aperture and of focal length 8cm liesona bench with its 
face upwards and a pin is moved up and down along the axis of the mirror. If the mirror be 
filled with a thin layer of water of refractive index 4/3, find at what point the image of the 
pin will coincide with itself. - [4ns. 12 cm above the surface of water ] 

ll. Avery thin hollow glass sphere of 4 cm radius is filled with a liquid of refractive 
index 1-5, A tiny air bubble C is situated on the diameter ACB of the sphere at a distance 6 cm 
from B. Determine the position of its image when it is viewed from the direction of B, 

[ Ans. at A] 

12. The image of a point source of light distant 18 cm from a concave mirror is formed 
at a distance of 9 cm from the mirror, A rectangular slab of glass of thickness 6 cm is 
interposed between the object and the mirror normally to the axis ofthe mirror. Ifthe 
refractive index of glass is 1*5, find the shift in the position of the image. [4ns. 6mm] 

13. Aright angled prism ABC has ZBAC- / ACB— 745^, and is made of glass of 
refractive index 1:60, A ray of light is incident upon the hypotenuse face AC so that after 
refraction it strikes face 4B and emerges at minimum deviation. What is the angle of inci. 
dence upon AC ? 

What is the smallest angle of incidence upon AC for which the ray can still emerge at AB? 
If the angle of incidence upon AC is made zero, what will be the total deviation of the ray? 

( London ) [ Ans. 37°45’; 10*9' ; 180°} 

14. A right angled prism is kept immersed in water, When a ray of light is allowed to 
be incident on one of the faces of the prism adjoining the right angle normal to the face, the 
ray is found to be totally reflected by the face opposite to the right angle and to emerge 
through the other face adjoining the right angle. 

But when the ray of light is allowed to be normally incident on the other face adjoining 
the right angle, it emerges through the face Opposite to the right angle and there is no total 
internal reflection, 

If the other two angles of the prism be 60° and 30°, what information Can you gather about 
the refractive index of the material of the prism? Given R. I of water with respect to 
vacuum= 1:33 and y3=1-732, ( Jt. Entrance 1971 ) | Ans. 2:661 1:536 J 

15. Three right angled prisms of refractive indices p, Ha, ps are fitted together so that the 
faces of the middle prism are in contact each with one of the 
Outside prisms. If a ray passes through the composite 
block without any deviation, show that 

paH pa? — uai 1 (17. T.'69j a, 


| 
6 | LENSES 
CHAPTER 


6:1. Lens. 


A lens is a portion of a transparent medium bounded by two polished surfaces 
of definite geometrical shape. Lenses with spherical bounding surfaces are most 
commonly used. These are called spherical lenses. We shall confine our 
discussion to these lenses only. Lenses with cylindrical bounding surfaces are 
called cylindrical lenses, 

Lenses are broadly divided into two classes, viz., (1) convex and (2) concave. 
Convex lenses are thicker at the middle than at the edges, These are subdivided 
into three types as illustrated in Fig. 6:1(a). 


DOUBLE PLANO CONVEX DOUBLE PLANO CONCAVE 
CONVEX CONVEX MENISCUS ‘CONCAVE CONCAVE MENISCUS 
(@) (b) 


Fig. 61: (a) Convex, (b) Concave Lenses 


(i) When both the surfaces are convex outside, the lens is called double 
convex. The radii of curvature of the surfaces may or may not be equal, If 
they are equal, the lens is called an equiconvex one, 

(ii) When one surface is plane and the other is convex, the lens is called 
plano-convex. 

(iii) When one surface is convex and the other is concave, the convex surface 
being of shorter radius of curvature than the concave one, then the lens is termed 
as convex meniscus or concavo-convex. 

Concave lenses are thinner at the middle than at the edges, These are also 
subdivided into three types viz., (i) double concave, (ii) plano-concave and 
(iii) concave meniscus or convexo-concave as illustrated in Fig. 6:1 (b). 


6:2. Some definitions, 


The line passing through the centres of curvature of the two surfaces of a lens 
is called its principal axis. In Fig. (6:2), C, and C, are the centres of curvature 


ee 
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of the surfaces AP,B and APB respectively. `The line XX’ through C, and C, 
is the principal axis. It cuts the lens surfaces at P, and Py. The distance P,P, 
measured along the principal axis is called the thickness of the lens, A lens 


A A 7: 
X O BRE x X C, BIR CG, x’ 
m eB ML E ON 
(a) (b) 
Fig. 62 


whose thickness is negligible compared to the radii of curvature of its two surfaces 
is called thin lens. The diameter AB of the lens is called its aperture, 


We shall be dealing exclusively with thin lenses with very small apertures so 
that the rays incident on and refracted by them can be treated as Paraxial, 


6:3. Action of a lens, 


A lens can be imagined to be made up of a number of small truncated prisms 
placed upon one another [Fig. 6:3]. In the case of a convex lens, the bases of 
these prisms are turned towards the axis of the lens [Fig, 6:3 (a)] whereas in case 
of a concave lens, the bases are turned away from the axis [Fig. 6:3 (b)]. In both 


— REL 
— D) E — 
: : EI 
TN Mae 
(5) 


(œ) 


Fig. 63 


the cases angles of these prisms change continuously ; the farther a prism is away 
from the axis, the greater is the angle between its faces. Now we know that the 
deviation produced by a prism for nearly normal incidence is D=(p—1) A, where 
A is the angle of the prism. Let us suppose that a bundle of rays moving parallel 
to the principal axis is incident on a lens, For such rays, the further a ray is 
away from the principal axis, the greater is its angle of deviation, 

Since the deviation produced by a prism is towards the base, the convex lens 
deviates the rays towards the axis ; the deviation increases with the distance from 
the principal axis. Ifthe angles of the prisms slowly change, all the deviated 
rays are brought to one definite point on the axis [ Fig. 6:3 (a) ]. Due to the 
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same reason the concave lens deviates the incident rays away from the axis. In 
this case also, the deviation increases with the distance from the axis [Fig. 6'3 (5)]. 
But here all the deviated rays appear to diverge from a point on the axis. 


Thus the action of a convex lens is to converge the incident rays towards the 
principal axis and the action of a concave lens is to diverge the rays away from 
the principal axis, Hence the names—converging and diverging lenses—are 
used for convex and concave lenses respectively, 


However, it should be remembered that a prism deviates an incident ray 
towards its base only when the R. I. of its material is greater than its surrounding 
medium, Fora prism having R. I. less than that of the surrounding medium, 
the incident ray deviates away from the base, Thus the effect is just the opposite 
in the case of convex and a concave lens, Generally we use glass lenses ( R. J.== 
1*5) in air (R, 1.=1), Hence a convex lens acts as a converging lens and a concave 
lens as a diverging lens. But if the R.I. of a lens is less than that of the surround- 
ing medium, a convex lens will behave as a diverging lens, while a concave lens as 
converging one. For this reason an air bubble in water behaves as a diverging lens, 


6°4. Optical centre, 


In Fig. 6*4 let C, and C, be the centres of curvature of the surfaces AP,B and 
AP,B respectively ofa lens AB. Let us con- 
sider two parallel radii C,Q, and C,Q, which 
meet the surfaces at Q, and Q, respectively. 

"CiO S= CiP r the radius of the 
surface AP,B, 

and C,0,—CsP,-r, the radius of the 
surface AP,B. Let us join QQ, which meets 
the principal axis at O, 

Now in A's C,0,0 and C,0,0, 
£C,00,= 7 C00, and / 0,C,;O=2 Q,C,0 

(° CQ: |l C:Qs and C,C, meets them ) 


Fig. 64 The A's are similar, hence 
C0 CQ. ri : 
GO G0, 5 5 P. (6:1) 


For a given lens, the positions of C, and C, are fixed and O divides C,C, in 
the fixed ratió of the radii of curvatures. Hence the position O is fixed for a 
given lens, i.e., for any pair of parallel radii C,Q; and C,Q,, the position of O 
remains the same. 


Let us suppose that a ray M;Q; is so incident on the lens surface at. Q, that it 
is refracted within the lens along Q,0 ; it will evidently emerge out of the lens 
at Qa Now, a small element of the lens surface at Q, is parallel to à similar 
element at Q, since both the elements are perpendicular to the parallel radii 
iQ; and C,Q,. Thus the ray passes as if it is refracted through the parallel 
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surfaces of a plate, Hence the incident ray M,Q, must be parallel to the emer- 
gent ray O,M,. This is shown in Fig. 6°4, where the ray M,Q, has been extended 
along the dotted line. 

If the lens be very thin, th en this lateral shift will be very small and M,Q,, 
Q:0, and Q,M, may be supposed to lie ina straight M 
line. Thus the ray M,Q, passes undeviated through 1 
‘the lens and it passes through the fixed point O [F ig. 

6:5]. This fixed point is called the optical centre of ) 
the Iens. Itis, therefore, defined as follows :— A Q; 

The optical centre of a thin lens is a fixed point Q2 9 
on the axis of the lens such that if a ray be directed 
towards this point it passes undeviated through the 
lens. M 

Now, for a lens of appreciable thinkness we have : 
from eqn. (6:1), Fig. 65 
—GP,-C,0 PO 


G0 GO, GB " GP CGP,-QO RO 
s (6:2) 


Thu , the optical centre divides the thickness of the lens in the ratio of the 
radii of curvature. 
Case I. For equi-convex or equi-concave lenses, [o dn 
P,O=P,0 
i. e., the optical centre lies within the lens, at the middle point. 


Case II. For plano-convex or plano-concave lenses, one of the surfaces is 
plane i.e., 
either r,— oc ry= oc 
^O P,O=0 } idle { P,0—0 
i.e., the optical centre lies at the point of intersection of the spherical surface 
with the principal axis, 


Case III. For meniscus lenses, it can be similarly proved that the optical 
centre lies outside the lens and on the side ofthe surface with smaller radius of 
curvature. 


Henceforth in the lens diagrams, though we shall be dealing with thin lenses, 
those will be drawn showing appreciable thickness only to indicate whether the 
lens is convex or concave. The ray will be shown to be deviated not at the two 
surfaces of the lens, but only at a plane passing through the optical centre and 
perpendicular to the principal axis. 


6:5. Sign convention. 


For refraction through lenses, the following sign convention is adopted in this 
text : 


(1) All distances are measured from the optical centre of the lens, 
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Expression for the focal length of a lens : It is evident that when a ray 
of light passes through a lens, it is successively refracted at the two surfaces. 
l'rom the consideration of such refraction it can be shown that the focal length f 


of a lens is given by Ly 


where r; and re are the radii of curvature of the lens surfaces and p is the retrac- 
tive index of the material of the lens (usually glass). 


If the surrounding medium be air (or vacuum), p is the absolute refractive 
index. If, however, the lens be situated in any other material medium, then p 
is the refractive index of the material of the lens w. r. t. the surrounding medium. 
As this is always smaller than the absolute refractive index, the focal length ofa 
given lens placed in air (or vacuum) will be smaller than that when the lens is 
situated in any other transparent medium. 


67. Geometrical construction of the image of an extended object. 


In order to determine by geometrical method the position of the image of an 
extended object formed by thin lenses, we must take at least two of the following 
three rays from an object point whose directions after refraction through the lens 
can be predicted. For simplicity, we shall consider the object PQ [ Fig. 6'9 ] to 


(a) 


Fig, 6:9: Formation of image by a lens 


be situated at P, perpendicular to the principal axis. From Q the three rays 
considered are : 


(1) The ray Q4 travelling parallel to the principal axis, after refraction 
through the lens, either passes through [Fig. 6:9 (a), for converging lenses] or 
appears to diverge from [Fig. 6°9 (6), for diverging lenses] the second principal 
focus F of the lens, 


(2) The ray QB directed towards the first principal focus Fy, alter refraction 
through the lens travels parallel t the principal axis. 


(3) The ray QO, directed towards the optical centre O of the lens after 
refraction through the lens, continues to move in the same direction without 
undergoing any deviation. 


In case of convex lenses { Fig. 6:9 (a)], the three ra i 
c " h ys after refract 
the lens meet at the point Q'. For concave lenses [Fig. 6:9 (5), xcd vom 
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refraction appears to diverge from Q'. In either case Q' is the image of Q. Q'P' 
drawn perpendicular to the principal axis represents the image of PQ. 
These diagrams so obtained, are called ray diagrams. 


6:8. The lens formula. 


'The relation between the object distance, the image distance and the focal 
length of a lens is known as the lens formula. It is derived as follows : 


In Fig. 6:10 (a) and (5), PQ is an extended object placed perpendicular to the 
principal axis. A ray QA, travelling parallel to the principal axis, after refraction 
through the lens either passes through [Fig. 6:10 (a), for convex lenses] or appears 
to diverge from [ Fig. 6-10 (5) for concave lenses] the second principal focus F. 


Fig. 610 


Another ray QO, directed through the optical centre O, goes on undeviated. In 
case of the convex lens, the two refracted rays meet at Q’, while in case of the 
concave lens they appear to diverge from Q'. In either case Q' is the image of 
Q. Q'P', drawn perpendicular to the principal axis, represents the image 
of PQ. 


In both the figures, from similar A's — P'Q'O and PQO, PO OE 


PQ OP 
ae > 10! LOI BE 
Also, from similar A's P’Q'F and OAF, "O4 OF 
: OP' PF 1 
Since PO—OA, we have OP OF (6:3) 


Let the object distance OP-—u, the image distance OP’=y and the focal 
length OF—f. 


(1) For convex lenses: According to the adopted sign convention, for 
convex lenses y is positive but both y and fare negative. Therefore, from Fig. 


6:10 (a), P'F—OP'—OF--(—v»)—-(—f)-f—v 
From eqn. (6:3), we have tal or, uf—uv=vf 
Dividing both sides by uvf, we get Il “7 ae Ut (6:4) 
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(2) For concave lenses; According to the sign convention, for concave 
lenses u, v and fall are positive. Therefore, from Fig. 6:10 (b), 
P'F=OF—OP'=f—v 
v_f—v 


From eqn. (6:3), we have m f 
or, uf—uv=vf or, Al et A. (6:5) 
‘ Ya 4 i 
Hence, for both convex and concave lenses, the lens formula becomes the 
PLE 
i ---=, ae vat 6:6 
same, viz , ety (6:6) 


From the principle of reversibility of light path, we can obviously conclude 
that if P’Q’ be the object [Fig. 6:10 (a), virtual object for Fig. 6:10 (b)], its image 
will be PQ. So the positions of the object and its image: are interchangeable or 
conjugate. Such a pair of interchangeable positions of object and its image are 
called coniugate foci, Hence, eqn. (6:6) is also called conjugate foci relation of 
a lens. 


6:9. Linear magnification, 


Referred to Fig, 6:10 (a) and (b), the linear magnification: (m), produced by 
both convex and concave lenses are given by, 
„size of the image P'O OP v 

size of the object PQ OP u 

Here u and v represent the numerical values of the object and the 
image distances. 

As stated earlier in the case of reflection by spherical surfaces [Art. 4-8], size of 
the object and image refers to only their linear dimensions (i.e., length, breadth 
or height) and not to their area or volume. 

Expression for m in terms of f and u or v : 

(i) Convex lens: For convex lenses, f is negative. Hence from lens 


(677) 


formula [eqn. (6:6)] we get, ECCE — 
Hence Læ. -3 or, <= Sy ae 
and ity or, lut 
Hence im ue ems A (6:8) 
T PEE s sé (6:9) 


(ii) Concave lens: For concave lenses, f is positive. Hence the lens 
formula given by eqn, 6:6 remains the same, i.e. 


SE er a 


sare em Hence y SA Fi or, EGP fd 
you i VET v if 
Peo Voy 
diee E mid i 
an uy f or, : 7 


LENSES 113 


H ae Jit z 
ence m=- Fru (6:10) 
Pe 
=o" aii I (6:11) 
610. Relative positions of the image for different positions of the 
object. 


(1) By ray diagram. 


For simplicity, we consider the objectto be situated perpendicularly on the 
principal axis, 


(a) Convex lenses. 


(i) Object at infinity: Let the object PQ lie at infinite distance from the 
lens [ Fig, 6:11 ] with the foot P on the axis produced. Rays from P may be 


[^] 


* | FOCAL... 
V PLANE ^ 


Fig. 6:11: Object at infinity 


rays, after refraction through the lens, meet at the focus F. Rays from the top Q 
of the object are also parallel to one another but they travel slightly inclined to 
the principal axis, These rays, after refraction through the lens, meet at the 
secondary focus F’ on the focal plane of the lens. Thus the image formed lies on 
the focal plane. It is real and inverted. Also it is extremely | diminished 
m size. 


(ii) Object between 2f and œ : When the object PQ lies at a distance 
between 2f and oc from the lens [Fig. 
6:12], two rays from Q, one parallel to Q 
the axis and the other passing through 
the optical centre, after refraction 
through the lens meet at Q'. Hence 
Q'P' drawn perpendicular to the prin- 
cipal axis represents the real, inverted 
image of PQ. From the figure it is 
evident that the image lies at a 
distance between f and 2f on the side of the lens opposite to that of the object. 


P-II/8 


Fig. 6:12 ; Object between 2f and o 
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The image is also diminished in size. Such images are formed in photographic 
cameras, 

(iii) Object at 2f: This case is illustrated in Fig. 6'13. Here the image is 
Q real and is formed at a distance 2f on the side 
ofthe lens opposite to that of the object. It 
is also inverted and ofthe same size as that of 
the object. . 

(iv) Object between f and 2f : When 
the object lies at a distance between f and 
2f, its image is formed beyond 2f on the 

Fig. 6:13 : Object at 2, opposite side of the lens [Fig. 6*14]. The image 
is real, inverted and magnified. Such images are formed by movie and slide 
projectors, epediascopes and photographic enlargers. 

(v) Object at focus: When the object PQ lies at the focus F of the lens 
(Fig. 6:15), a ray QO from the top Q passing through the optical centre goes on 


Q 


Fig. 614: Object between fand 2f Fig. 6'15: Object at focus 


undeviated, All other rays from Q after refraction through the lens, travel 
paraliel to this ray. Since the parallel rays may be assumed to meet at infinity 
the image in this case forms at infinity on the side of the lens opposite to that of 
the object. The image is real and inverted. It is also extremely magnified in 
size. 

(vi} Object within focus: This case 
is distinctly different from the previous 
cases, When the object PQ lies at'a distance 
less than the focal length of the lens, the 
rays from Q, after refraction through the 
lens, do not meet at a point, but appears 
to diverge from a point Q’ on the same 
side of the lens [Fig. 6:16]. Hence Q'P' 
drawn perpendicular to the principal axis 
represents the virtual image of PQ. The 
image is erect and magnified in size. Magni- 
fying glasses are actually convex lenses used Fig. 6°16 : Object within focus 
in this way. This type of image is also formed in microscopes. 
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(b) Concave lenses, 
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In case of a concave lens, the image P'Q' of the object PQ [Fig. 6:17] always 


lies on the same side of the lens as the object. 
Thus the image is always virtual, erect and 
diminished in size for any object distance. 
PQ moves 
towards the lens, its image moves from the 


As the object 


focus F towards the lens. 


The above facts are summerised in the 
following table for ready reference : 


Position of the | Position of the 


At infinity 
Between 
inf. and 2f 
At 2f. 


Between / 
and 2f 


At focus 


Convex 


Within f 


At infinity 


Between inf. 
and optical 
centre 


Concave 


Conclusions : 
discussions : 


For real objects ! 


from infinity 


Nature of the 
image 


At focus Real, inverted 


Between 

fand 2f 
At 2f. 

Beyond 2f 


At infinity 


Virtual, erect 


On object side 
of the lens 


At focus Virtual, erest 
Between focus i 
and optical 
centre 


(1) A concave lens always forms virtual images. 


(2) A convex lens forms a real and inverted image so long as the object lies 
at or beyond focus. When the object lies within the focus a virtual image is 


formed. 


Size of the 
image w.r.t, the 
object 


Extremely 
. diminished 


Diminished 


Same size 
Magnified 
Extremely 
magnified 
Magnified 


Diminished 


» 


The following conclusions may be drawn from the above 


(3) A virtual image always forms on the same side, while a real image always 
forms on the opposite side of the lens. 
(4) A virtual image is always erect, whereas a real image is always inverted, 
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(B) By lens formula, 


(a) Convex lenses ; 
For convex lenses, f is negative. Hence from lens formula [ eqn. (6:6)] 
we get, 


(i) When u— c, i.e., when the object lies at infinity, 


= SF or, v=—f 

which means that the image then lies on the other side of lens at a distance f 
from it. Hence the image is formed at focus and it is real and inverted, Also in 
this case u being infinitely large compared to v, linear magnification m&1 i. e., 
the image is extremely diminished. 

(ii) and (iii) When u=2f i.e., when the object lies at a distance 2f from the lens, 
Sars Si ted | l 
Ner o : 

Thus the image lies on the other side of the lens at a distance 2f from it. 
Hence the image is real and inverted. Also in this case m=1, i.e., the image is 
of the same size as the object. x 

Thus as the object moves from cc to 2f ( cc >u>2f ), the image moves on the 
other side of the lens from f to 2f( f<v<2f). Hence within this limit of object 
distance, the image always remains real and inverted. Again since u>2f, we 


we have or, v=—2f 


have from eqn. 6'8, ignoring the —ve sign, m= ZL T ie, the image is 
diminished in size. 

(iv) and (v) When u—f i.e., wheu the object lies at the first principal focus, 

Tb 
l-—-—-—-Ó or, v= 
. B 4 f f 

‘Thus in this case the image lies at infinity i.e., the rays from the object, after 
refraction through the lens become parallel to one another and may be assumed 
to meet at infinity on the other side of the lens. Hence the image is real and 
inverted, Also, y being infinitely large compared to u, m3» i.e., the image is 
extremely magnified, 

As the object moves towards the lens from 2f to f (2f >u>f ), the image moves 
away from the lens on its other side from 2f to infinity (2/<v< œ). Hence 
within this limit of the object distance, the image is real and inverted. Also since 
f<u<2f we may assume u— f--x where x is a positive quantity less than f. 

a m= taf >l ie. the image is magnified, 

(vi) When u<f, ie, when the object lies within the focus, since u<f, 

I | 


PIS 


Jb) yl Š 
hence Vy =a positive quantity 
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/. » must be positive, i.e., the image in this case lies on the same side of the 
lens as the object and hence it is virtual and erect. Also since u<jf, we may 
suppose f=u +x where x is a positive quantity less than f. 
m=- = cbr f ( neglecting the —ve sign ) 
Thus, in this case the image is magnified. 


(b) Concave lenses. 


For concave lenses, f is poste: Hence the lens formula given by eqn. 6:6 
remains the same, i.e., 
——- | ——-—--— 
you Sf ie ai eB aN 
Thus for any positive real value of u, vis positive. Hence the image is always 
formed on the same side of the lens as the object ; the image is always virtual: and 
erect. Also for any positive real value of u, we have from eqn. 6:10, 
f 
«I 
"ftu 


i.e. the image is diminished in size. 


6111. Image of a virtual object. 


In the adjoining figures 6:18 (a) and (b), a convergent beam of light is incident 
on a convex and a concave lens respectively. Q, the point of convergence of the 
beam lies beyond the lens. This point Q acts as a virtual object for the lens. 
After refraction at the lens, the beam converges to the point Q’. Q' is, therefore, 


(a) 


Fig. 618: Image of a virtual object 


the image point corresponding to the virtual object Q. The position of Q' can be 
determined graphically or by applying the lens formula. Care should be taken 
to note that in this case the virtual object distance, OQ, is negative. 

Formation of the image of a virtual object can be easily understood by apply- 
ing the principle of reversibility of light path to the figures 6:16 fora convex lens 
and 6°17 for a concave one. 

It should be noted that in such a case, a concave lens may forma real image. 
If, however, the virtual object distance OQ is greater than the focal length of the 
concave lens, the image will again be virtual. 

For a' convex lens, the image of a virtual object is always real and lies within 
the focus, 
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612. Simple identification of lenses, 


We know that a concave lens always produces an erect and diminished virtual 
image, while a convex lens always produces an erect but magnified virtual image 
if the object is placed within the focus of the lens, This fact can be utilised to 
identify whether a lens is a concave or a convex one. To do so, an object, say a 
finger, is held very close to the lens and is viewed from the other side of the lens. 
If the image appears to be erect and smaller than the obje t, then the lens is a 
concave one. On the other hand, if the image appears to be e: 'ct and larger than 
the object, then the lens is convex. 


613. Condition for casting real images of a fixed object on a fixed screen 
by a convex lens. 


Let us suppose that an object PO and a screen 5,8, are placed at a certain 
distance D apart and there isa convex 
lens 4B between them [Fig. 6:19]. We 
are now to find the condition for casting 
a real image P'Q'of the object, as pro- 
duced by the lens, on the screen. 

We know that when a convex lens 
forms a real image, the image distance 
vis negative. Moreover, the focal length 
fofa convex lens is also negative. Hence, 


B u a 
e the lens equation reduces to 
s SPEI 
Fig. 6:19 yen qu E 
Also here D=u+y or, v=D—4 
1 EDA Da 
D-u u f He uD—u) f 
or, u®— Du+ D, =0 A Si (6°12) 
This is a quadratic eqn, in u. Hence it has two roots given by, 
D+/D?—41Df 
of BR RD a SL 
a (6:13) 
- Ex 
and, u= d tima 


Now three cases may arise : 


Case I. When D'24Df i.e, when D>4f, both the roots Uy, ug are real, 
Hence if the distance between the object and the screen be greater than 4 times the 
focal length, the convex lens at two positions given by u=u, and u=uş will cast 
real images on the screen, 

Case Il. When D*-<4Df or when D<4f, both the roots arc imaginary. 
Hence in this case no real image will be formed on the screen for any position of 
the lens. 
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Case; When D'—4Df ie., when D=4f, the roots are real and equal 
( u= U= 2) Hence in this case a real image will be cast on the screen for 


only one position of the lens given by w=? =2f. 

Also, in this case the image distance y= D—u=2/, the same as u. 

Shortest distance between an object and its real image formed by a 
convex lens, 

From the above discussions we can conclude that fora real image to be cast 
by a convex lens on a screen, the minimum distance between the object and the 
screen should be 4 times the focal length of the lens. .Ifthe distance be greater, 
two real images will be cast for two different positions of the lens. On the other 
hand, if the distance be smaller, it is not at all possible by the lens to cast a real 
image on the screen. 

The relation between the displacement of the lens and ite focal length 
when real images are cast on the screen at two different positions of 
the lens : é 

From eqn. (6:13) we have for two different positions of the lens, 

seen ae aud au DV DD 
Now, if x be the displacement of the lens between its two positions, then 
X= —Up= V DI—4Df ' 
or, x*=D*—4Df 
PR 
D'—x Xx i (6:14) 


To show that for the two positions of the lens, the positions of the 
object and the image are interchangeable, 


The object distances corresponding to the two positions of the lens are given 
by u, and t. 
The corresponding image distances are 


nm Du PV 


and vee D—u DVD —4Df ELA 


From the above expressions, we have 
u= Vg and V= ilg 

So in the case of formation of image on a 
screen for two different positions ofa convex 
lens, if the object and image distances for 
its first position be u and v respectively, then 
the corresponding quantities for its second Fig. 6:20 
position will be v and y respectively [Fig. 6:20]. This means that the positions of 
the object and the image are interchangeable, 


120 ELEMENTS OF HIGHER SECONDARY PHYSICS 


This also follows from the symmetry of the modified lens eqn. : + 27; 
for convex lenses forming a real image. 
To show that the size of the object is the geometrical mean of the size 
of the images produced by lens at two positions. 
It is obvious from the Fig. 6-20 that the size of the images P'Q' and P'Q" at 
the two positions of the lens are quite different from each other. 
Let, O=PQ=length of the object 
T, — P'Q'—length of the image when the object distance is u 
T, —P'Q"—length of the image when the object distance is y 
Ir m, and m, be the magnifications produced at object distances y and y 
respectively, then 


mH oM 
E o (6:15) 
6 
I 2 
and m= o : 
HI. LETT 
Chis a EE =t 
o,  O-VEI, SN E (6:16) 
Relation between m,, m, and f. 
We have from eqn. (6:15), 
2. NT 
Wig Tiga ie Ut): (ur) 
Y VH uy uy 
Now, let u— v=x, the displacement of the lens. 
mom rr al 
x iw Sy sas 
x 
n f= zx 5 6°17 
on fa (617) 


6:14. Power of a lens : Dioptre. 


Power of a lens is a measure of its ability to converge or diverge a parallel 
beam of rays incident on it. We know that a lens of smaller focal length refracts 
the incident rays to converge to, or to diverge from, a point closer to the lens, 
In other words, a lens of smaller focal length produces larger convergence ( con- 
vex lens) or divergence (concave lens. Obviously, its power should be taken 


to be greater. Conversely, a lens of larger focal length should have smaller 
power, 


Thus, the power of a lens is defined as the reciprocal of its focal length. 


Le., power Pas 
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The unit of power is dloptre, which i: defined as the power of a lens having, 
1 metre focal length. Hence the power of a lens in dioptre is given by 
l : 
E ical length in mein dioptre s E (6:18) 
JE 100 
—. focal length in cm 
The unit ‘dioptre’ is sometimes written in short by the letter ‘D’. Opticians, 
who deal with spectacle lenses, adopted an universal convention viz., power of 
convex lens is positive, while that of a concave lens is negative. But in this text, 
focal length of convex lens is taken as negative and that of a concave lens as posi- 


tive. Hence we may write 
l 


dioptre a ve (6°19) 


E. meee ose T (6:20) 
100 
ax EE Ee e te 6:21 
o SR f in cm. $ 3} 


the power of a lens as expressed by eqns. (6:20) and (6:21) is not always adopted 
in all text books of physics. 


6:15, How to solve problems on lenses, 
[A] By ray tracing on graph paper : 
The problems of location of images in case of lenses can be solved by using a 


scale and graph paper in exactly the same way as used in connection with 
spherical mirrors [ vide Art. 414 (A)]. For a better understanding, here also we 
shall make use of a specific example : 

An extended object of length 10 cm is placed ata distance of 30 cm froma 
spherical lens of focal length 20 cm. Find the position, size and magnification of 


the image when the lens is (a) convex and (b) concave. : 
(a) Ona graph paper a horizontal line XX’ is drawn which serves as the 
principal axis [ Fig. 6:21 (a) ]. A convex lens LL’ is drawn, O being its optical 


TM Ti 


Fig. 621 (a) 


centre. Now choosing the length of one smallest division equal to 2 cm as unit, 
the focus F is located on the principal axis at the right hand side of the lens so 
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that OF=10 division=20 cm. PQ is the position of the object drawn perpendi- 
cular to the principal axis such that PQ—5 division=10 cm and OP=15 division 
—30 cm. For convex lens the object and the focus should lie on the opposite 
side of the lens. 

Two rays from Q are chosen—the ray QA travelling parallel to the principal 
axis, after refraction passes through the focus Fand the other ray QO directed 
through the optical centre O, after refraction goes on undeviated. The two 
emergent rays from the lens meet at Q', the real image of Q. Q'P’ is drawn 
perpendicular to the principal axis and it is the real, inverted image o! the 
extended object PQ. 

Now, from the figure, image distance OP'—30 division=60 cm and size of 
the image Q'P'—10 division—20 cm. Hence, magnification, 


` (b) In this case, the object PQ and the focus F lie on the same side of the 
lens [ Fig. 6:21 (b) ]. Using the same unit as in the previous case, both the object 


Fig. 621 (b) 


and the focus are located on the left side of the lens so that Qp— 15e division zs90 
cm, PQ —5 division=10 cm and OF=10 division=20 cm. 

As before, two rays from Q are chosen—the one QA travelling parallel to 
AASA after refraction appears to diverge from F and the other QO directed through 
the optical centre O goes on undeviated. The two emergent rays from the lens 
Mes ei aiten meet at Q' which is the virtual image of Q. Q'P' 
drawn perpendi to the principal axis constitutes an erect, vi tual ir 
the object PQ. erect, virtual image of 
From the diagram, image distance QP'—6 divisions=12 cm and size of the 
image Q’ P’=2 division —4 cm. Thus, magnification 


[B] By numerical method : 
In solving problems on lenses numerically, the following steps should be 
done : 


i First the data given in the example should be recorded with proper 
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« (2) Then the value of u, v, etc. with proper signs should be inserted in the 
lens formula. The sign of the symbol whose value is to be found out should never 
be changed in the equation. 

(3) After solving the equations the conclusion should be drawn according to 
the following scheme : 

(a) Positive focal length means that the lens is concave while negative focal 
length indicates a convex lens. 

(b) Ifthe image distance is positive, then the image is virtual and erect, while 
negative image distance indicates that the image is real and inverted. 

(4) The results should be verified, if possible, by drawing the ray diagram. 

Also, in solving the problems relating to two or more lenses used simulta- 
neously ; the image formed by the first lens which is nearer to the object, should 
be taken as the object for the second lens. 

Example 6 1. An object of length 2 cm is placed 45 cm in front of a convex 
lens of focal length 15 cm. Find the position, nature, magnification and size of 
the image. Solve this problem if the lens be a concave one with the same focal 
length. 


Solution: For convex lens: u-45cm, and f—--15 cm. 
From lens formula, 
foe fiasco 40 be c. 
sas or, v ae 22:5 cm. 


Hence, the image is real and inverted and its position is 22°5 cm away from 
the lens on the other side. 


rau 22°5 
Mi A = v —0:5 
agnification, D UN 0:5 
«^. Size of the image—size of the object x 0*5 
2-9.560:5—1 cm. 
For concave lens: u=45 cm, and f—15 cm. 

To E AG sie 
vi TESTS or, emer 11:25 cm, 


Hence, the image is virtual and erect and is formed 11:25 cm away from the 

lens on the same side as that of the object. 
Sy) 12:95 - 
Size of the image—2 x 0:25 0*5 cm. 

[N. B. Students are also advised to solve the problem graphically.] 

Example 6:2. A luminous object is placed at a distance of 60 cm in front of 
a lens and its image is formed 20 em behind the lens. Find the nature and the 
focal length of the lens. 

Solution: Here since the image is formed on the other side of the lens as 
the object, y must be taken as negative. 

Hence, u=60 cm and y= —20 cm. 
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From the lens formula : 
21 12 
20 60 f 
"Thus the lens is a convex one having focal length 15 cm. 
Example 6:3. 4 convex lens of focal length f produces n times mognified 


real image of an object. Show that the object distance is ED. 


or, feo) -—15 em. 


Solution : Here since the lens is convex and the image is real, both f and 
y should be negative. 


.. From the lens formula : ucc eU gp UT qot E 
; u 


1 
or, SHl =% or, stic 7 [- magnification, n=] 


2 
ox y= ltt DS 
n 


Example 6:4. An observer looks at an object through a convex lens of focal 
length 5 cm. If the object is at a distance of 3 cm from the lens, find the 
position, nature and magnification of the image. 

Solution: Here u—3 cm and f=—5 cm. 

<. From lens formula : i=- or, y=7°5 cm. 


Hence the image is virtual and erect and it lies on the same side 
at a distance 7°5 cm from the lens. 


Magnification, m= iem =2°5, 


Example 6:5, A luminous object is placed at a distance of 20 
cm 
convex lens of focal length 50 cm. Find the displacement of the i ad 
axis when the object is moved 10 cm towards the lens. 


Solution: Initially u—20 cm and f=—50 cm. 


T 1 
From lens formula : y 20 5g  " *—712-333 cm. 


Finally, u=20—10—10 cm. 


as the object 


From lens formula : $7 7739 7 Y9M9-125cm», 


«. The image is displaced towards the lens by a distance of 33-3— 19-: 
«208 cm. 5 


Example 6°6. An object placed at a distance of 3" from a conv 
x l 
image magnified 3 times. What is the focal length of the lens (1) vis Pa pe 
is real and (2) when the image is virtual? What will be the magnification in both 
cases when the object is shifted to a distance of 4" ? (JE Abiria; "33 ) 
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Solution: Magnification => 
or, $i Sys" 


(1) For real image formed by a convex lens, u is positive but y is negative. 
.. From the lens formula 
Lob 


——37 f or, f=—2°25" 
When u=4", we have, 
1 1 1 {ee SO 2 
HER emis s. SO yz z inch 


i.c., the image is real. 


es mar =P /4= 5 = 9 


(2) For secs a both u and y are positive. Hence, 
1 


- i7; or, f=—+5" 
When u=4", we have 
1-4 --is oo  y=236" 
i. e., the image is virtual k 
S6 m= -—— =$ 9 


Example 6:7. A lens focusses an image of a negative on a screen, the linear 
magnification being 3. When the distance between the lens and the screen is 
increased by 10 cm, the position of the negative being adjusted to keep the image 
focussed on the screen, the magnification is 5. Find the focal length of the lens. 

Solution : Since the image is focussed on the screen, it must be real ice. 
y must be negative. 


From lens eqn. j -L-Y7; 
lock l VACINA 
or, TW or, l+ ee 
or, Lem-— y. [5 m=~| 
m=—( i+) 


Now, in the first case, m=3 


a 3=—( 1+ 7) “i Re 2 


and in the second case, m=5 
uy v+10 i 
52-— —j}j=—[ 1 Y ii 
( Ite ) ( NE (ii) 
where »' is the new image distance which by question is equal to y 10. 
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From (i) and (ii), 


Hence the focal length of the lens is 5 cm and the lens is a converging one. 


Example 6:8. The distance between a lamp and a screen is 49 cm. Find the 
position of a convex lens of focal length 6 cm placed in between them to cast a 
real image of the lamp on the screen. 

Solution : Let u be the distance of the lens from the lamp. Hence the 
image distance is 49—u. Here the image distance and the focal length both are 


negative. 
l PSS 
From iens formula, ay ear oe 
49 24 d 
— = —— —-49 € UE 
Opa ee or, w*—49u4-294—0 
or, (u—42)(u—7)=0 2s. u—42 cm or, Jom. 


The lens should be placed at the distance 42 cm or 7 cm from the lamp. 


Example 6:9. The power of a lens is +5D. Find the nature and the focal 
length of the lens. 


Solution: Let f cm be the focal length of the lens. 


Power of the lens in dioptre— 5 <. f=—20cm. 


Hence the lens is a convex one having focal length 20 cm. 


Example 6'10. A convex lens of focal length 30 cm is placed to interrupt a 
converging beam of light which in the absence of lens converges to a point A at a 
distance 50 cm away from the position of the lens. The beam now converges 10 
point B ; find the distance of B from the lens. i 

Solution: Here the point A serves as the virtual object for the lens and the 
point B as its image. Since the point A lies on the other side of the lens the 
object distance u must be negative. Also fis negative since the lens is a ive. 
one. 


From lens formula : AL OT nil. 
y —50 30 
1 l 1 8 
9 Sao i a le iiem. 


.. The point B lies on the same side as that of A and at a distance 18:75 
from thé lens. 5 cm 
Example 6°11. A convex lens ( p=1'5) is immersed in wate 
r sz 
Will the focal length change? If so, how ? [ Jt. ed +9 


Solution : We know focal length f of a convex lens is given by 


1 1 1 

= —(p—1) | —4+— 

pal) (7-45, 

where p is the R, I. of the material of the lens w. r, t, the surroundin di 
and r, and r, are the radii of the lens surfaces, When the lens amen 
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immersed in water the R. I. of its material w.r.t. the surrounding medium (water) 
changes and hence its focal length will change. 

We have, if the suffixes a, g and w stand for air, lens material and water 
respectively, 
aMg=lS=g and ,54,—1:33—4 ( approx. ) 


Now, let f, and f,, be the focal lengths of the lens placed in air and water 
respectively. Then 


P n fà 
1 1 1 
and gawad [LÁ 
Sw a =I _} n — 
yas ce Sy 


i.e., if immersed in water the focal length of the lens will become four times its 
focal length in air. 


Example 6:12. An object of length 2 cm is placed at a distance of 15 cm to 
the left and perpendicular to the axis of a converging lens L, of focal length 30 
cm. A second convex lens Ly of focal length 20 cm is placed coaxially to the 
right of the lens L at a.distance 10 cm from it. Find the position, nature and 
size of the final image. 

Solution : For refraction through the first lens L, we have, 

u4—15 cm, fi=—30 cm. 
If v, be the image distance, we have from the lens formula, 
Se de os * 4-30 cm 
Wi 15 30 deed E 
i.e., the image lies on the left side of the lens. Also in this case,” 
magnification, m" -7 =2 
^. Size of the image=Size of the object x my=2 x 2=4 cm. 
This image acts as the virtual object for the second lens L}. 
.. For refraction by L, we have, is 
: 1530 -- 10—40 cm and fy=—20 cm, 
If v, be the distance of the final image from the “lens Lẹ we have from the 
lens formula : ; 
pud 1 
^ rA O0 
ie. the final image is furmed on the right of the lens La and hence the final 
image is real, Also, in this case, the size of the object=size of the first image 
= 4 cm, and the magnification, 


Or, vg=—40 cm. 


Ve 
m= Ll. 
m 


Size of the final image—4 x 1—4 cm. 
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Alternatively : The magnification of the final image with respect to the size 
of the object, m=m, x m,—2x1-2. 

Size of the final image=Size of the object x m—2 x 2—4 cm. 

Example 6-13. A convex lens of focal length 10 cm and a concave lens of 
focal length 15 cm are placed co-axially at « distance of 5 cm from each other. 
An object is held on the axis 15 cm beyond the convex lens on the side opposite 
to the concave lens. Find the position of the image. 


Solution : For refraction by convex lens u—15 cm and f——10 cm. 
: L Dat] TESE 
.. From lens formula : Soa TS or, v=—30 cm. 


Thus the image formed by the convex lens alone lies at a distance of 30 cm 
from the convex lens on the other side as the object. This image acts as the 
virtual object for the concave lens, Since it lies at a distance of 30—5—25 cm 
from the concave lens on the other side of the lens, we have for refraction by the 
concave lens, 

u=—25 cm and f—15 cm, 
Fone ees 
37:595. 1 


.. From lens formula : or, v=37'5 cm. 


Hence the final image is formed at a distance of 37:5 cm from the concave lens 
- on the same side as the object. 


Example 6:14. A real image L:25 cm long is formed on a screen held 
perpendicular to the axis of a convex lens. A concave lens is placed between 
the convex lens and the screen, and the screen is moved to receive the image. 
The final image is now 5 cm long, the screen being 60 cm from the concave 
lens. Calculate the focal length of the concave lens. 

Solution: Here the real image formed by the convex lens acts as the virtual 
object for the concave lens. 1 

Let u and v.be the object and the image distance for the concave lens. Then 
by question, 

(i) uis negative 
(ii) v=—60 cm. and 
— Size ofthe image _ 5 


m y 
ni = ee SS e 
(iit) m u size of the object 1:25 : 
or, IE or, pene =15 cm, 
u 4 3 
Hence, u=—15 cm. [ from (i) ] 
1 | 
From lens f : ——— c = = y 
m lens formula =O cp or, f=20 cm. 


Hence the focal length of the concave lens is 20 cm. 


6:16. Spherical aberration in ienses. 

As in spherical mirrors, the images produced by lenses also suffer from the 
defect of spherical aberration. This arises when the aperture of a lens is 
sufficiently large so that the rays incident near its rim can no longer be treated as 
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paraxial, The phenomenon of spherical aberration in a convex lens is illustrated 
in Fig. 6:22. The paraxial rays from a point object P on the principal axis, 
after refraction by the lens meet at P, on the axis. Rays incident on the lens near 
its rim, called the marginal rays, after 
refraction meet at P, closer to the lens. 
Rays incident on the intermediate zones 
of the lens, after refraction, meet bet- 
ween P, and P, If a screen is held 
normal to the principal axis at Py 
instead of a sharp point image, an illu- 
minated circular disc will be obtained Fig. 6:22 
on it. It will have maximum illumination at the centre. The illumination 
decreases with the distance from the centre. No sharp image will be obtained, for 
any position of the screen. As the screen is moved gradually from P, to Pg, the 
illuminated disc varies in diameter and in the pattern of illumination. However, 
at the position C of the screen, the disc will have least diameter and it will be 
more or less uniformly illuminated. This is 
the nearest approach to the image of P and 
is called the circle of least confusion. The 
best mage is obtained if the screen is held at 
The diameter of the circle of least confu- 
sion is taken as the measure of transverse 
spherical aberration while the distance P,Pe 
between the images formed by paraxial and 
marginal rays is taken as the measure of 
Fig. 6:23 longitudinal spherical aberration. 


‘The phenomenon of spherical aberration in a concave lens is shown in 
Fig. 6°23. E 


6:17. Remedy of spherical aberration in lenses. 


There are various ways of minimising spherical aberration in lenses, Somé 
of them are discussed below : 


(1) Use of stops. 

It follows from the above discussions on spherical aberration that if either the 
marginal rays or the paraxial rays from an object are cut off, the image produced 
will be sharp and free from spherical aberration. To cut off the marginal rays, a 
stop which consists of an opaque screen S having a small hole in it [Fig. 6:24 (a)] 
is held between the object and the lens, with the centre of the hole lying on the 
principal axis. This minimises spherical aberration, But use of this type of stop 
introduces another defect in which different parts of the object is less resolved in 
the image. Thus the resolving power of the lens decreases by this type of stops. 

To cut off paraxial rays, an opaque disc having diameter less than that of the 
lens is placed before the lens with its centre lying on the principal axis 


P-II/9 
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(Fig. 624 (6)]. This type of stops was first suggested by Lord Rayleigh and its 
use minimises spherical aberration as well as maintains the resolving power of 
the lens. 


S 


(@) (b) 
Fig. 6:24 

However, it should be mentioned here that the brightness of the image is 
reduced by the use of both types of stops. 

(2) Use of plano-convex lenses. 

From the Fig. 6:22, we see that the marginal rays suffer greater deviation 
than the paraxial rays. It can be easily understood from the figure that if the 
marginal rays are made to suffer the minimum deviation, then the point P, will 
come closest to P, and the spherical aberration produced will be least. We 
should remember that the deviation produced by a prism is minimum when the | 
angle of incidence is equal to the angle of emergence, or in other words, when the 
total deviation is equally divided between the two refracting faces. Asa lens may 
be supposed to be made up ofa large number of truncated prisms the same 
consideration should hold true for the minimum deviation of the marginal rays, 

Hence in general we can say that the spherical aberration will be minimised when 
a lens is so shaped or used that the total deviation suffered by a ray is distributed 
equally between the two refracting surfaces. 

A plano-convex lens is often used as the objective of a telescope or ofa 
microscope. Inthe case ofa telescope, rays from the distant: object are more or 
less parallel. In this case the curved surface of the plano-convex objective must 
face the incident rays, so that deviations produced by refraction at the two surfaces 


(a) (b) 
Fig. 6:25 
are more or less equal [Fig. 6:25 (a)]. On the other hand, if the plane surface faces 
the incident parallel rays there is no deviation at the first surface [Fig, 6:25 (b)]. 
and therefore spherical aberration is not got rid of. Inthe case of a microscope, 
however, the object is quite near at hand. Rays from the object are very much 
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diverging. In this case the plane surface must face the incident ray, so that devia- 
tions are almost equal at the two surfaces [Fig. 6°26 (a). But if the curved 
surface faces the inci- 
dent rays the deviations 
atthe two surfaces are 
far from being equal 
[Fig. 6:26 (b)] and 
spherical aberration is, 
therefore, not mini (a) (b) 
mised. Fig. 6:26 
(3) Use of two convex lenses, 


Spherical aberrátion can be minimised by using two convex lenses separated 

j 5 by a distance d equal to the difference of their focal 

1 lengths [Fig, 6:27] i.e., dfi —fs 

The light should be incident first on the lens of 
larger focal length. 

(4) Use of crossed lens. 

A crossed lens isa double convex lens. Usually 
Fig. 6:27 R. I. of its material is 1:5 and in that case the ratio 
of the radii of curvature of its two surfaces is made equal to 1 :6. It can be 
shown mathematically that when the incident rays are parallel, the spherical 
aberration of a crossed lens is minimum if it is used with more curved surface 
facing the incident rays. If the incident rays are not parallel, the spherical 
aberration of such a lens is reduced to minimum ifthe more curved surface 
faces the rays incident or emergent—which are more nearly parallel. 


A crossed lens is, however, very costly, In optical instruments, therefore, 
plano-convex lenses are generally used instead of crossed lenses. These are less 
costly and with regard to spherical aberration these are almost as effective as 
crossed lenses. 

(5) Use of convex and concave lenses, 


Spherical aberration produced by a concave lens is of opposite sense to that 
produced by a convex lens. Hence a suitable combination of a convex anda 
concave lens can minimise the spherical aberration. 


@ EXERCISE @ 
[A] Essay type questions. 


1. Whatisalens? Describe various types of spherical lenses. 

“A lens can be conceived of asa number of small truncated prisms placed one upon 
another"—Justify the statement for explaining the action of convex and concave lenses. 

2. Define optical centre of a lens, Show that it devides the thickness of the lens in the 
ratio of the radii of curvature, Locate its position for (i) equi-convex and equi-concave lenses 
(ii) plano-convex and plano-concave lenses. 

What do you mean by a thin lens ? 
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3, Define aperture, principal foci and secondary focus of spherical lenses. Is the secondary 


focus a fixed point ? Explain. i 
Show La to find, by geometrical constructions, the position of the image of an ex- 


tended object by spherical lenses. 
4. aseri a relation between the object distance, image distance and the focal length 
of a lens. ( H.S. °79 ) 


Why the relation is termed as conjugate foci relation ? 

5. What is linear magnification produced by a lens? Express it in terms of focal length, 
object distance or image distanco, 

6. Draw diagrams to illustrate the position, nature and size of the image formed by a 
convex lens of focal length f when the object lies at a distance (/) equal to infinity (il) between 
infinity and 2f (iii) equal to 2f (iv) between 2f and f (v) less than f. 

Can you supplement your answers by using lens formula without actually drawing the 
diagrams ? 

7. Show graphically or from lens formula that a concave lens always produces virtual 
images of diminished size whatever be the distance of the object from it except zero. 

8. Whatdo you mean by a virtual object for a lens? Show thata concave lens can 
produce a real image of a virtual object. 

9. Explain with the help of neat diagrams how the image of an object is forn ed by a 
convex lens —(i) when the image is real and magnified, (ii) when the image is real and dimi- 
nished, and (iii) when the image fs virtual, (H S. '79) 

10, (a) An erect image of an object is formed by two convex lenses of equal focal length. 
Show that the least distance between the two lenses must be equal to twice the focal length of 
either, Draw the ray diagram to illustrate the answer. 

(b) A plane mirror is placed at the focal plane of a convex lens, An object is placed on 
the other side of the lens between its focus and twice the focal distance, Locate the image 
graphically. 

11. Obtain the conditions for casting images of a fixed object on a fixed screen by a con- 


vex lens. Hence show that the expression f=% =Z? gives the relation between the displace- 


ment (x) of the lens and its focal length (f) when real images are cast on the screen at two 
different positions of the lens, d being the distance between the object and the screen, 

12. Show that for a convergent lens forming a real image, the shortest distance between 
the object and image is related to the focal length of the lens ; find the distance. 


the screen at two positions provided the distance between the object and the i 

than four times the focal length of the lens. = PERI Stealer 
Also prove that the size of the object is the geometrical mean of the size of 

produced by the lens at two positions, of the images 
If m, and m, be the magnifications produced by the lens at the two ti 

relation between the focal length of the lens and m, and Ph. positions, find a 

14. (a) Explain what do you mean by the power of a lens. What is its unit ? 

(b) Prove that the area of the image of the moon produced by a convex lens is propor. 
tional to the square of the focal length. What happons to the image if a part of the lens is 
covered by a black paper ? (LT. 1969 ) 

15. A beam of diverging rays is incident on a convex lens, the aperture of the lens being 
sufficiently large, Comment onthe formation of images by such a lens and point out defect 
in imaging, if there is any. 

16. (a) How does spherical aberration in lenses originate ? Explain the different methods 
by which the spherical aberration is minimised. A 

(b) Explain why in telescope the curved surface of the Objective faces the incident 
while in microscope the plane surface of the same faces the incident ray. pad 
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17. (a) What are meant by paraxial rays, marginal rays, the circle of least confusion and 
the stop that arise in consideration of spherical aberration in lenses. 

(b) Discuss the relative advantages and disadvantages of the crossed lenses over the 
plano-convex lenses for removing spherical aberration. 


[B] Short answer type questions. 


1. Why a convex lens is termed as converging lens while a concave lens is termed as 
diverging one ? 

2. You are given a lens through which you can look but which you are not allowed to 
handle. What tests would you apply in order to determine if it is concave or convex ? 

3. How does the focal length of a lens depend on (a) the refractive index of the material 
of the lens, (b) the nature of the surrounding medium, and (c) colour of the incident light? 

4. Under what condition first principal focal length of a lens equals its second principal 
focal length ? 

5. The image of a candle formed by a convex lens is obtained on a screen. Will full size 
of the image be obtained if the lower half of the lens is painted black and made completely 
opaque? Illustrate your answer with a ray diagram. CLIT. '27 ) 

6. (a) A concave lens made of a material of refractive index p is immersed in a medium 
whose refractive index is (i) greater than (ii) equal to (iii) less than p. When.a parallel 
beam of light is incident on the lens, trace the path of the emergent rays ineach of the above 
cases. (LLT. 73) 

(b) Answer the above question replacing the concave lens by & convex one of same 
material. 

7. Can areal image formed by a concave lens? State with reasons. 

8. What should be the aperture of a lens in order to produce a complete image of a 
distant object ? Compare this case with the corresponding one for a plane mirror. 

9. Does the mercury thread in a thermometer appear to be broader or narrower than it 
really is? Explain. Á 

10. State which of,the following statements are true :—Ifa converging beam of light is 
incident upon a concave lens,t he image (i) is always real, (ii) is always virtual, (iii) may be 
real or virtual, depending upon the convergence of the beam and the focal length of the lens, 
Also develop by ray diagram the actual result. 

11. A lens of glass is placed in (i) air and (ii) water. Will its focal length differ in the 
two cases ? If so, indicate the nature of the change. 

12, Fora thin converging Jens (i) what isthe minimum distance between an object and 
its image if the image be real? (ii) What is the minimum distance if the image be virtual ? 

13, Answer the following questions with scientific explanations : 

(a) Bubbles in water act as what type of lens ? 

(b) What is the focal length and power of a parallel glass slab ? 

(c) To get an image of same size as that of the object, where should the object be 
placed with respect to a convex lens ? 

(d) What type of lens would you use in a slide projector ? Where should the slide 

* be placed ? 

(e) A spherical mirror has a single focal point whereas a lens has two focal points, 
Why? 

(f) Under what conditions a convex lens will behave as a concave one and vice-versa ? 

(g) What type of lens would you use and where the object is to be placed so as to 
obtain (i) a virtual and magnified image, (ii) a virtual and diminished image, (iii) a 
real and magnified image, (iv) a real and diminished image ? 


[C] Simple Problems, 


1. Allens of 15 cm focal length produces a real image of an object on a screen when the 
screen is held 30 cm from the lens. Find the distance of the object from the lens, Calculate 
also the power of the lens, [Ans. 30cm.; 4667D] 
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2. An object 4 cm high is placed perpendicularly on the principal axis of a convex lens 
at a distance 60 cm from it. If the focal length of the lens be 50 cm, find the position, nature 
and size of the image produced. [ Ans. 300 cm beyond the lens ; real, inverted ; 20 cm ] 


[4ns. 15in before the lens, virtual, erect ; 7-5 cm ] 

4, Find the position, nature and the size of the image of an object 5 cm long which is 
viewed through a diverging lens of focal length 20 cm placed 30 cm from it. 

[ Ans. 12cm before the lens ; virtual, erect ;2cm| 

5. An object of height 1 cm is placed at a distance of 20 cm from a thin lens and the 

image is found to be 3 cm high and real, What kind of lens it is and what is its focal length ? 


length if the image is real ? [ Ans. Convex , —33:33 cm, —20 cm] 
7. The image of a needle formed byaconcave lens of focal length 20 cm is one half as 
the length of the needle. Find the position of the needle, [4ns. 20 cm from the lens] 


8. Anobject is placed 10 m from a screen, What type of lens should be used to cast its 
image 19 times magnified on the screen ? Find alsothe position and the focal length of the 
lens. [Ans. Convex , between the object and screen, 0*5 m from the object ; —47-5 cm ] 

9. Theimage of an object formed by a convex lens is 3 times magnified, If the focal 
length of the lens be 15 cm find the positions of the object when the image is (a) real and 
(b) virtual, [ das. (a) 20cm (b) 10 cm from the lens } 

10. A lens forms a virtual image 24 cm from the lens when an object is placed 16 cm from 
it. Find the power of the lens, [ Ans, +208 Dj 

11. Find the focal length of the projector-lens which Projects the image of size 60x60 cm 
of a slide on a screen 2:4 m away, the slide being of the size 3x3 cm. [4ns. —11:43 cm ] 


area of the image formed on a screen is nine times that of thesquare. Find the distance of 
the screen from the lens and the focal length of the lens, [ Ans.. 45 cm, 11:25 cm] 
13. The sun subtends an angle of 30’ at the point of observation on the earth, Calculate 
the radius of the sun's image formed by a convex lens of focal length 36 cm, 
[4ns. 1:57 mm ] 
14. A pen of length 6 em is placed along the axis of a convex lens of focal length 12 cm, 
The nib of the pen points towards the lens, its tip being at a distance of 30cm from the lens, 
What will be the position and character of the image ? 
[ Ans. 2cm long along the axis, the nib pointing away from the lens, the ti i 
ftom the le d » the tip being 20 cm 
15.. For a convex lens, prove that ÜV-f* where U and V are the object and i 
distances from the respective principal foci of the lens, i ed 


17. An object is D cm from a screen. A Convex lens forms i 
Screen. When moved through a distance x cm, it forms another Ci e aan nai a 
ratio of the sizes of the two images produced is ( D 2, 

18. When an object is placed 60 cm distant from a lens, its i 
side of the lens at a distance of 300 cm from the lens, If the oar ^ er a Warton 
the lens, by how much would the Position of the image move ? (H.S. 78) [4ns, 500 HUM 

19. A lamp is placed at a distance of 60 cm from &convexlens, A rea] image is one 
by the lens at a distance of 20 cm from it. Find the displacement of the image if the lens is 
now shifted towards the lamp by 30 cm. [ Ans. 20 cm towards the lamp ] 
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20. A luminous object and a screen is held 1 m apart. A converging lens is placed between 
them at a distance of 20 cm from the object and a real image is cast on the screen. Where 
else can the lens be placed to produce a real image on the screen? Find also the power of 
the lens, [ Ans. Between the object and the screen, 80 cm from the object ; +625 D ] 

21. Aconvex lens forms an image of an object on a screen placed 80 cm from the object. 
On moving the lens 40 cm towards the object, the image is again formed onthe screen. What 
is the focal length of the lens ? { das. —15cm] 

22. A converging lens forms a 2 times magnified image of a lamp on a screen, When the 
Jens is moved 30 cm towards the screen, the image reduces to half the size of the lamp. Find 
the focal length of the lens. [4ns. —20 cm] 

23. A thin converging lens of 20 cm focal length, placed in a certain position between a 
fixed object and a fixed screen, gives an image on the screen, When the lens is moved 20 cm 
towards the screen, an image is again formed on the screen. Find the separation of the object 
and screen, and also the magnification of the image in each case. 

{ Ans. 84-7 cm ; 1:62, 0:62 ] ( Oxford Univ. ) 

24. The distance between a lamp and a screen is 64 cm, Find the position of a convex 
lens of focal length 7 cm placed in between to cast a real image of the lamp on the screen. 

[ Ans. 8cmor 56 cm from the lamp} 

25. A beam of light is converging to a point I0 cm beyond a concave lens of focal length 
30cm. To what point will it converge after refraction at the lens ? A 

` { Ans. 15 cm beyond the lens ] 

26. A converging beam of rays passes through a concave lens and meet at a point distance 
18 cm from the lens. On removing the lens, the point of convergence shifts through 6 cm 
towards the place where the lens was. Determine the focal length of the lens. [Ans. 36 cm] 

27. Rays of light are converging from left towards a point A, A convex lens of 20 cm 
focal length is then placed 15cm from A, so as to intercept the rays before they meet at 4. 
If they now meet at B, find the distance AB. Where, should the lens be placed so that after 
passing through it, the rays might appear to diverge from B ? 

[ Ans. 6:4 cm to the left of A , 8-56 cm to the right of A4] 

28. A convex lens of focal length f casts a m-times magnified image of an object on a 
screen. If the distance of the object from the screen be x, show that f mx/(1--m)*: 

29. Two point sources of light are placed on the principal axis of a convex lensata 
distance of 36 cm from each other. Where should the lens of focal length 10 cm be placed in 
order that the images of both the sources are formed at the same point ? 

[ Ans. 6cm from either source } 

30, An optical system consists of a convex and a concave, lens of focal lengths 40 and 30 
cm respectively placed 10 cm apart. Where should a point source of light be placed for this 
system to give a beam of parallel rays. { Ans. At infinite distance from the system ] 

31. An object is placed at the point 4, 20 cm in front of a convex lens of focal length 20 
cm. A concave lens of focal length 30 cm is placed 10 cm behind the convex lens. Determine 
the position, size and nature of the final image.  [4ns. at A, 1*5 times magnified, virtual, erect} 

32. A convex lens of focal length 12 cm is placed 12 cm from a convex mirror of focal 
length 6 cm. An object is placed midway between the lens and the mirror. Where should a 
screen be placed to get a real image of the object? What is the size of the image? Is it 
erect or inverted ? 

[ Ans. 60cm from the lens on the other side ; twice the object size ; inverted ] 

33. Two convex lenses each of focal length f are placed at a distance 3f apart. For 
what positions of the object will a real image be formed by this combination of lenses ? 

( London ) [ Ans, u»2f or u«3/f]2.] 


[D] Harder Probiems. 
1. When a small object is placed at A on the axis of a convex lens of focal length f, the 


image is erect, When the object is moved to B, the image is inverted but of the same size as 
before. If m be the magnification, show that AB=2//m. 
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3. Aconverging lens of focal length 10:0 cm is supported horizontally 5-0 cm above a 
water surface. Find the position of the image formed by refraction through the lens and at 
the water surface, of a point Source of light placed 25 cm above the lens. Refractive index of 
waterz 1:33, ( Cambridge ) [ Ans. 15:56 cm below the water surface ] 


and the radii of curvature of the two spherical mirrors, ( Jt. Entrance, '79 ) 
[4ns. 6in,22in; 14 in] 

5. A convex lens of power 5 D is placed on a plane mirror. A pin is placed 30 cm verti- 
cally above the lens. Find the position of the image formed, Where should the pin be plazed 
so that its image coincides with it? [ 4ns. 15 cm above the lens ; 20 cm above the lens ] 
6. An optical system consists of a thin convex lens of focal length 30 cm and a plane 
mirror at a distance of 15 cm behind the lens. An object is placed 15 cm in front of the lens, 
Determine the position of the final image formed by this system. (LI. 7.67) 
[ Ans. 60 cmin front of the lens ] 

7. An object of height 4 cm is keptto the left of and on the axis of a converging lens of 
focal length 10 cm at a distance of 15 cm from its optical centre. A plain mirror is placed 
inclined at 45° to the lens axis 10 cm to the right of the lens. Find the position and size of 


[ Ans. 100 cm before the lens, 2 cm, real, erect ] 

9. A convex lens of focal length 15 cm is placed in front Of a convex mirror. Both arc 
coaxial and the lens is 5 cm from the apex of the mirror, When an Object is placed on the 
axis at a distance of 20 cm from the lens, it is found that the image Coincides with the Object. 
Calculate the radius of curvature of the mirror. (f I. T.'70 ) [ Ans. 55 em] 
10. A real image of an Object is formed by a convex lens at a distance of 20 cm from the 
lens. When a concave lens is placed at a distance of 5 cm from the convex lens between the 
lens and the Screen, the image is shifted through 10 cm. Calculate the focal Jength of the 
concave lens, (Jt. Entrance 75 XI Ans. +37:5 cm ] 


[ Ans. 16:67 cm to the right of the second lens ; 1:33] 


itable ray diagram, 

calculate the focal length of the lens. ( Jt. Entrance "78 ) [ Ans. 19:2 cm ] 
13. The numerical value of the focal length of a thin Convergent lens is fand an object is 

at a distance u from the lens ; a plane mirror is placed. behind the lens perpendicular to the 
axis at a distance / from the lens, The image of the object after reflection at the mirror and 
a second refraction through the lens is at a distance y in front of the lens, Prove that u+v=2f, 
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14, Areal image of the same size as the object is produced by a convex lens placed 30 cm 
away from the object. Another convex lens is then put in contact with the first and the 


image reduces to 1/2 of its previous linear dimensions. Calculate the foeal lengths of the 
lenses, [ Ans. 15 cm, 30 em j 


15. A3times magnified image of an object Is cast on a screen by a convex lens, the screen 
being at a distance of 64 cm from the objec: A concave lens is then introduced between the 
convex lens and the screen at a distance of 6 cm from the convex lens. Te focus the image 
again on the sorcen, the object then has to be moved away from the convex lens through a 
distance of 15:2cm. Calculate the focal length of the concave lens. [ Ans, 19-9 cm ] 


7 DISPERSION 
CHAPTER 


7-1. Dispersion of light ; Newton’s experiments. 

Rainbows often excite our curiosity when their brilliant colours are seen in 
the sky. Bevelled edges of a mirror or jewels of various kinds also give a beautiful 
display of colours when the sun shines upon them. When Newton built his first 
astronomical telescope, he was troubled by the coloured fringes surrounding the 
images. This led him to begin a series of experiments from which he concluded 
that sunlight is composed of anumber of coloured lights. i Thus he initiated the 
important branch of optics called spectroscopy—the analysis of light. 

Sunlight or light from any high temperature source (e.g., tungsten filament 
lamp) which appears to be essentially white is called white light. The light 
which consists of only one colour is called monochromatic light, while poly- 
chromatic light consists of more than one colour. 


Experiment No. 1. White light isa polychromatic light. “To test this, a 
narrow beam of white light from a thin slit S [Fig. 7:1] is made to incident on 
a glass prism P with its refracting edge held parallel to the slit, The refracted 
beam striking a white screen produces 
on it an elongated coloured band of 
light. This band contains red at its 
upper end and violet at the lower end. 
The other colours which occupy the 
intermediate ^ positions are—orange, 
yellow, green, blue and indigo as 
X shown in the figure. This coloured 

PE EE band on the screen is called spectrum. 
The word VIBGYOR is used by taking the initial letters of the colours in the 
spectrum taken in order from its violet end. The seperation of colours present 
in a polychromatic light is called dispersion, 

The splitting of different coloured lights which already exist in the composite 
white light incident on a prism, is due to the different deviations they undergo 
during their passage through the prism. The red light deviates least while the 
violet light deviates most [Fig. 7:1]. Since the amount of deviation increases 
with the refractive index of the material of the prism, we can conclude that the 
refractive index of a medium is different for different colours of light, being least 

for red and progressively greater for orange, yellow, green, blue, indigo and violet. 


Now, according to wave theory, refractive index of a medium is equal to the 
ratio of the velocity of light in vacuum to that in the medium. Hence lights of 
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different colours travel with different velocities in a material medium, red light 
having the greatest velocity and the violet light the least. The difference is, 
ofcourse, very small; in crown glass the velocity of red light is only about 
1% greater than that of violet light. 


No dispersion of light takes place in vacuum because all colours travel in 
vacuum with the same velocity. This may be proved simply from the fact that 
when the moon comes in front ofa distant star obstructing it from our view, the 
star disappears suddenly and no colour effect is seen. This would nct be possible 
if lights of different colours possess different velocities in empty space, because in 
that case the colour of the star would appear to be changing as it disappears. 

It has been established that lights of different colours possess different wave- 
lengths. Thus red light has the largest wavelength*, about 8000À, while that of 
violet light is least, about 4000 A, The other colours possess intermediate values 
of wavelengths. So we can, in general, say that the seperation of the constituent 
colours of a polychromatic light is due to the difference in their wavelengths ; and 
this separation is called dispersion. 

Lastly, we note that the dispersion phenomenon is not exhibited by sound 
waves in air, This is proved from the observed fact that musical sounds of 
different pitches from equidistant sources reach the observer in the same time, 

Experiment No, 2. In the above experiment the role of the prism is only 
to split up the colours already present in white light and not to produce the 
colours. 

To prove this, a spectrum VR is cast on a screen C4 having a narrow slit S, cut 
into it [Fig. 7:2]. This is done with the intention of examining whether a single 
colour passing through the slit cem be dispersed further by a second prism Ps. 
By slowly rotating the first prism P}, different colours may be passed through the 


Fi9. 7:2: Prism does not produce colours 


slit Sı. It shows that the second prism does not produce any spectrum ; yellow 
light, for instance, coming from the slit S}, is deviated by second prism but the 
emergent light forms only a yellow streak on the second screen Cg. Similar is 
the case with other colours. 

This experiment also proves the fact that the constituent colours of white light 
are pure i,e., none of them can be dispersed further. 


pai oS Se MO E 
* The unit of wavelength of light is generally expressed in Angstrom (A); A—10-* cm, 


140 ELEMENTS OF HIGHER SEGONDARY PHYSICS 


Experiment No. 3, White light can be reeomposed from its constituent 
colours in the spectrum. 

To test this, a second prism P, exactly similar to the first prism P,, is placed 
behind the first prism in a reversed position [Fig, 7:3]. It is found that different 
coloured lights, which are produced due to dispersion by the first prism, are 


\ 
S 


P 
Fig. 7:3: Recomposition of white light 


reunited by the second prism. The rays after emerging from the second 
prism forms a patch of white light on the screen. 

The recomposition of white light from its constituent colours may also be 

demonstrated by Newton’s colour diec, It is a disc upon which all the colours 

of the spectrum are painted in their proper 

sequence and in the proportion in which 

they are present in white light (Fig. 7:4). 

If the disc is now rotated rapidly about 

an axis passing through its centre and 

perpendicular to its plane, all the colours 


$ appear to combine and the disc appears 
nearly white or greyish white. The 

NOS reason behind such recombination of 

A various colours is rather physiological 

than physical. Due to persistence of 


vision, the impression of one particular 
colour persists on the retina of the eye for 
Fig. 74: Newton’s celour disc about yi; second. Now as the disc 
rotates rapidly, all the colours reach the retina before the impression of any parti- 
cular colour ha$ died away. Thus all the colours blend together producing an 
impression of white colour. 

From the experiments described above and a num 
extensions of them, we conclude that — 

(1) White light consists of a group of inde 
orange, yellow, green, blue, indigo and violet. 

(2) During their passage through a prism, different colours deviate through 
different angles—the deviation being least for the red and greatest for the violet. 


(3) Refractive index of a medium is different for different colours—least for 


red and progressively greater for orange, yellow, green, blue, indigo and violet. 
(4) The constituent colours of white light can be put together or resyn- 
thesised, to form white light, 


ber of refinements and 


pendent pure colours, viz., red, 
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(5) Different coloured light have got different wavelengths,—red light has 
the largest wavelength (about 8000 A) and violet light the least wavelength (about 
4000 A), other lights having intermediate wavelengths. 


(6) A hollow prism containing water or some liquid may also be used instead 
of a glass prism for the purpose of dispersion. A substance which produces 
dispersion is known asa dispersive substance. In any dispersive substance the 
velocity of violet light is the least and it gradually increases in the order of letters 
of the word VIBGYOR. 

Actually a source of white light emits a great many wavelengths (vide Art. 
7-7). . Of these our eyes can see only the wavelengths within the range 4000 A — 
8000A. This is the visible range of the spectrum. 


7:2. Dispersion in lenses Chromatic aberration. 


In the previous chapter on lenses we have discussed image defect caused by 
the spherical aberration which is present for both monochromatic and white light. 
But when illuminating light is white, an additional defect, known as chromatic 
aberration, is introduced due to dis- 


persion of white light by the lens. M 
Since a lens can be imagined to be R 

composed of a number of truncated P 

prisms placed one upon another [vide. F, Lo e 


Art. 6:3], a beam of white light on 
passing through the lens will be dis- 
persed into its constituent colours. In Fig. 7:5 
the case of convex lens [Fig. 7:5], the violet rays being deviated more, are 
focussed at F, which is closer to the lens than F, where the red rays, being 
v less deviated, are focussed. In the case 
R of a concave lens [Fig. 7°6], the violet 
rays similarly appear to diverge from 
the point F, on the axis, while the 
red rays from a different point F, on 
the axis. In this case also F, is nearer 
Ss to the lens than F,. The rays of each 
2 of the other intermediate colours are 
X focussed or appear to diverge from 
Fig, 76 points in between F, and F,. So we 
can say that after the passage of a 
beam of white light through a lens, its consituent colours are separated and 
different coloured lights converge to or appear to diverge from different points on 
the axis of the lens. This defect of a lens is known as chromatic aberration. 


Now, in the case of a convex lens (Fig. 7:5), if a screen is held perpendicular 
to the principal axis at F, the image will be a whitish circle with red edge ; if it 
is held at F, the image will be blue-violet at its edge. In neither case a sharp 
point image will be obtained. The best image will be obtained roughly at a point 


NV. 
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midway between F, and F, where the diverging violet rays and converging red 
rays meet and it will be approximately white. 


The defect of chromatic aberration is most marked in lenses of high power 
end large aperture. In ordinary optical instruments the presence of chromatic 
aberration is seen by coloured fringes which surround the image. However, 
lenses may be corrected for chromatic aberration as discussed below. 


7:3. The Achromatic lens, 


Chromatic aberration can be minimised by combining two (or more) lenses 
so that the dispersion produced by one is opposed and annulled by the 
other. Such a combination of lenses is called an achromatic lens, However, 
when only two lenses are used the combination is called an achromatic doublet. 


The principle underlying such combination may be understood physically 
from Newton’s experiment on recomposition of white light brought about using 
two prisms, one being upside down with respectto the other [ Fig. 7:3]. The 
dispersion produced by the first prism is annulled by the second. We already 
know that a lens acts like a combination of truncated prisms. In the case of 
convex lens, the base of such prisms are 
turned towards the principal axis while 
———— for a concave lens, the reverse is true. Hence 
if a convex lens be combined with a suitable 
concave one, the dispersion produced by the 
first may be cancelled by the second. Such 
a condition is achieved in achromatic doublets 
by combining a high power convex lens of 
crown glass with a low power planoconcave lens of flint glass (Fig 77). The 
concave surface of the plano-concave lens and a convex surface of the convex 
lens both having same radius of curvature are cemented together by a thin 
layer of canada balsam which is transparent and has almost the same refractive 
index as glass. The convex lens being of higher power, the combination acts as a 
converging lens. When used with its convex surface facing the incident rays, the 
combination also gives images with minimum spherical aberration. 

It can be proved that the combination of two lenses may be 1nade achromatic 
only for two colours. However, when celours selected are blue and red, the 
combination acts as nearly achromatic for the remaining colours of the spectrum. 

In all high grade optical instruments achromatic lenses must be used to 
minimise chromatic aberration. 


— 


Fig. 77: Achromatic doublet 


7.4. Impure and pure spectrum. 


The spectrum produced by the method described in experiment No. 1. of Art. 
7-1 isan impure spectrum. It is impure in the sense that all the colours are not 
distinctly separated and there is some ameunt of overlapping of colours in the 
spectrum. In this experiment the width of the slit is usually made very narrow. 
Even then the spectrum is not generally pure. Let us see why it isso. The slit 
is illuminated by a source of white light, so that each point of the slit behaves as 
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asource oflight. From each such point rays are incident on the prism in 
different directions as shown in Fig. 7-8. By the prism each ray is dispersed into 
seven colours. In the figure only 
two incident rays Have been drawn 
and from each of these rays only red 

and violet rays have been shown. 
Obviously, there are other incident 

rays and other coloured rays, 

Hence ifa screen be placed at some 

distance, on the screen there is 

overlapping of colours and the 

spectrum produced is impure. 


Thus a spectrum in which the colours present overlap one another and hence 
cannot be seen distinctly separated from one another is called an impure 
spectrum. Whereas, a spectrum in which the colours present do not overlap 
one another, so that different colours occupy distinct and separate positions, is 
called a pure spectrum. 


7:5. Methods of producing a pure spectrum, 

Of the various methods of obtaining a pure spectrum we shall describe one 
due to Fraunhoffer, which is of most common use, The method is based on the 
following facts : 

A parallel beam of monochromatic light incident on a prism remains parallel 
after refraction through the prism. This is so, because all the constituent rays of 
the beam are incident on the prism at the same angle of incidence and hence 
after refraction through the prism undergo same amount of deviation. Thus 
the emergent beam is also parallel. However, the beam as a whole is deviated 
the amount of deviation being dependent on the colour of light. Hence an 
incident parallel beam of white light, after refraction through the prism, is 
dispersed into parallel beams of different colours, each of which is deviated by 
different amounts. 


Fig. 78: Formation of impure spectrum 


Fig. 79: Formation of pure spectrum 


The actual experimental arrangement is shown in Fig. 7:9. A narrow slit s 
is illuminated from behind by a source of white light, The slit is placed at the 
first principal focus of an achromotic converging lens L4, so that the Tays emerging 
out of the lens are parallel. This parallel beam is incident on a refracting face 
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of the prism P which is placed with its refracting edge parallel to the length 
of the slit. As described above, the incident beam is dispersed by the prism 
into parallel beams of different colours, each of which is deviated by different 
amounts, A second achromatic converging lens L, receives these coloured 
beams and makes them converge to different points on its focal plane. Thus a 
series of coloured images of the slit is focussed on the white screen placed at the 
focal plane of La These coloured images lie side by side without any. gap 
between them. The boundaries of different colours are, however, not sharply 
defined ; red merges into orange, orange into yellow and so on. Yet, the different 
colours are clearly distinguishable from each other. Thus a pure spectrum RV is 
obtained on the screen with red at one end and violet at the other. 

It is to be noted here that if the angle between the extreme coloured beams 
viz.. red and violet, is large enough, all the coloured images will not be 
simultaneously in focus on the same screen. To avoid this difficulty, the prism 
is placed at the minimum deviation position for the mean colour i. e., yellow. 
For a particular prism the values of the minimum deviation for different colours 
differ by very small amounts. Thus at such a position of the prism, the angle 
between the extreme coloured beams is very small, so that all the coloured 
beams are simultaneously brought to focus at different points on the screen. 
To ensure that the different eoloured images do not get overlapped the slit S 
should be as narrow as possible. 

Conditions for the formation of pure spectrum : 

From the above discussions we can summarise the conditions required for the 
formation of pure spectrum as follows : 

(1) The slit should be very narrow. 

(2) The prism should be placed with its refracting edge parallel to the length 
of the slit. 

(3) All the rays which are incident on the prism must have same angle 
of incidence. 

(4) The prism must be placed at the position of minimum deviation for the 
mean colour i.e., for yellow light. 

(5) All the lenses used must be achromatic. 


7:6. Different type of spectra. 


In spectroscopy, the classification of spectra is made from the standpoint of 
emission and absorption of light . Accordingly, there are two principal classes 
of spectra, viz., (1) emission spectra and (2) absorption spectra. 

(1) Emissien spectra : . i 

When light from a luminous source, surch as an incandescent solid, liquid or 
gas, falls directly on the slit of a spectroscope*, images of the slit for all colours 
i. €., for all wavelengths present in the incident beam are formed, The spectrum 

* The 'spectroscope' is an optical instrument designed for production and study of 
spectrum. It utilises the principle of producing pure spectrum as in Art, 7:5; only the 
screen is replaced by a photographic plate so that the spectrum can be photographed. 
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so obtained is called emission spectrum. These spectra are further classified 
according to their appearances as (i) continuous, (ii) line and (iii) band spectra. 

(i) Continuous spectra: These spectra in the visible region are recognised 
by their long illuminated patch of colours, in which one end is red and the other 
end violet. In between red and violet, there exists a continuous gradation of 
colours, There are no gaps in these spectra and hence they are termed continuous. 
Obviously, in continuous spectrum all wavelengths are present. The most common 
sources of continuous spectra are incandescent solids and liquids c. g., tungsten 
filament lamp, white hot molten metal etc. Light from incandescent gases at 
extremely high pressure also shows this type of spectra, an example being the solar 
spectrum. 

It is found that in sucha spectrum the intensity is maximum in the yellow 
region , the intensity falls off rapidly at very short and very long wavelengths i.e., 
at the violet and red ends respectively. The amount of energy radiated at each 
wavelength depends mainly on the temperature of the source and to some extent 
on the nature of its surface. Thus although the study of continuous spectra can 
furnish information on the temperature of the source, it does not offer any clue 
to the chemical composition of the source emitting light. 

(ii) Line spectra: When light from a luminous gas or vapour at low 
pressure is analysed by a spectroscope, the spectrum obtained is discontinuous, 
consisting of a series of parallel, differently coloured lines against a dark 
background. This is known as a line spectrum. It should be clearly understood 
that a line represents an image of the slit. If instead ofa slit, we use a small 
cireular opening, disc shaped images will be seen. 

Now, in a line spectrum each line is a monochromatic image of the slit formed 
by light ofa particular wavelength. It is found that every chemical element in 
the atomic state emits certain definite wavelengths i.e., a characteristic line 
spectrum, when the atoms of the element are excited electrically or by the 
application of heat. This condition is achieved in low pressure discharge 
tubes or vapour lamps and by introducing substances containing the element in 
question in a Bunsen flame. If different substances containing sodium are 
introduced into a flame, it is found that the spectra obtained in all such cases by 
means of a sensitive spectroscope are identical, containing two characteristic 
yellow lines, called D, and D,, corresponding to the wavelengths 5890 A and 
5896 Å. The spectrum obtained with a sodium vapour lamp shows identical 
lines. Therefore we can conclude with certainty that the mechanism of emission 
of these yellow lines lies in the sodium atom itself. In general, we can state that 
the line spectrum of an element originates in its atoms and is a characteristic of 
that element. 

The discovery of the origin of the line spectra has made possible to use it as a 
major tool in unravelling the structure of atoms*. Also thc present knowledge 
of the chemical composition of the universe depends to a large extent on the study 
of such line spectra. For, if the lines of an element appear in the spectrum 
of any star it may be cortcluded with certainty that the element is present in 


*To obtain a better understanding of this, see the article on Bohr’s Theory in the 
Modern Physics section. 
P-II/10 
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that star. Under certain circumstances it is even possible to deduce the 
quantitative composition of the source from the intensity of the lines. This 
method of investigation is known as spectrum analysis. 

(ili) Band spectra: The third type of emission spectra, called band 
spectra, consists of a series of fluted band like structures of different colours. One 
edge of each band, called band head, is very sharp and the other edge is diffused. 
However, on closer examination with a sensitive spectroscope, each band is 
found to be composed of many individual lines densely crowded near the 
band and sparsely at the other. 


excited in the molecular state. Thus the band spectra are the characteristic of 
molecules i.e., combination of two or more atoms. The most convenient sources 


() Continuous absorption spectra: When the absorbing substance is 
solid or liquid, certain portions of the spectrum is absorbed. In the spectrum 
these portions appear dark against the illuminated background. These are called 
absorption bands. These bands are continuous in character, fading off gradually 


of the spectrum. A dilute acqueous solution of cobalt chloride exhibits a broad 
absorption band in the green region, 

All coloured transparent substances owe their colours to the existence of 
selective absorptions of some portions of the spectrum. Thus a green glass 
appears green because it absorbs completely the red and blue ends of the 
spectrum ; the remaining portions in the transmitted light gives the sensation of 
green to the eye. A red glass absorbs completely all the colours of the spectrum 
except its red region and appears red. 


* The term 'absorption' should not be confused with ‘general absorption.’ A substance 


is said to show general absorption when it reduces the intensity of ali wavelengths of light 
by nearly the same amount, In the present case absorption stands for ‘selective absorption’ 
i.e., absorption of certain wavelengths of light in preference to the other, 
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Analysis of chemical compounds is possible from the study of the absorption 
bands in the continuous absorption spectra, The presence of carbon monoxide 
in blood can be detected by the presence of characteristic absorption bands of 
carboxyhamoglobin as opposed to those of natural oxyhemoglobin. 


Gases also sometimes show regions of continuous absorption, but the 
outstanding characteristic of the absorption spectra of gases is the presence of 
sharp dark lines as discussed below. 


(il) Line absorption spectra: When the absorbing medium is a mono- 
atomic gas at low pressure and at lower temperature than that of the light source, 
the spectra is found to be crossed by sharp dark lines. Such a spectrum is called 
line absorption spectrum. The dark lines correspond to certain definite wave- 
lengths absorbed by the gas. Itis found that the gas absorbs those wavelengths 
which it would itself emit if it was luminous. In the laboratory, this can be 
demonstrated by passing white light from a carbon arc through sodium vapour. 
The sodium vapour is produced by heating some metallic sodium contained in 
a pyrex glass cylinder by means of a Bunsen flame. The transmitted light when 
spectrally analysed shows a continuous spectrum having two dark lines at the 
same wavelength positions of the two sodium yellow emission lines D, and D}. 


A familiar example of line absorption spectrum is the solar spectrum as 
discussed below. 


Solar spectrum and Fraunhofer lines. 


The solar spectrum seems to be continuous by casual inspection. But a close 
study reveals that it is crossed by some dark lines. This fact was first observed 
by Fraunhofer in 1814 and the said lines are therefore called Fraunhofer 
lines. To the most prominent dark lines Fraunhofer assigned the letters A, B, 
C,.....etc. The explanation of these dark lines in the solar spectrum is as 
follows : 


Almost alithe light emitted by the sun originates from its visible disc called 
photosphere. It consists of gases at extremely high temperature and pressure. 
Hence they emit white light containing all the wavelengths present in the visible 
spectrum. The photosphere is surrounded by a cooler layer of gases called 
chromosphere. When white light from photosphere passes through this layer, the 
atoms of the elements present in it absorb certain wavelengths which they would 
themselves emit when incandescent. This gives rise to the Fraunhofer lines in the 
solar spectrum, Since the atoms of a given element absorb definite wavelengths, 
the elements present in the sun can be identified by comparing the Fraunhofer 
lines with the spectra of elements known on the earth. In this way about 50 
elements of our earth were detected in the sun. Actually one element, helium, 
was discevered in the solar spectrum before its presence on the earth was 
known. Hence its name from the Greek helios—the sun. 

It should be mentioned here that before sunlight actually reaches the earth’s 


surface, it must pass through the cooler layers of gases of the earth’s atmosphere. 
Hence here again certain wavelengths are absorbed giving rise to other dark lines. 
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In the following table some prominent Fraunhofer lines are presented with their 
wavelengths and absorbing elements. The lines 4, B and « are really bands, 
absorbed by oxygen in the earth’s atmosphere. 


; Wavelength | Absorbi : Wavelength Absorbing —— 
A 0, b, Mg — 


7594—7621 5183:62 
6867 — 6884 O, 5172:70 
6562:82 4861:33 
6276—6287 4307:91 
5895:92 4307:74 
5889:95 4226:73 
5875:62 3963:47 
5269:54 3933-67 


(iti) Band absorption spectra : 


Sometimes inan absorption spectrum, dark lines are seen to be crowded 
together at certain places and take the form of fluted bands. Such spectra are 
called band absorption spectra. ‘These are obtained when white light, after 
passing through a cooler gas consisting of diatomic or polyatomic molecules (e.g. 
Op N, etc.) is spectrally analysed. The molecules of the gas cut-off those wave- 
lengths of white light which they would emit in the state of incandescence. The 
resulting spectrum contains dark bands in the same positions as those occupied by 
the bright bands in the emission spectrum. Thus the band absorption spectra are 
the characteristic of the molecules of the absorbing substance. 


7:7. The complete range of electromagnetic spectrum. 


We are already familiar with the concept that light waves are electromagnetic 
-in nature [vide Vol. I, Art. 25:1]. Why these waves are called electro 
magnetic was first theoretically explained by Maxwell and later on his results 
were verified. experimentally by Hertz. Our present day knowledge of the 
electromagnetic waves shows that the range of such waves is enormous, extending 
down from about 105 cm for the longest waves to about 10-8 cm for the shortest 
ones. All such waves travel with the same speed i.e., 3x 10! cm/sec in empty 
space, Visible light occupies only a small portion of this range ; the wavelength 
at the red end is about 8x 10-5 cm, the value for the violet end being about 
4X1075 cm. Our eyes are sensitive to those electromagnetic waves with wave- 
lengths lying within this range. 
Usually the complete range of the electromagnetic spectrum is broken up into 
a number of sections according to the way in which they are either produced or 


DISPERSION 149 


detected [ Fig. 7:10]. It should be borne in mind that such divisions are purely 
arbitrary and the consecutive sections are not usually separated by clear demar- 
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Fig. 7:10: The electromagnetic spectrum 


cating lines. In the figure, slanted lines are used for indicating the overlapping 
of waves of various sections. : 

Beyond the red end of the visible spectrum, in order ofincreasing wave- 
lengths, lie the infra-red rays and the radio waves. The infra-red radiations 
(wavelengths extending to about] mm) are in nature radiant heat and are 
emitted by hot bodies. Our skin is sensitive to these rays. They are detected by 
thermopile, bolometer etc. At the upper end of this range the’ infra-red rays 
merge into the ratio-waves whose wavelengths extend to over 105cm. The 
salient feature of the radio-waves is that they are generated and detected by 
electrical circuits. At the other side of the visible spectrum i.e., beyond its violet 
end, electromagnetic waves are classified, in order of decreasing wavelengths, into 
the following sections, viz., the ultravíclet-rays, the X-rays, the yrays and the 
cosmic-rays. The wavelengths ofthe ultra-violet rays extend to about 10-5 cm 
where overlapping with the X-rays occur. The ultraviolet rays are emitted from 
hot-bodies and also from ionized gases. The range of the X-rays lies from about 
1075 cm to 10-9 cm. The X-rays aré generated when high velocity electrons get 
suddenly stopped by impinging on a heavy metal target. The lowest end of the 
range of X-rays merge into gamma-rays which are given off from radio-active 
materials, The wavelength of y-rays, varies from about 10-9 cm to 107?! cm. Both 
X-rays and gamma-rays are very penetrating, the penetrating power increasing 
with decreasing wavelength. There is evidence of the existence of electromagnetic 
waves having still shorter wavelengths than the shortest y-rays. These are cosmic 
rays. The penetrating power of cosmic rays, which are believed to originate in 
some of the larger stars of nebulae, is extremely high. Consequently, it is very 
difficult to detect them, and it is only in recent years that their existence has come 
to be generally accepted. ; 

Thus radio-waves, infra-red rays, visible light, ultra-violet rays, X-rays, 
y-rays, cosmic rays—all are electromagnetic waves. These waves may be 
considered as brothers in the same family. Like brothers in the same family they 
have the same family characteristics—they travel with the same velocity, they are 
reflected, refracted and undergo various other phenomena. Again just as brothers 
have also individual characteristics, so these waves are also characterised by 
individual properties. These individual properties are so vast that the study of 
each of these waves has become a specialised branch of science. 
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78. Mixing of spectral colours. 

We have seen in Art. 7-1 that white light is composed of seven spectral 
colours and these could not be further analysed into other colours. In this sense 
these colours can be termed as pure. But in reality, three of the seven spectral 
colours viz., red, green and blue can be mixed in right proportions to get the rest 
of the colours of the spectrum and also all other colours wé find around us 
including white. Hence, these colours of the specirum are called primary 
coloure, The mixing may be done by projecting light beam ofthe primary 
colours on a white screen so that the coloured patches 
overlap each other as shown in Fig. 7:11. The 
intensity of three coloured patches are then adjusted 
to produce white at their common overlapping 
“portion at the centre. It will be found that red 
plus green gives yellow, blue plus green gives cyan 
and red plus blue gives magenta in their respective 
overlapping portions. Further adjustments of the 
: intensities of the primary colours produces other 

Fig. 711 colours. Such a method of mixing the primary 
colours to produce other colours is called additive mixing. It should be clearly 
understocd that a colour obtained by mixing of other colours is not pure even if 
itresembles with a colour ofthe spectrum. "Thus, yellow obtained by mixing 
red and green is not pure in the sense that it can further be analysed into red 
and green when sent through a prism. i 

We know that the seven spectral colours when added together in the propor- 
tion in which they are present in the spectrum gives white, Tt was found experi- 
mentally that, any colour towards one end of the 
spectrum can be added in right proportion to 
another colour somewhere in the other end to 
produce white, Such two colours are called com- 
plementary colours. Thus blue and yellow are 
complementary [ Fig. 712]; so also magenta FI 
and green, red and cyan. We know that white | 
clothes become yellow after continued laundering Fig. 7:12 
butturn pleasent white when blue is used after 
washing them. This can be explained from the fact that blue and yellow are 
complementary colours. 


l | I 
i 


ifl 
it 


7:9. Colour of different bodies, 


A source of light appears to be coloured by the light it emits, If it emits only 
yellow light, then it appears yellow. Moreover, it may also appear yellow if it 
emits simultaneously red and green light in right proportion, Thus the Source 
appears to be coloured even ifit emits different coloured lights so long as these 
coloured light do not cancel each other's effect. This may also happen ff the 
source emits all the colours of the spectrum but not in the Proportion they exist 


in the spectrum, 
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On the other hand, non-luminous bodies, whether opaque or transparent, owe 
their colour mainly to the spectrum of the incident light. Their colours are 
determined by the combined effect of the colours they reflect or transmit after 
absorption. Thus an opaque body appears red when it reflects only red light 
from incident white light and absorbs all other colours, This may be easily 
demonstrated’ by placing a piece of thick red paper in different parts of the 
spectrum. In the red part, the paper appears bright red, but in the green or blue 
parts of the spectrum, it appears black. This shows that a red opaque body 
reflects only the red light and absorbs other colours of the spectrum. The reason 
why a red flower appears black in green or blue light is now obvious. Similar 
conclusion can be drawn for blue or green bodies. But it should be noted that 
though green bodies reflect only green portion of the spectrum the blue pigments 
or dies in general use are not of pure colours and the blue bodies will not appear 
black in any part of the spectrum. 

A body of coleur other than the primary colours viz., red, blue and green may 
reflect its natural colour or also other colours which on additive mixing yield the 
natural colour of the body. For example, a yellow pencil reflects not merely 
the yellow, but also red and green which arouse a yellow sensation on additive 
mixing. So when the pencil is held in different parts of the spectrum, it appears 
bright yellow in the yellow part, but does not appear black in the red and green 
parts of the spectrum. Thus, in general, if a body does not appear black in any 
part of the spectrum, it is reflecting the colour of that part of the spectrum 
in which it is placed. 

To ascertain the natural colour of a fabric, it should be examined in sunlight. 
All other artificial light e.g., lights from tungsten filament lamp, gas lamp, electric 
arc etc., more or less lack in some spectral colours, For this reason, a suit which 
looks blue in sunlight, appears dark in gas lamp, for light from it lacks somewhat 
the blue constituent, 

It should be clearly understood that a white body reflects all the colours of the 
white light in proper proportions and a black body absorbs all of them. 


As stated earlier, colours of transparent substances are also due to selective 
absorption of certain colours from white light. Their colours are determined by 
the colours of light they transmit. Thus a piece of ruby: glass absorbs all other 
colours of the spectrum except red and hence it appears red. Similarly, a piece of 
green glass will cut off all but the green region of the spectrum. Ifa red anda 
green glass are put together, the combination appears black. The reason is that 
the combination cuts off all the colours ofthe incident white light—the red glass 
absorbs all but the red and the green glass all but the green rays. It is now quite 
obvious why a red rose appears black when it is viewed through a green glass. 
The green glass absorbs the red rays coming from the red rose. A body appears 
colourless and transparent (e.g., water, glass etc.) when it transmits all the colours 
of the spectrum in proper proportions, 

The colours of many transparent substances are, however, not pure ; a piece 
ef yellow glass transmits yellow as well as green and red. Thus a green body 
does not appear black when it is seen through a yellow glass. 
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It is ourcommon experience that when a piece of blue window glass is finely 
powdered, the powder looks almost white. This is because a large proportion 
of the incident white light is repeatedly reflected from the surfaces of the particles 
in different layers and hence is unable to penetrate far below to be robbed of 
colours other than blue. Hence the powder appears white by the white diffused 
light reflected in all directions. Fine powder of colourless transparent 
substance appears white also due to the same cause. 


Colours of the metallic sheets are found to be different when viewed by the 
reflected and transmitted light. This is due to selective reflection of different 
colours by them. For example, thin gold foil reflects red, orange and yellow in 
larger proportions and consequently the transmitted light is richerin green, blue 
and violet. Thus when illuminated by white light it appears orange-yellow by 
reflected light and bluish-green by transmitted light. 


710. Blue of the sky. 

The blue of the sky is due to the scattering of sunlight by the air molecules. 
Dust particles suspended in the atmosphere, may also scatter light provided the 
size of the particles is smaller than the longest wavelength of visible light. It can 
be proved that the intensity of the scattered light varies inversely as the fourth 
power of the wavelength. Hence the blue rays in the sunlight are scattered more 
than the red. When we look at the sky in directions away from the sun, the 
portion of the sky becomes visible by scattered light and hence appears blue. 

The red colour ofthe sun at sunrise and sunset can also be explained by the 
same phenomenon. When the sun is near the horizon, the rays have to travel 
a much larger distance through the atmosphere than that necessary when the sun 
is overhead. Hence in this case due to scattering, the violet, blue and green rays 
in the original sunlight are removed leaving a predominance of red and yellow in 
the transmitted beam. Hence the sun appears reddish at rising and at setting. 


It is obvious that if the earth had no atmosphere, no light from the sky would 
have been received by us. The sky would then appear to be completely black 
even in day time. This is actually experienced by astronauts when they go 
outside the earth’s atmosphere in artificial satellites. 


a 


@ EXERCISE 6 
[A] Essay type questions 


1. What is the physical explanation of the formation of a spectrum by a glass prism ? 
How can you experimentally show that white light is a polychromatic light ? 
2. Can white light be recomposed from its constituent colours in the spectrum ? 
Discuss, in brief, the-experimental set up in support of your answer. 
A narrow beam of white light is incident upon a prism, Draw a diagram to show 
what is meant by—(a) deviation and (b) dispersion. 
3. What is Newton’s colour disc? What conclusions do you draw from doing experiment 
with such a disc ? 
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4. (a) What do you mean by dispersion of light ? If light of different colours travels 
through glass, which one has greater velocity, red or blue light ? 
(b) What is emission spectrum ? Mention different types of emission spectrum. 
What kinds of sources are used to produce the different types of spectra ? 
(c) Mention the applications of spectral analysis. LH. S. '82] 
5. (a) What is meant by chromatic aberration of a lens? Illustrate it by a suitable 
diagram in the case of a convex lens. 
(b) What are emission and absorption spectra ? How are Fraunhofer line produced 
inthe solar spectra ? [ H. S. 81] 
6. What is meant by chromatic aberration ? Explain how chromatic aberration is 
minimised by using achromatic doublet. 
7. (a) Describe with the help of diagram any two types of defects in image formation by 
a lens. LH. S. 78] 
(b) What type of aberration is present in lenses and absent from mirrors ? 


8. (a) What do you mean by the dispersion of light? What is the reason for dispersion ? 
(b) What do you mean by continuous spectrum and line spectrum ? Explain their 


(c) How can we know what elements are present in a source of light from its line 
spectra ? 
(d) What is the reason for the origin of dark lines in the solar spectrum? (H. S. '84] 


9. (a) What do you understand by a pure spectrum ? Describe with a sketch a method 
of producing sucha spectrum. 

(b) What are the different types of spectra ? [H. S. '78] 
10. (a) What are the different types of spectrum ? What are the broad types of sources 
which emit them ? [ Jt. Entrance ’81 ] 
(b) Distinguish between a real and a virtual spectrum, pure and an impure spectrum 
and emission and an absorption spectrum. [ Jt. Entrance '83 | 
(c) Light from a carbon arc enters into dense mercury Vapour and then passes 

through a spectrometer. Describe the appearence of the spectrum, 


11. Define line absorption and band absorption spectrum. Suggest the reason for their 
different appearence. 
Account for the presence of Fraunhofer's lines in the solar spectrum. 
Will the spectrum of the moon light be of similar nature ? If not, why ? 
12. Distinguish between emission and absorption spectrum. 
Suggest an optical arrangement for showing that a gas absorbs those wavelengths 
which it would itself emit if it was luminous. 
What are the importances of studying absorption spectra ? 
13. Name different types of electromagnetic radiation and briefly describe the process by 
which each may be produced. 
Explain briefly how you can know the presence of different elements in a distant star. 


14. What are primary colours ? 

How is the appearance of the spectrum altered if (a) a piece of red glass is placed in 
front of the lamp ; (b) this is removed and the white screen is replaced by a green one, 
(c) the red glass and green screen are used together ? Give reasons for your answer. 

[ London Univ. 
15. Explain what you mean by complimentary colours, How would you find the nature 
of the colour complimentary to any given colour ? 


16. What is the colour of an object due to? When dark blue materials are grounded into 
fine powder, the colour of the latter appears to be light blue or even white for very fine 
powder. Why ? [ Jt. Entrance '72) 
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17. A piece of cloth looking red in daylight may be made to look black at night by using 
suitable illumination, but a cloth looking black in day light ean not be made to look red at 


night by using some similar method. Explain the reasons for these carefully. 
[ Jt. Entrance ’76 } 


[B] Short answer type questions. T 

1. ‘A prism does not create colour, but only separates out light of different colours'— 
Explain. [ Tripura *84 | 

2. A narrow beam of white light is incident upon a hollow prism containing water. Do 
you expect that the spectrum will form ? 

3. Which of the visible colours of light has the least velocity ? State the range of 
frequencies for visible light. 

4. Does the focal length of a thin convex lens increase, decrease or remain the same if 


monochromatic red light is used instead of blue light to measure it? [ I.T. 73] 
5. How does the focal length of a lens depend on the colour of the incident light ? 
[ H. S. '80 ) 


6. What isthe speed of electromagnetic radiation in free space ? 
7. Explain the blue of the sky. 
8. Why does the sctting sun appear red ? 
.9, ‘Wetting a thing makes its colour deeper.’ Why ? 4 
10. A plant with green leaves and red flowers are observed successively by the green, red 
and blue light, How do the leaves and flowers appears in each of the above cases 7: 
11. Yellow and blue paints mixed together produce green paint but yellow and blue ligh 
shone together on a screen produce white light. Explain. [ C. U. '50] 
12. A black cloth always appear black in whatever way it may be illuminated. Why ? 


8 OPTICAL INSTRUMENTS AND 
CHAPTER HUMAN EYE 


$1. Introduction. 

The ultimate aim of the study of geometrical optics is the designing and 
construction of efficient optical instruments. In the previous chapters we studied 
the formation of images by mirror, lens, prism etc. These principles are utilised 
in the design of various optical i ents. "Though the subject is a vast one, 
we shall discuss in this chapter the basic features of a few optical instruments in a 
simple way. 

Since the purpose of most optical instruments is to enable us to see better, 
it is logical to include in the same chapter, the discussion of the eye—the visual 
organ. The eyeis a camera in miniature. Due to the obvious similarity between 
a photographic camera and the eye, we shall begin our discussion with the former. 
Next we shall enter into the discussion of the eye and then into those of the rest 
of the optical instruments. 


8:2. Photographic Camera. 
Ina camera, a lens or a system of lenses is used to produce on a photographic 

plate or film, a sharp diminished and real image of an object to be photographed. 

The essential parts of a photographic camera "2 

[ Fig. 8'1 ] are described below : (2) 

(i) A light-tight box : A box is usually 
made of folding leather or stiff black paper 
so that its length can be varied, if necessary, 
by means of a rack and pinion arrangement 
(not shown in the Fig.). The inner wall of 
the box is painted black to stop internal 
reflection of light by absorption. 

(ii) Photographic objective: The | 
front wall of the box has an opening into 
which is fitted a convex lens L or a combina- Fig. 81 
tion of lenses acting as a convergent lens. It is ealled the photographic 
It forms a real, inverted and diminished image 
ic film. In modern cameras metallic light-tight 
ided for sliding the objective 
backward and forward. In the cheapest camera, i 
to the presence of all the common defects, a slightl 


In expensive cameras, three to five or more i € design 
the objective so that chromatic aberration, spherical aberration, astigmatism, 
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curvature of field are corrected. One such objective known as Zeiss “Tessar” lens 
is shown in Fig. 82. 


(ii) The Diaphragm: The diaphragm or 
stop D regulates the amount of light which enters 
into the camera. By shortening the diaphragm the 
definition of the image may also be improved. It 
consists of a few thin pieces of metal specially 
arranged to form a screen with a circular aperture 
whose diameter can be varied. The smaller the 
diameter of this stop, smaller will be the amount 

Fig. 8:2 oflight entering the camera, But this means that 

the effective aperture of the lens is reduced and 

hence sharper image of the object will be formed. The diaphragm is generally 

placed inside the combination of lenses forming the objective. The external 

settings of the control used for changing the diameter of the stop is marked 

‘by numbers like 11,8 etc. These are called the f-number of the stop and are 

equal to the ratio of the focal length of the lens and the diameter of the stop. 

Thus, the fnumber 11 means that at this setting, the diameter of the stop is xy of 

thefocallength of the lens. Itfollows that the smaller the f number, larger 
will be the effective aperture of the lens and worse will be the image definition. 

(iv) The Shutter: The shutter S is a device for varying the time of 
exposure. When the camera is not operated, the shutter prevents light from 
reaching the photographic plate. In some camera it is generally placed inside 
the lens combination forming the objective, while in others it is placed just before 
the photographic plate. In the latter case, it is called the focal plane shutter. 
Arrangements are provided for keeping it open to admit light for a desired 
interval. Thus, by using it the time of exposure can be varied. In modern 
cameras, the exposure time may be varied from 1 sec. to 55th of a second. Such 
exposures are called instantaneous. 

Provision for time exposure i.e., for keeping the shutter open for any desired 
time interval is also made. 

(v) The Screen: It consists ofa ground-glass plate fully covering the back 
of thé camera-box. Before the object is actually photographed, the object is 
first focussed sharply on this plate. This is done by adjusting the distance 
between the objective and this plate. This ground glass plate is then replaced 
by the photographic plate kept inside a holder. In modern cameras, such a 
system of ascertaining whether the image ofthe object has been focussed on the 
film is dispensed with and other external optical devices are used. 

(vi) Photographic film or plate: A photographic film often replaces 
the photographic plate. A photographic plate or film is made by coatinga 
a glass or celluloid plate or film by light-sensitive emulsion viz., silver halides. 

(vii) Slide: It is a flat light-tight wooden box with a movable cover. 
The photographic plate is placed within it. 


Action: The camera is directed towards the obj 
: ject to be photo hed. 
The shutter is opened and a sharp image of it is obtained on d n ask 
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by varying the length of the box by means of the rack and pinion arrangement. 
The screen is then removed and the camera is loaded with the photographic 
plate in the slide. The cover of the slide is then drawn ont. In modern 
cameras, the screen and the slide are dispensed with and the camera is initially 
loaded with the film. Formation of a sharp image of the object on the film is 
ensured by sliding the photographic objective backward and forward till its 
correct position is indicated by an external optical device. The diameter of the 
stop isthen adjusted by setting the external control to the proper f-number so 
that the desired illumination and the definition of the image is obtained. ‘The 
shutter is set for a suitable time of exposure. To perform these adjustments 
correctly requires a skill which can be acquired only by experience. 

The camera is now ready and by means of the control provided, the shutter 
isopened, so that the plate or film gets exposed to light. The exposed plate or 
film is removed to a dark room where it is immersed in a chemical solution called 
developer. The silver halides in those parts of the film where light was incident 
are reduced by the developer to metallic silver. The image, thereby, gradually 
appears and when this process gets completed, the film is washed by water to 
remove the last trace of the developer from it. It is then immersed in a solution 
of hypo (sodium thiosulphate), called the fixer solution. ‘This solution dissolves 
away the silver halides which have not been acted on by light. Until this 
process is completed, the film remains sensitive to the action of light. The film 
is then thoroughly rinsed with water to wash away the last trace of the hypo. 
It is then dried in a current of air. The film is now called the negative because 
the brighter portion of the object appears darker in it and vice-versa. Later, 
holding the negative in contact with a sensitized paper similarly coated as the 
plate, the combination is exposed to light for an appropriate time. Light passes 

` through the negative and acts onthe paper. The paper is then developed and 
fixed as in case of the negative. After thorough washing and drying, the final 
picture is obtained. It is called a positive because it reproduces the object in 
light and shade. This method is known as contact printing. 


Example 8:1. When a distant landscape is photographed, the lens of a 
camera is 12 cm. from the photographic film. What adjustment is necessary to 
get a good photograph of a man standing 2 m from the lens ? 


Solution: To get a clear image of the distant landscape, the distance 
between lens and film should be equal to the focal length of the lens i.e., 12 cm. 
: 1 MAA 
For the man 2 m distant, Y 7 3)0- 12 
; So y——1277 cm. 
Hence, the lens should be moved away from the film through a distance of 
(12:77 —12)-0:77 cm=7:7 mm. 


Example 8:2. 4 railway bridge is photographed from an aircraft flying at an 
altitude of 1000 m by a camera with a lens of focal length 40 cm. On the 
photograph, the bridge appears to be 4 cm long. What is the length of the 
bridge ? 
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Solution: The image is formed at the focal plane of the camera lens. 
Hence the magnification is given by 
"y of 40100 | 1 


If L be the length of the bridge, then 


TD rS 
c "= 9500 


+ L-—10,000 cm=100 m. 


$33. The Human eye. 

The eye is an optical instrument in its own right and perhaps more perfect 
than any instrument that men have ever devised. fhe complete visual mechanism 
involves two steps: (1) The lens system of the eye being .convex in nature 
forms a real and inverted image of an object on a light-sensitive membrane, called 
retina, at the back of the eye-ball; (2) The sensation of the image is then sent 
through optic nerves to the brain, which interprets what the image means. We 
shall, however, limit our discussions only to the first step, the second one being 
dealt with by the science of physiology. 

The human eye is nearly spherical in shape. It is held in a bony socket in the 
skull and can be rotated within this socket over a wide range by the complex 
action of six muscles. The essential parts of the eye, considered as an optical system 

CILIARY MUSCLE SCELEROTIC are shown in Fig. 8:3. It has a white 
opaque coating made of tough fibrous 
tissue called the sclerotic. This is 
the ‘white’ of the eye. The front part 
of the sclerotic, called the cornea, is 
transparent and has greater curva- 

.ture. Light enters the eye through 

it. The next layer inside the sclerotic 

is the choroid, a dark thin membrane 

Fig. 83: Human eye composed of many blood vessels. 

The innermost layer is the retina, 

which is a light sensitive membrane. This is the image receptor and is directly 

connected to the optic nerve. The choroid contains black pigments and hence 
prevents light from being reflected back on to the retina again. 

Behind the cornea is the narrow slit like anterior chamber. This contains 
aqueous humor, a clear salt solution which keeps the eye firmly inflated. Just at 
the back of the anterior chamber lies iris. It is a cireular diaphragm of pigmented 
membrane with an adjustable central hole, called the pupil. The size of the pupil 
is adjusted by iris muscles. When these muscles contract the pupil dilates 
admitting more light to the interior of the eye and vice-versa. The action of the 
iris muscles is absolutely involuntary. Without any exertion on our part the 
pupil contracts or expands according as the external light is strong or weak. The 
colour of iris gives rise to the characteristic colour of the eye. The pupil appears 
black since all light entering it is absorbed by the retina. 
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Behind the irislies a transparent biconvex body, called the crystalline lens. 
It is not, in fact, crystalline but is composed of transparent flexible material, so 
that the lens can change shape. It is supported by suspensory ligaments which 
are controlled by ciliary muscles. When ciliary muscles contract, the curvature 
of the lens increases and vice-versa. The contraction or relaxation of the ciliary 
muscles is also involuntary. At different instants we look at different objects at 
different distances. Instantaneously, without our knowing it, by altering the 
curvature of the lens the focal length is so adjusted that the image is always 
formed on the retina. 


The large space between the lens and the retina is called posterior chamber 
which is filled with the vitreous humor, a transparent colourless jelly-like 
substance. 5 Mo) 


As stated earlier, rays from the object enter the eye through the cornea. The 
rays then travel through the aqueous humor, the lens and the vitreous humor 
and ultimately form the image on the retina. Due to the converging optical 
system of the eye, the image formed on the retina is real and inverted. The 
inversion of the image is corrected in the optical centre of the brain to form 


the impression of an upright object. 


There is a slight depression in the retina, called the yellow spot or the mocula 
lutea ; it is about 2 mm in diameter. Its centre is a minute region, about 0:25 mm 
in diameter, called the fovea centralis, which is the most active part of the retina. 
The vision is most clear when the image is at fovea. Due to this, the muscles 
controlling the eye always tend to rotate the eye ball until the image of the object 
falls on the fovea. Vision by means of the fovea is called the direct vision ; 
vision by means of the other parts of the retina is called the indirect vision. 


At the point where the optic nerve enters the eye ball, the retina is most 
inactive. Hence an image formed at this point cannot be seen. This is known 
as the blind spot. 


The existence of the blind spot can be demonstrated with the help of Fig, 8-4, 
The figure is to be held in front of the eye at some distance, say 25 cm,.apart. 
If now, on closing the left eye, one looks towards the dot by the right eye and 


© X 


Fig. 84: Demonstration of blind spot 


moves the figure towards his face, he will find that at a certain distance, the cross 
disappears, because its image is being focussed on the blind spot. At a smaller 
distance, the cross appears again. 

To test it for the left eye, the right eye isto be kept closed and the left eye is 
to be focussed on the cross. At a certain distance the dot becomes invisible. 
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8:44, Some phenomena associated with vision. 


(1) Accommodation: As stated earlier, the ciliary muscles control the 
curvature of the crystalline lens through the suspensory ligaments. When the 
ciliary muscles are in complete relaxation, the second principal focus of the 
optical system of the normal eye falls on the retina. Thus the images of objects 
at infinity are sharply focussed on the retina and the eye sees those objects clearly. 
The point at the maximum distance at which an object can be seen clearly by an 
eye is called the far point ofthe eye. Thus the far point of a normal eye is at 
infinity. When the eye is directed to an object comparatively nearer, then in 
order to focus the image on the retina, the ciliary muscles contract involuntarily, 
making the crystalline lens more thickened at the middle. This decreases the 
focal length of the system and a clear image is produced on the retina. The 
ability of the,,.ye to alter its focal length in this way and thus to focus on the 
retina the images of objects at various distances is called accommodation, 

The power of accommodation has, however, a limit. We cannot evidently 
see objects clearly when they are brought very close to the eye. There isa 
minimum distance from the eye upto which objects can be seen clearly. This 
distance, known as least distance of distinct vision—is about 25 cm fora 
normal eye. The point at the minimum distance at which an object can be seen 
clearly by the eye is called the near point. ‘Ihus the near point of a normal 
eye is about 25 cm. Hence, the range of accommodation i.e.. the range of 
distinct vision ofa normal eye extends from about 25 cm to infinity. However, 
with the increase in age, the ciliary muscles lose their effect and the lens loses 
its flexibility. Due to this reason, the near point gradually recedes away from 
the eye. This recession of the near point with age is called presbiopia (c.f. 
Defects of eye, Art. 8:5). 


(2) Adaptation : As stated earlier, the function of the pupil is to control 
the quantity of light entering the eye. It involuntarily contracts or dilatés 
according as the external light is strong or weak. ‘his process is known as 
adaptation. The contraction or dilation of the pupil is, however, not instanta- 
neous ; it requires a few seconds. At night when the electric light is suddenly 
switched off, a person in the room feels almost blind ; but gradually he recovers 
the sensation of vision. This is because, when the electric light was on, the 
pupil was quite small. When the light is put off, generally a small quantity of 
light still enters the room through doors, windows etc. But the pupil being 
small, very small quantity of light enters the eye to produce the sensation of 
vision and the person feels blind. But gradually the pupil dilates and after 
sometime it becomes fairly large so that more light enters the eye and the person 
sees almost everything in the room. Similarly, a person going out of a dark room 
into bright sunlight feels dazzled for a moment ; gradually his pupils contract 
and he sees things clearly. 


(3) Persistence of vision: When an object is viewed by the eye, the 
impression produced on the retina does not disappear immediately after the 


object is removed from before the eye. The impression persists for a short time— 
about y sec. This is known as persistence of vision. As a result of this, a 
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rapidly moving object e.g. blades of a rotating fan can only be seen as a moving 
blur, although at any particular moment the image on the retina is quite sharp 
and clear. Movies utilize this phenemenon of persistence of vision. In these, 
the photographs of a moving person are taken very rapidly—more than ten 
times a second—on a strip offilm. These photographs are then projected on a 
screen at the same rate at which those were taken; a sensation of continuous 
motion is thereby produced to the observer looking at the projection. 

(4) Stereoscopic vision: Each eye forms an image of an object, so that 
two sets of impressions reach the brain simultaneously. The brain correlates these 
and we geta single impression of the object. Since the two eyes are situated at 
some distance apart, each eye getsa slightly different. view of the same object, 
the combination of these two images gives rise to three dimensional view of the 
object. ‘This is what is called the stereoscopic vision. Obje@& appear much 
flatter when we look at them with one eye closed. 


8:5. Defects of the eye; their remedy. 


As stated earlier, the range of distinct vision of a normal eye extends from 
25 cm beyond the eye to infinity i.e., the normal eye can form clear image on tl.e 
retina of an object lying anywhere within this range. Such an eye is called 
emmetropic eye. “However, there are some common defects of eye which are 
discussed below. Their remedies depending on spectacle lenses are also discussed. 


(1) Presbiopia or farsightedness: It was stated earlier that generally 
with age, a normal eye gradually loses its power of accommodation and the near 
point recedes away from the eye than the 
normal distance of distinct vision i.e., 
25cm. Suchan eye is called presbiopic 
or farsighted eye and the defect is termed 
by the physicians as presbiopia. The 
situation is illustrated in Fig 8°5 (a). In this 
diagram, the near point has receded away 
from its normal position N to a distant 
position N,. The rays (shown by the 
continuous lines) diverging out from an 
object at N, the normal near point 25 cm 
from the eye, converge to N’ behind the 
retina. Thus the image on the retina gets Fig. &5 
blurred, On the other hand, the rays (shown by che dotted lines) from the point 
N,, the near point of the presbiopic eye, converges to the point N,' on the retina 
and the retina receives a clear image of the object. For objects lying beyond 
N, upto infinity, the eye exerts its power of accommodation and sees them 
clearly. The position of N, moves further from the eye with age. This is the 
reason why old people without spectacles are often found to read, holding the 
book more than 25 cm away from the eye. 

This defect is remedied by using a convex spectacle lens of suitable focal 
length close to the'eye [Fig. 8-5 (b)], so that it forms a virtual image of N at N;. 


P-II/11 


(b) 
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if C be the optical centre of the lens, then the object distance, u=CN=least 
distance of distinct vision of normal eye, and the image distance y—CN;-—the 
least distance of distinct vision of the presbiopic eye. Obviously, both u and v 
are positive. The focal length of the lens is given by the lens formula, 
Eia l 1 : 
For example, let the near point of a presbiopic eye be ata distance of 75 cm 
from the eye. Then the focal length fof the lens that should be used to make 
the vision normal i.e., to bring the near point at the normal distance of 25 cm 
is given by 
ate leat a 
gom 25 75 
The negative sign indicates that the lens'to be used is a convex one. The 
power P ofthe lens is given by, 


d = -4-2:67 dioptre (nearly) 


~s. f=—37:5 cm. 


P= 


With the spectacle lenses on, a presbiopic person cannot see the distant objects 
clearly. Because in that case the far point of the eye lies at the first principal 
focus of the lens. This is quite obvious ; for then the rays from am object situated 
at this point are rendered parallel after refraction» through the lens and enters the 
eye as a parallel beam. Thus with the spectacle on, the range of distinct vision 
ranges from 25 cm to the first principal focus of the spectacle lenses. To see 
clearly the objects beyond the first principal focus of the lens, the lens should 
be removed. To obviate this difficulty, the spectacles of presbiopic persons are 
often fitted with ‘bifocal’ lenses i.e., a plane parallel glass plate with a small 
converging lens cemented or otherwise fixed with its lower part. The eye looks 
through the upper part when looking at distant objects and through the lower 
part when the near objects such as printed matters are viewed. 


Examples 8°3. A certain farsighted (presbiopic) person cannot see 
clearly objects closer to the eye than 100 cm. Determine the nature and power 
of the spectacle lens which will enable him to read a printed material at a 
distance of 25 cm. Where will the far point be when he uses this spectacle lens ? 


Solution: Here, the image distance y=least distance of distinct vision of 
the person=100 cm, and object distance u=25 cm, 


s. From eqn, (81), the focal length fofthelens to be used is given by, 
cielo A ue n 3 : 
dosi grat —i00—25 =~ 100 or, f=—33°3 cm. 


And the power of the lens, P=— 09.2 ig dioptre. 


f 


Hence, the spectacle lens to be used is a convex lensof power + 3 dioptre. 
With this spectacle lens, for the far point y=œc'and f— —33:3 cm. 


1 
or, Taf or, Hore 4.4333 cm. 
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Hence the far point is brought to a distance of 39:3 cm from the eye i. e., 
to the first principal focus of the lens. 


(2) Hypermetropia or longsightedness : In a hypermetropic or long- 
sighted eye when the eye is fully relaxed, parallel rays from an infinitely distant 
object are brought to fecus at a point behind the retina [ Fig. 8°6 (a) ]. This is 
due to abnormal flainess of the cornea or to the eyeball being abnormally short. 
By the power of accommodation, however, 
parallel rays irom the distant object are 
brought to focus on the retina and the object 
at infinite distance may be seen clearly. 

However, if the object gradually comes 
nearer and nearer, the image tends to move (a) 
farther behind the retina ahd more and 
more accommodating power is necessary to 
keep the image on the retina. Ultimately 
accommodating power will exhaust when the Nj 
object is at M}, the near point of the hyper- 
metropic eye [Fig 8°6 (b)]. | Evidently N 
will be ata distance from the eye greater 
th’ 1 that of the normal near point N. This 

fect is thus remedied in the same way 
s done for presbiopic eye. A convex lens 
should be used close to the eye, the focal 
length ofthe lens being so chosen that by 
thislensa virtual image of the object at N (C) 
is formed at M, [Fig. 86 (c). The focal 
length of the lens can be calculated exactly 
in the same way as before. Thus if C be 
the optical centre ofthe lens, then the object 
distance u —QCN--least distance of distinct 
vision of normal eye, and the image distance (d) 
v—CN,-least distance of distinct vision Fig. 8°6 
of hypermetropic eye. Both 4 and v being 
positive, the focal length of the lens used is given by the lens formula, 

1 TS 1 1 ' 
Yin GN, GN 5m . (82) 

For example, if the near point ofa hypermetropic eye is 50 cm away from 

the cye, then the focal length of the lens to be used to bring the near point at the 


(b) 


normal distance of 25 cm is given by y-3—57 Sign or, f=—50 cm 


and the power of the lens = ZU dioptre. Thus the lens tobe Vui ag 
be a convex one having power 4-2 dioptre. 

As stated before, for distant vision a hypermetropic eye has to exert accommo- 
dating power to some extent. To relieve the eye from this tension, i. e., to enable 
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the eye ( when fully relaxed ) to see distinctly the objects at infinite distances, a 

- convex lens of low power may be used close to the eye as. shown in Vig 9/5 (d). 
This lens converges the parallel beam of light so that the convergent beam is now 
focussed on the retina when the eye is fully relaxed. ‘Thus ‘bi-focal? lenses for 
hypermetropic eye have two convex lenses cemented together, the lower one 
being of greater power. Obviously the upper portion of such a lens is used to 
sce the distant objects and the lower portion for reading, sewing etc. 

Example 8:4. The least distance of distinct vision of a longsighted person 
is 60 cm. If by using spectacle this distance is reduced to 15 cm find the nature 
and the power of the lens used. 

Solution; The near point of the eye is 60 cm away from it. According to 
the question, when the spectacle is used, the rays from an object at 15 cm must 
after passing through the spectacle lens appear to diverge from a virtual image 
at 60 cm from the eye. Hence, 


u=15 cm and vy—60 cm 
1 1 Ll. 1 1 
k dn Sa o 157 920 whence, f=—20 cm 
and the power of the lens -— ==+5 dioptre. Thus the spectacle lens is 


a convex one of power 4- 5 dioptre. 
(3) Myopia or shortsightedness: In a myopic eye, the eye ball is 
unusually long in comparison with the focal length of the lens system, Hence 
when the eye is fully relaxed, parallel rays 
— from an object at infinite distance are brought 
to focus somewhere in front of \the retina 
[Fig. 8:7 (a)] and the image formed on the 
retina gets blurred. Thus the far point P 


(a) advances towards the eye from infinity [Fig. 8:7(5)] 

and when the eye is fully relaxed, the rays 

; Seay diverging from P get focussed on the retina. 
Rea The near point, however, remains undisturbed. 
People suffering from this defeet can clearly 


see objects at short distances but their vision gets 
blurred when they look at objects at very large 
distances. Generally young people suffer from 
this type of defect of eye, 


(b) 


This defect is remedied by using a concave 

lens in front of the eye as shown in Fig. 8°7 (c). 

(€) The focal length of the lens is so chosen that 

Fig. 8:7 parallel rays from infinity after passing through 

the lens appear to diverge from P, the far point 

of the myopic eye, Those rays, therefore, ultimately converge to a point on the 

retina. Obviously, under this condition P should be the second principal focus 

of the concave lens used i, e., the focal length of the lens should be equal to the 
distance of the far point from the eye. 
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‘The focal length of a concave lens is positive and hence its power is negative. 
Thus spectacle lenses of a shortsighted person should be of negative power. 

Sometimes a shortsighted person may have the far point nearer to his eyes 
than 25 cm. The near point then lies very close to the eyes. Such a person 
should use spectacle even for reading at normal distance. We know that, with 
age the near point gradually recedes away from the eyes due to presbiopia. Thus 
eyes originally myopic and formerly corrected by using concave lenses, may in 
some fortunate cases be perfectly adjusted for reading without spectacle. More 
often separate spectacles having low power concave lenses (power lower than that 
of the old spectacles)—and perhaps even convex lenses are needed. Thus bifocal 
lenses for myopics, have the upper one a concave lens of high power for distant 
vision and lower one a concave lens of less power or even somewhat convex, for 
reading purposes. , : 

Example 8:5 The far point of a certain eye is 80 cm in front of it. What 
type of defect is this? Find the nature and the power of the spectacle lens which 
should be used to see clearly an object at infinity. What will be the position of 
the near point when the spectacle is used? The least distance of distinct vision— 
25 cm. 

Solution: The far point being nearer than infinity, the defect is mycpia. 


The lens to be used should be such that when the object is at infinity the 
virtual image formed by the lens is at P the far point of the eye. Thus, u— oc and 
y—80 cm. 


Xo va and hence, f—80 cm. 


and the power of the lens P— — = =-= — 1:25 dioptre. 


Hence the lens used should be concave having power —1:25 dioptre, With 
the spectacle lens, for the near point, v—25 cm and f=80 cm. 
LA a PE AN E 
FEWER 80 25 u 
Yo sd TD 
u 35 80 400 
whence u= m —936:4'cm (nearly). 
ie. when the spectacle is used, the near point lies at a distance of 36°4 cm 
from the eye. 
Example 8-6. The power of the spectacle lenses of a myopic person is — 2:5 
dioptre. Find the greatest distance upto which he can see clearly without spectacle. 
Solution : The focal length of the lenses is 
100 100 — 
fec ne ae 
Hence the lenses are concave and when an object lies at 40 cm from the eye, 
the lenses form the image at infinity. Obviously, the far point of the person is 
at 40 cm from his eyes i.e., he can see clearly upto 40 cm from his eyes without 
spectacle. : 
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Example 8:7. A person with defective eye can read clearly a printed matter 
when it is not more than 20 cm from his eye. Find the nature and the power of 
the lens he needs to see clearly a distant view. 

Solution: Since the person cannot see clearly the object at a distance more 
than 20cm from his eye, the far point is at a distance 20 cm from the eye. 
Hence to see the distant objects clearly he shovild use a lens so that an object at 
infinite distance will have its virtual image at 20 cm from his eye. Thus u==0c 


and y=20 cm. 
AS ed j 
ro a E 
1 X 

and the power of the lens a ae pa = —5 dioptre 

Thus the lens should be concave having power —5 dioptre. 

(4) Astigmatism: Sometimes, the front surface of the cornea loses its 
spherical shape and its curvature becomes unequal in different meridian planes. 
This defect is known as astigmatism. The focal length of the lens system of an 
astigmatic eye becomes different in different meridian planes. As a consequence, 

a line object (or lines of the same object ) 
placed at the same distance but differently 


oriented cannot be scen by the eye equally 
distinct as their images are not clearly focussed 
on the retina simultaneously. The eye, of 


course, tries to de it but only at the cost of 
muscular strain which very often produces 

Fig. 88: Astigmatic dial severe headache. The diagram shown in Fig. 
8:8 is called an astigmatic dial. Ifan astigmatic person looks at this diagram, 
he will sce clearly only the lines pointing in one direction, while those in the other 
directions are blurred. This is the test of astigmatism. 

This defect is removed by using a cylindrical lens which has different curva- 
tures in different meridian planes, "The curvature and the axis of the lens are so 
chosen that together with the eye, the cylindrical lens forms an optical system 
whose focal length is the same in every meridian plane. 

Astigmatism is usually associated with hypermetropia and myopia. The 
spectacle lenses used to correct these combined defects is ground cylindrical on 
one side and spherical on the other. Such a lens is called sphero-cylindrical lens 
or toric lens. : 


8:6. Comparison between eye and camera. 
As stated before, human eye isa camera in miniature, The analogy between 
the two is presented below :— 


Camera Eye 


(i) Eye is enclosed in a fairly hard 
substance called the sclerotic. No light, 
except through the pupil, can reach the 
retina. 


(i) It consists of a light-tight box so 
that no stray light other than what is 
admitted through the diaphragm «an 
enter it. 
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Camera 


(ü) ‘The light-tight box is blackened 
inside to prevent any internal scattering 
of light. 


(ii) Eye is provided with choroid 
having black pigment which prevents any 
scattered light from falling on the retina. 

(iii) The objective lens is either a 
converging lens or a system of lenses 
and it is used to produce on the photo- 
graphic plate a real, inverted and 
diminished image of an object before it. 


(iii) The cornea, aqueous humor, 
crystalline lens and vitreous humor all 
act as a single converging lens system to 
produce on the retina a real, inverted 
and diminished image of an object 
before it, The brain interprets this 
inverted image on the retina to an erect 
object in front of the eye. 


(iv) The focal length of the objec- 
tive lens is fixed. Focussing is done by 
a justing the length of the box. 


(iv) Focal length of the crystalline 
lens is variable. Focussing is achieved by 
the process of accommodation, whence 
the curvature of the crystalline lens is 
involuntarily altered in order to get the 
different external objects properly 
focussed. 


(v) The iris acts as the diaphragm. 
But it is controlled involuntarily. 


(v) Diaphragm or stop regulates | 
the amount of light entering into the | 
camera, It is controlled externally. 


(vi) The eye lids admit or shut off 
light for any period. 


(vi) The shutter in front of the lens 
is used to regulate the time of exposure. 


(vii) The image is formed on the 
retina. It does not require developing. 
The sensation is produced due to phy- 
siological action ; impression formed on 
the retina is carried to the brain by 
optic nerves. 


(vii) The image is formed on the 
photographic plate which on being 
developed produces the permanent 
picture. 


(viii) The same retinal sereen recei- 
ves images of numerous objects. But one 
image becomes distinct from other if 
time interval of 4th sec is allowed. 


(viii) For different pictures different 
photographic plates are required. 


(x) The angular region covered is 


(ix) Total angular region that it 
about 150°. 


covers is normally about 60°. 
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8:7. Optical aids to vision ; angular magnification. 


When we view an object, its apparent size is determined by the size of the 
image formed on the retina. Greater the size of the retinal image, larger will 
x the object appear to us. Ifthe same object 
is.brought closer to our eye, the retinal image 
increases in size and the object appears to 
be bigger. This is illustrated in Fig. 8:9 for 
two positions A and B of the same object. 
At the former position, the object appears 
Fig. 89 smaller than what it appears at its latter 
position. 


Many examples can be cited from our everyday experience in support of the 
above discussion. The pair of lines ofa railway track appear to approach each 
other gradually with increasing distance. When viewed from the top of a multi- 
storied building the cars appear as tiny ones, the pedestrians look like dolls. 


Now, the angle subtended at the eye by the rays from the ends of an object is 
defined as the visual angle. It follows from the Fig. 8'9 that the size of the 
retinal image is proportional to the visual angle. So the apparent size of an object 
is deterrnined by its visual angle. Two different objects (4 and 4’, for example, 
in Fig. 8'9) will appear to possess the same size if their visual angles are same. 
A very common example is provided by the sun and the moon, Their actual 
sizes are vastly different; but they appear to be of equal sizes because they 
subtend almost the same visual angle. 


The apparent size of an object cannot be indefinitely increased by bringing it 
closer to the eye, because objects lying closer than the least distance of distinct 
vision cannot be focussed sharply by the eye, Hence to view very small objects 
in detail, optical aids viz. magnifier or microscopes must be used. Objects 
situated at large distances from the eye subtend very small angles at the eye and 
hence their detail become indistinguishable. Optical instruments viz. telescopes 
are used to bring out their detail, Each of these optical instruments works on the 
principle that the visual angle subtended by the image is much larger than that 
subtended by the object when viewed directly. The magnifying power of an 
optical instrument is thus defined as, 


Visual angle subtended by the image 
Visual angle subtended by the object 

This ratio is also called the subjective or the angular magnification of the 
optical instrument, : 


Magnifying power or angular magnification should not be confused with the 
linear magnification discussed earlier (vide Art. 6'9). The concept of linear 
magnification is quite irrelevant for optical instruments because not the actual but 
the apparent sizes of the object and the image are important here, For example, 
the actual size of the image formed by a telescope is much smaller than that of the 
distant object. But the image appears larger because its visual angle is greater, 


Magnifying power— 
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$8. Magnifier or simple microscope. 


A magnifier or a simple microscope is a single convex lens used to view a 
small object with increased magnification. 


The small object (OO") to be viewed is placed near a convex lens (L) at a 
distance slightly less than its focal length when a virtual, erect and magnified 


image (//') is formed [ Fig, 8:10]. The r 
eye is placed very near the lens and sees p. L 
this virtual image. For distinct vision, T ESTS 


the image should be formed anywhere 
between the near point and infinity. 
For a lens of short focal length, a large 
magnification is produced and the lens 
is said to be acting as. a magnifier or a 
simple microscope. Fig. 8:10: Simple microscope 


MLE----- 


| 


We know that the apparent size of an object increases if it is brought closer te 
the eye. A limit is, however, set because the eye cannot see distinctly at distances 
less than that of the near point. The action of the magnifier as can be seen clearly 
fror the figure, is to bring the object closer than this distance so that it subtends 
a' cger angle at the eye. The eye then sees not the object, but its virtual 

agnified image which subtends the same angle. This explains the action of the 
magnifier. 

Magnifying Power: Let the object OO' be placed at a distance u from the 
lens. uis smaller than the focal length f of the lens.. Let, the virtual image II’ 
be formed at the distance v from the lens. As the eye is placed very close to the 


lens, then the angle subtended by the image at the eye. When viewed 


directly, the object should be placed at the least distance of distinct vision, say D, 


so that the angle subtended by the object when viewed directly= oT . Hence, 
from definition, the magnifying power m is given by 
mia HOUSE 
SEV DS ESQ moy 
t TIE 
But from the figure, OD S 
ds mc D pel NEA mm (8:3) 
He vH : 
Now from the lens formula, for a convex lens, 
Lip SONA E 
BENT f 
D DULD 
e E 
ra 
Hence: nee bee «i fe (8*4) 
BE, 


P-IT/22 
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The magnifying power is, therefore, not a constant but it depends on the 
distance at which the image is formed. We shall now consider two extreme 
cases :— 

(i) Image at the near point: In this case, v— D, 


D DoD EA t ; 
(ii) Image at infinity : In this case y= cc, 
D ADD 
ae es s 8:6 
m- +o =4 (86) 


The magnifying power, therefore, fluctuates between the two extreme values 


( 1 +2) at the near point to D at infinity. So to obtain the maximum magni- 


$ 
fication, the object should be placed in such a way that the image is formed at 
the near point. 

The above expressions for magnifying power show that this may be made as 
large as necessary by decreasing the focal length of the lens. A limit is, however, 
set due to aberration of the lens. It must also be mentioned that the factor D 
varies from person to person and consequently the magnification factor also varies, 
For a normal eye, the value of D is taken to be equal to 25 cm, whence the 
expression for magnifying power becomes 

m-l or a as the case inay be. 
If a concave lens is used in a similar manner, it will produce a diminished retinal 
image so that the lens used in this manner is said to be a diminishing-glass. 


Example 8:8. Find the focal length of a watch maker's magnifying glass 
which when held close to his eye, produces a magnification of 10, his least distance 
of distinct vision being 25 cm. t 


Solution: Here m=10, D—25 cm, Hence from eqn. (8'5) we have 
m= +2 ory 0Sa 
fM 2:18 cm. 


Example 8-9. The focal length ofa simple magnifier is 5 cm. (a) How 
far in front of it, an. object should be placed so that the image is formed at the 
observer's near point, 25 cm in front of his eye ? (b) If the length of the object 
be 2 mm, what is the length of the image formed by the magnifier ? 

Solution: (a) Here v—25 cm, it being assumed: that the eye is placed 
very close to the magnifier so that the image distance from the magnifier equals 
that from the eye ; f— --5 cm. Hence from the relation, 


Tb l sgt ol 
LU Rd NES Oly 4. 5 
or, ut? =417 cm 


which gives the required result. 
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(b) Ifthe length of image be J, then 
ieee 
or, [=2xX6=12 mm. 
$9. Compound Microscope. 


By means of a magnifier, a modest magnification of the objec* can be obtained. 
Forobtaining large magnification, the compound microscope invented by 
Galileo in 1610 is widely used. Modern compound microscopes can produce a 
magnification of about 2000x *. The invention ofthis microscope marked the 
beginning of a new era in the study of plant and anima] physiology. 

In its simplest form, a compound microscope consists of two co-axial short- 
focus convex lenses O and E [ Fig. 9:11 ]—the lens O near tue object is called 
the objective and the lens E near the eye is known as the eye-piece. The 
aperture of the objective is small while that of the eye-piece is wider. These 
two lenses are separated by an adjustable distance L. This adjustment is achieved 
by mounting the objective in a metallic tube, while the eye-piece is mounted in 
another one which just fits in the former and can slide within it. The microscope 
as a whole is moved backward and forward near a small well-illuminated object 


D------------3 


Fig 811: Compound Microscope 


PQ by a rack and pinion arrangement until a clear image of the object is seen. In 
this position, the object lies near the objective just beyond its first principal focus 
F'. The objective forms a real, inverted and magnified image p,q: in front of the 
eye-piece, The eye-piece is so placed that this image lies just within its first focal 
point F}, so that it acts like a magnifier and forms the enlarged final virtual image 
pq which is inverted with respect to the object. This final image may be formed 
anywhere between the near point and far point of the eye. tor obtaining the 
largest magnification, this final image should be formed at the near point. 

The actual path of the rays from the object to the eye is shown in the figure 
by full lines. The dotted lines represent the construction lines which are drawn 
for locating the position of the final image. 

* 2000 x means 2000 times. 
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Magnifying power : The magnification takes place in two steps, firstly by 
the objective and then by the eye-piece. The total magnification m preduced by 
the compound microscope is equal to the product of the linear magnification m, 
produced by the objective and the magnifying power m, of the eye-piece. 


A m=m, X Me tee aise (8:7) 
— P19) Y x 
But m, =-P0 ái i de (8:8) 


where v is the distance of the intermediate image p,q, and u is the distance of the 
object PQ from the objective. As the eye-piece acts as a magnifier so when the. 
final image is formed at the near point, we have 


m=] n i oe ate (8:9) 
Se 
where D isthe least distance of distinct vision and f, is the focal length of the 
eye-piece. 
Hence from the above equations, the total magnification is given by 
v D 
m= "(142 a "s 810 
i Ea (810) 


the final image being formed at the near point. 

This equation shows that m is large if 

(i) faie., the focal length of the eye-piece, is small ; 

(ii) u is small, which implies that the focal length of the objective should be 
small ; 

(iii) vis large, which means that the eye-piece and the objective should be 
kept separated as far as possible. 

Now applying the lens formula for the objective, we have 


Ree Se 
VN ER 
d L4 1) a Ka (8:11) 
So the expression for the resultant magnification becomes 
AN D 
={—-—1 Peor . 
ni (7 M DE a 2 (8:12) 


Now, in an actual microscope, the objective is of skort focal length and there- 


fore, image produced by it is usually formed at the end of mi 
jeans, 00 Qu microscope tube of 


y=L and ‘eam: | P. let 


to 
Moreover, f, is small compared to D such that 
DD 
rpa 
fh fe 


Hence, the equation for the resultant magnification (eqn. 8:12) immediately 
reduces to 


L D 
ma FX? e = (813) 
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Thisequation clearly brings out the fact that to obtain a large magnifying 

power, the focal lengths of both the objective and the eye-piece should be small 

and the microscope tube should be large. The tube length, however, cannot be 

increased indefinitely ; if so, it gets unwieldy. In practice, it is kept constant at 

about 20—25 cm and different magnifying powers are obtained by using objec- 
tives of different focal lengths. 


Asa large magnification is produced by the instrument, the brightness of the 
image is considerably decreased. Hence, in order that the image be sufficiently 
bright, the object should be strongly illuminated. 


It should be mentioned that if the objective and the eye-piece are single 
lenses, as described above, several defects, e.g., spherical aberration, astigmatism, 
distortion, chromatic aberration etc. produce a coloured and distorted image. 
In order to remove these defects, objectives containing as many as eight or ten 
lenses and eye-pieces containing two or more lenses are employed in modern high 
power microscopes. 


Example 8:10. A compound microscope consists of two lenses of focal 
lengths 1:5 cm and 10 cm respectively. If the object is2.cm from the objective 
and the final image is to be 25cm from the eye-piece, what must be the distance 
between the lenses and what is,the magnifying power ? 


Solution: The eye-piece is less powerful than the objective and hence it 
has the greater focal length. <. fo=—1'5 cm and f,——10 cm. For the 
objective, the object distance u—2 cm and the real image is formed at a distance 
v, given by 

A eee 
y. 155 

Solving, we get vy— —6 cm, so that the image is formed on the other side of 
the lens. 

For the eye-piece, the image distance V=25 cm, the image being virtual and 
the object distance U is given by 

=F -— or, U-—714 cm. 
The distance between the lenses L=vy+ U-6--7:14— 13°14 cm. 

From eqn, (8:12), the magnifying power is given by 


Lg 
4S) pee 


Example 8:11, A compound microscope consists of two lenses of focal 
lengths 0:5 cm and 1-0 cm separated by a distance of 16°0 cm. The final image is 
formed at the ‘least distance of distinct vision which may be taken as 25 cm. 
Calculate the magnifying power of the instrument. 


Solution; Here f,=—0°5 cm, fe —10 cm, L=16 cm and D=25 cm. 
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For the eye-piece, the image distance V=25 cm. So the object distance U 
may be obtained by applying the lens formula. 
1 Ed Riper or, Ee "96 cm. 
i 


Hence the image distance y for the objective is given by 
y=L—U=16—0°96=15-04 cm=15 cm.  (approx.) 
Thus from eqn. (8:12), we get for the magnifying power 


"EU 
- ) (+2) 2229 x 26-=754 


Example 8::2. The objective and the eye-piece of a compound microscope 
may be considered as thin lenses with focal lengths respectively 1°50 cm and 3'00 
cm. If the distance between them is 16:0 cm find (a) the position of the object 
and (b) the magnification, when the image is formed 25:0 cm from the eye-piece. 

[London Univ.] 

Solution: Here f,— —1:50 cm, f,——3:00 cm, L=16°0 cm, V=D= 
25:0 cm. 

The eye-piece forms a.virtual image of a real object, Hence applying thc lens 
formula, we get 


1 1 1 3 
m y or, U=2°75 cm, 


So the objective forms the image at a distance y given by 

yzL—U-—16—2:75—13:25 cm, ‘ 

The objective forms a real image of the object. In this case we get 
Ch ur 9» 1—1:69 cm. 

Hence the object lies at a distance of 1:69 cm, in front of the objective. 

From eqn. (8:12), we have for the magnifying power 


-|#-1 [^21 
[#8] [+] 73:56 


Example 8:13. An object is placed at 4 cm from the objective of a 
microscope. If the fina! image coincides with the object in position and is át the 
least distance of distinct vision which is 25 cm, calculate the focal lengths of the 
objective anu the eye-piece. Given that the magnifying power of the microscope 
is 14. 

Solution: Letu and v are the object and image distances respectively for 
the objective, while U and V are those for the eye-piece. 

By question, u—4 cm and V=25 cm, 

Since the object and final image coincide, hence the distance between the 

objective and the eye-piece is 
y+U=25—4=21 ae (i) 

Again, magnifying power of the cepe magnification due to 

objective x that due to eye-piece. 


OPTICAL INSTRUMENTS AND HUMAN EYE 175 


US 2 ws (i) 
Ineqns. (i) and (i) only the ‘numerical values of v and U are considered. 
Solving (i) and (ii) we get, 


. 21x25 
= m 
and i cm. 
Now, for refraction in the objective, u=4 cm, ja cm (the image 


being real). Iff, be that focal length of the objective, we have from lens formula 
81 1 1 
Cj$x4x2] 4 f. 
or, fo=—3'136 cm. 
Similarly, for eye-piece, ge xe cm, V-=25 cm. 


Hence from lens formula, x — T 
e 


or, fe=—875 cm. 
8:10. Telescopes. 


Objects lying at a large distance from an observer appear to be small 
although their actual sizes may be quite large. Telescopes are used for the 
purpose of improving the observer's vision of such distant objects. It produces 
a virtual and distinct image which subtends a much larger visual angle at the 


eye and so appears to be magnified. 

Just like the compound microscope, the optical system of a telescope consists 
essentially of two components : the objective and the eye-piece. The objective 
forms a real, inverted and diminished image of the distant object. The eye-piece 
acts as a magnifier and forms a virtual and magnified image of the real image 
formed by the objectivc. 

Telescopes may be generally divided in two classes: (i) Refracting 
telescopes and (ii) Reflecting telescopes. In the refracting type, the objective 
consists of a lens or a system of lenses of large focal length and aperture. The 
refracting telescopes, on the other hand, employ a large concave or a paraboloidal 
mirror as the objectivc. 

These may further be divided into two categories :—(i) Astronomical and 


(ii) Terrestrial. Astronomical telescopes are employed for viewing celestial 


objects. In such telescopes the final image is inverted with respect to the object. 


In terrestrial telescopes, an erect final image is formed and these are employed 
for viewing distant objects on the earth. 
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8:11. Refracting Astronomical Telescope. 


In the simplest form, a refracting astronomical telescope consists of a convex 
lens O of large focal length and large aperture as the objective with a convex 
lens E of shorter focal length and small aperture as the eye-piece [Fig. 8:12]. 
When such a telescope is directed towards a distant object, the light coming 
from any point of the object may be treated as a parallel beam and hence the 
image AB is formed at the focal plane of the objective O. It follows that 
PA is the focal length of the objective. The image AB is real, inverted and 
diminished. 

The light rays continue their path and strike the eye-piece. E as a divergent 
beam. Ifthe eye-piece is so placed that its first principal focus coincides with 
the point A, then the rays, after refraction through the eye-piece, are rendered 
parallel. The telescope is then said to be focussed for infinity [Fig. 812]. An 

_ imaginary ray BQ through the optical centre Q of the eye-piece passes undeviated. 


Fig. 8:12: Refracting Astronomical Telescope : Normal vision 


Since Bisa point in the focal plane of the eye-piece, all rays from B, 
alter passing through the eye-piece, therefore become parallel to this imaginary 
ray. The emergent parallel rays when produced backwards meet at infinity 
and a magnified inverted image is seen at infinity. The eye placed behind the 
eye-piece sees the image without any strain and hence the instrument is said 
to be adjusted for normal vision, It should be noted that in this case, the 
distance between objective and eye-piece ie. the length of the telescope (L) is 
equal to the sum of their focal lengths, f, and f, i.e., 


L=f, tf. 

The telescope may also be so used that the final virtual image is formed at 
the least distance of distinct vision. The eye-piece is then slightly pushed towards 
objective, so that the distance AQ becomes slightly less than the focal length of the 
cye«piece. In that case, the image AB formed by the objective lies just within the 
first focal point F, of the eye-piece [Fig. 8:13]. The eye-piece thus forms 4 
magnified virtual and inverted image A'B’ at the near point ofthe eye. The 
telescope is then said to be adjusted for distinct vision. 

It should be mentioned that the above two adjustments are the two extreme 
cases, By adjusting the position of the eye-piece, image may be formed anywhere 
between infinity and the near point of the eye. 
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Magnifying power : The magnifying power of a telescope is defined as 
the ratio of the angle subtended at the eye by the final image and the angle 
subtended at the eye by the object itself. As the object lies at large distance, 


Fig. 8:13: Refracting Astronomical Telescope : Distinct vision 
the angle subtended by it at the eye can be taken to be equal to that subtended 
at the centre of the objective. Let this angle be « [Fig. 8:12]. Also as the eye 
is placed vary close to the eye-piece, the angle subtended by the final image 
at tt eye is practically same as that subtended by it at the centre of the eye-piece. 
W denote this angle by 8. Hence, the magnifying power is given by 


Piss Be 2 0 (81 
g 


- The value of m will depend upon the position of the final image which we 
know may be formed anywhere between infinity and the near point of the eye. 
We shail consider only these two extreme cases : 


(i) For normal vision: From Fig. 8'12, we see that AP —f,, focal length 
of the objective and 4Q —f,, focal length of the eye-piece. Also since the angles 
X and f are small, 


4" AB..AB 
AP f. 
_AB_AB 
AQ fa 
nili in ve (815) 


e 
Hence in order to obtain high magnification, focal length of the objective 
should be made large while that of the eye-piece should be made small, in this 
case, the length of the telescope is obviously given by 


L=f,th Si M (816) 

(ii) For distinct vision : In Fig. 8113, the final image is formed at the near 

Point, so that B’Q=D, the least distance of distinct vision. Let AQ=4 Then, as 
before, «= 4B | But 8-45, so that m=. 


Jo 


` P-II/12 
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Now considering refraction at the eye-piece, a reai image at distance y 
produces a virtual image at a distance D. Hence, 


cA pc B. 
. ifa Difi o e š 
nom fx 2th ^(r-4) s (8:17) 


It may be mentioned here that when D->cc, the above equation reduces to 


mate 


6 
which is the case for normal vision, The length of the telescope in this case is 
given by, 
2 it Df, ; 
: L-f,tu-fet y A iy veo (8:18) 

As the image is highly magnified, its brightness is reduced and it becomes 
necessary that as much light as possible from the object should be collected by the 
objective. This is most important in astronomical work where the main aim is to 
study the faint celestial bodies lying at vast distances from the earth. For this 
reason objective of an astronomical telescope has a large aperture. Apart from 
increasing the light gathering power of the telescope, this also renders finer detail 
of the object to be visible. The largest objective lens in the world has a diameter 
of 40 inch and is situated in the Yerkes Observatory at the University of 
Chicago. The aperture of the eye-piece on the other hand should be small being 
just sufficient to cover the pupil of the eye. Otherwise, a part of the light coming 
out of the eye-piece will not be gathered by the eye and will, therefore, be lost: 

Just like a compound microscope, an astronomical telescope, in practice, does 
not consist simply of two convex lenses, In order to remove or minimise the 
various monochromatic aberrations and chromatic aberration, the objective is 
made of two or more lenses while the eye-piece consists of two converging lenses. 

Now-a-days most astronomical observations are not made visually but photo- 
graphically. The photographic plate is placed at the focal plane of the objective 
and is kept exposed for a long time so that objects too faint to be seen are recorded 
in the photograph. 

Example 8:14. The magnifying power of a telescope in normal adjustment 
is 20, and the focal length of eye-piece is 5 cm, What is the magnifying power 
obtained when the system is adjusted so that the final image of a distant object is 
formed 25 cm from the eye-piece ? [Oxford Univ.] 

Solution: 1n normal adjustment magnifying power is given by m= Solfo 

Si 028 or, f—100 cm. 

When the final image is formed 25 cm from 

magnifying power from eqn. (8'17), 


m-4* (14+ fe gna cni 


the eye-piece, we get for the 
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Example 8:15. The objective of an astronomical telescope has a focal length 
of 200 cm and the eye-piece has a focal length of 5 cm. Calculate the magnifi- 
cation produced by the telescope when the object is seen (i) at infinity (ii) at a 
distance of 25 cm. Also find the distance between the two lenses in each case. 

Solution: Here f,=200cm, fe=5 cm. 

(i) When the object is seen at infinity, from eqn, (8:15), the magnifying 
power is given by 

m=folfo=242=40 
The distance between the two lenses is given by 
L=fo+fo=200+5==205 cm, 

(i) When the object is seen at a distance of 25 cm, eqn. (8'17) gives for the 

magnifying power 
= 9B ( » = 
^ 1+4) 392(14-)248 

From eqn. (8:18) the distance between the two lenses is , 

Df, 25 x5 _ 94 
L=fo+5 Le 200+ EES 904°17 cm. 

Example 8:16. The focal lengths of the objective and the eye-piece oj an 
astronomical telescope are 10 inch and 1 inch respectively. The telescope is 
focussed on an object 5 ft from the objective, the final image being formed 
10 inch from the eye of the observer. Calculate the length of the telescope 

( Jt. Entrance '73 | 

Solution; For the objective which forms a real image of the object, we get 

from the lens equation 


ra 
» 8 oe > ; 
This gives the image distance from the objective. ‘This image serves as object 
to the eye-piece. If we assume that the eye of the observer 15 placed very close to 
the eye-piece, then the distance of the final image from the eye-piece may be taken 
as 10 inch. Applying the lens equation in the case of the eye-piece, which forms 
virtual image, 
lcd or, u$, 7007 ft 
u 
The length of the telescope is, therefore, given by 
L=1+0:07=1°07 ft. 
Example 8117. An astronomical telescope having an aiea dem uio 
length 100 cm is focussed on the moon. How much must the eye-plece e 
out in order to focus on an object 80 metre distant ? 


Solution: Asthe moon serves 25a be E vi object, 
its image at its focal plane i.e., at a distance 0 cm. y : 
In the second case, the image distance may be found by applying the lens 


equation to the objective, so that 
1 1 2 or, v=—101'3 cm. 


v axo 
Hence the eye-piece must be drawn out by 


the objective forms 


101:3—100=1'3 cm. 
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812. Reflecting astronomical telescope, 


Construction of the large aperture objective lenses for a refracting astrono- 
mical telescope is very difficult. Grinding and polishing of the large component 
lenses of the objective are necessary for removing the aberrations and this is very 
troublesome. It is also very difficult to obtain necessary large mass of glass free 
from any defect or impurities. Lenses of large aperture are therefore very 
costly. 

In reflecting astronomical telescopes, the objective lens is replaced by a large 
concave or paraboloidal mirror. This type of objective has several distinct 
advantages, No chromatic aberration is produced by reflection in the mirror. 
Spherical] aberration is also practically absent, especially if the mirror is para- 


boloidal in shape. Also only one surface (i.e. the surface of the mirror) need to’ 


be ground and polished. Glass of high optical quality is not necessary because 
light is reflected fiom the front surface and does not pass through glass. It is 
true that due to reflection by the mirror, some light is lost, But if the lens be of 
large aperture, its thickness becomes so great that there is also much loss of light 
due to absorption in glass. For all these reasons, all big telescopes in modern 
times are reflecting telescopes. The largest astronomical telescope in the world is 
situated atop Mount Palomar in Southern California. It employs a giant reflector 
of 200 inch aperture, The reflector is made of pyrex glass coated with aluminium. 
The big reflecting telescope in Mount Wilson Laboratory has a mirror of 100 inch 
diameter, made of glass silvered on the front surface. 


Several types of reflecting telescopes have been devised, but we shall restrict 
ourselves to the discussion of only two of them. 

In the Newton’s telescope, parallel rays from the distant object are incident 
ona concave mirror C and then converge towards the focus F of the mirror 
]Fig. 8°14 (a). Between the minor and this point, however, a plane mirror M 
Jor a right angled isosceles prism) is mounted at an angle of 45° to the axis of the 


Fig. 8:14 (a): Newton's telescope Fig. 8:14 (b) : Cassegrain's telescepe 


instrument. The light is thus deflected through 90° and comes to focus at the 
point F}. The light is then collected by an eye-piece E which produces the final 
magnified image, which is virtual. The magnifying power can be shown to be 
equal to the focal length of the concave mirror divided by the focal length of the 
cye-piece. 
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The disadvantage of the above type isthat the eye should look in a direction 
perpendicular to the direction of the object seen, This is avoided in Cassegrain's 
telescope in which a convex mirror (m), instead of a plane mirror, is used to 
intercept the rays reflected from the vig concave mirror C.[ Fig. 8°14 (b) ]. The 
two mirrors are mounted co-axially. The light reflected from the convex mirror 
passes through a small hole in the concave mirror and is ultimately received by an 
eye-piece E. 


813 Terrestrial Telescope. 


In astronomical telescope, the finalimage formed is inverted with respect to 
the object. This is inconvenient when terrestrial objects are viewed. Telescopes 
which are designed to produce erect images serve as the terrestrial telescopes. 


An astronomical telescope can be converted into a terrestrial one by intro- 
ducing a third lens, called the erecting lens between the objective and the eye- 
piece. The arrangement is shown in Fig. 8'15. O is the objective, E the eye- 
piece and L, the erecting lens of focal length, say f. The erecting lens is placed 
at a distance of 2f from the real inverted image AB formed by the objective. A 
real image A'B’ of equal size and inverted with respect to AB i.e., the same way 
up as the original object is formed behind the erecting lens L at the same distance 


Fig. 8:15: Terrestrial Telescope 


viz., 2f. A virtual magnified image of A'B’ is formed by the eye-piece in the 
usual manner. Since no magnification is produced by the erecting lens, the 
magnifying power of the instrument remains the same. Introduction of the lens 
L, however, increases the length of the telescope by 4f (° BB'—4f). If the 
erecting lens be introduced in such a way that it produces certain magnification, 
then this distance BB’ will become greater than 4f, so that the length of the teles- 
Cope will increase further, This type of terrestrial telescopes are, therefore, rather 
long and this poses a disadvantage where portability is a major concern. 

This difficulty can be avoided by using total reflecting prisms as erectors. We 
shall discuss this, in detail, in the next section. 

In Galileo’s telescope, one of the earliest types, the inverted image produced 
by the objective-is made erect by using a concave lens as the eye-piece [Fig. 8°16]. 
Parallel rays from the distant object are focussed by the objective O to form the 
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real inverted image AB at its second principal focus A. But the eye-piece E is 
placed between this image and the objective, so that the rays are intercepted 
by E. If the eye-piece is so placed that its first principal focus F, coincides 


Fig. 8:16: Galileo’s Telescope : Normal vision 
with A, then the rays after passing through E become, parallel and meet 
at infinity to produce a virtual, erect and magnified image. The eye-piece may 
also he so placed that the final virtual, erect and magnified image is formed at the 
near point of the eye. For this the €ye-piece is slightly pushed towards the 


Fig. 8:17: Galileo’s Telescope : Distinct vision 


objective so that the image AB formed by the objective lies outside the first 
principal focus F, of the eye-piece [Fig. 8:17]. The above two adjustments are 
the two extreme cases. By adjusting the position of the eye piece, the final image 
may be formed anywhere between infinity and the near point of the eye. 

Magnifying power : 

Exactly as before, the magnifying power of the telescope is given by, 

met: __ Visual angle subtended by the image 
.« — visual angle subtended by the object 

Its value depends upon the position of the final image which may be formed 
anywhere between infinity and the near point of the eye. When the image is 
formed at infinity i. e., for normal vision, we have from the figure 8:16. 
B. AB/AB .PA f, 


m— 


-5a ag = a= Y s :19) 
« QA) PA" OA, us 
f. being the focal length of the objective and f, that of the eyc-piece, 


OPTICAL INSTRUMENTS AND HUMAN EYE 183 


The length of the telescope is 
L=OE=PQ=PA—QA=f,-f. Aaa aoe (8:20) 

The telescope is, therefore, shorter than the corresponding astronomical one. 

When the final image A’B’ is formed at the near point of the eye i.e., for 
distinct vision [ Fig. 8°17 ] the magnifying power of the instrument is given by 
« QA/PA QA QA 

For the concave eye-piece lens, taking AB as the virtual object and A'B' as its 
image, we have from lens formula 


Pe ART eru pde 
Q4 —QA f Disc? in OF” Oi 
[ QA’ = D=least distance of distinct vision ] 
MAE 
Q4 f, D 
INT A à 
eo mf hi5 es ANRT) 
The length of telescope is 
L=PQ=PA—QA=fo— £ zo (822) 


From the above discussion it is evident that for normal vision the expression 
for the magnifying power isthe same for astronomical as wellas for Galilieo's 
telescopes, There is, however, another factor viz. field of view which has to be 
considered in designing a telescope. If we direct a telescope towards a distant 
object, say, the Moon, we cannot sce the whole of the Moon all at once. of 
course, by rotating the telescope, different portions of the Moon can be seen 
successively. The portion ofa distant object which canbe seen all at once for 
one position of the telescope is known as the field of view* of the telescope. lt 
can be proved that for the same magnifying power, an astronomical telescope 
has a greater field of view than a Galileo’s telescope. It can, however, be shown 
that the field of view increases when the magnifying power is decreased. A 
Galileo's telescope is always used for observing terrestrial objects. For this 
purpose itis more convenientto have a greater field of view. The magnifying 
power of'a Galileo’s telescope is, therefore, always kept very low. On the other 
hand, an astronomical telescope observes heavenly objects. Here field of view 
is practically of no consideration. The ‘magnifying power of such a telescope 
can, therefore, be increased to a large extent. In this respect, therefore, an 
astronomical telescope is superior to a Galileo’s telescope. 

Example 8:18. A Galilean telescope has an objective of focal length s: cm 
and a concave eye-piece of focal length 5 cm. How far apart must the me lenses 
be in order to view with minimum eye strain an object 100 metre distant ? 

Solution: Here f,=50 cm, fe= cm, As the distance (100 metre) of Ex 
object from the objective is very large compared to its focal length, we 


— 


* The portion of the distant object which can be seen all at once for = ae, € "s 
telescope subtends an angle at the eye. The field of view of the instrume! measu' 
this angle. It is accordingly called the angular field of view. 


Ta 
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practically regard the object to be situated at infinity. Moreover, the telescope 
is being used for minimum eye strain so that the final image is also at infinity, 
Hence the distance between the two lenses is given by 

L=f,—f.=50—5=45 cm, 
814, Prism Binoculars. 


The binocular ( Lat. bini, two together --oclus, €ye) consists of two telescopes, 
one for each eye. These are primarily used for observing terrestrial objects, 
Ordinary binoculars, also called opera glasses, are made of a pair of Galilean 
telescopes, one for each eye. The field of view of such binoculars, as said 
earlier, is very small. Also the magnifying power is small due to the shortness 
of the telescope tubes. These disadvantages are removed in prismatic binoculars. 

In prismatic binoculars, the telescopes employed are astronomical, The 
inverted image produced by the objective is erected by employing two total 
reflecting prisms ( vide Art. 5:15 ). The arrangement 
is shown in Fig. 8:18. Only one of the pair of 
telescopes is shown. The rays from the objective 
O enter the total reflecting prism P, whose refracting 
edge is kept vertical. The rays emerge from P, 
suffering a deviation of 180° and travelling parallel 
but opposite to the original direction. They fall 
on a second total reflecting prism Pe, The 
refracting edge of P, is kept horizontal i.e. perpen- 
dicular to that of P,. After emergence from P, 
the rays travel parallel to the original direction 
and enters the eye-piece E. ; : 

The action of the instrument can be .easily 
understood if we reraember that a total reflecting 
7 prism used in this way produces an image inverted 
$i Es ks d a in a plane perpendicular to the refracting edge 

ofthe prism. The objective produces a completely 
inverted image of the object to be viewed. The first prism P, whose 
edge is vertical inverts the image laterally, i. c., interchanges right for left. The 
second prism P,, whose edge is horizontal, then inverts the image vertically i.'e., 
interchanges top for bottom. A complete inversion by the two prisms is thus 
achieved so that an erect image is formed before the eye-piece which as usual 
forms a virtual, magnified image. The final image is therefore erect, 

Another advantageous feature of the instrument becomes clear if we note that 
the light actually travels a distance nearly three times the length of the instrument 
itself. Hence for an instrument of a given size, objectives of larger focal length 
can be used in such binoculars and larger magnification is attained, Moreover, 
the objective and the eye-piece in such instruments do not remain in the same 
line, The telescope shown in the figure is meant for the left eye ; the objective 
initremains further to the left of the eye. This is also true for the other 
telescope of the pair. Thus the objectives remain much further apart than the 
eyes ; this produces a greater stereoscopic effect. 
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Binoculars are generally specified by two figures, for example 8x50. "This 
implies that it hasa magnification of 8 and the diameter of the objective lens is 
50mm. The second figure therefore, provides a measure ofitslight gathering 


power. 
815. Resolving power of an optical instrument, 


When we view two objects which are very close together, we may fail to 
distinguish them as seperate and hence they appear to us as one. "This is because 
the eye can see two objects as separate if the angle subtended by them at the eye 
is greater than l’. In order to distinguish between two close objects which 
subtend atthe eye an angle less than l’, we must take the help of optical. 
instruments like microscope, telescope, etc, For example, with a microscope, 
we can see fine structural details of an object which is impossible by naked eye, 
Two close stars when seen by a naked eye may appear to be as one star. By 
means of a telescope, they can be seen separately, 

The ability of an optical instrument to enable ‘us to see two close point 
objects distinctly is called the resolving power of the instrument, Two close 
points are said to be resolved, if they can be seen as separate. The closer these 
two distinguishable point objects are, the higher is the resolving power. 

In designing an optical instrument, both its magnifying power and resolving 
power are made as high as possible. It can be proved that the larger the 
aperture of a telescope or microscope, the better is the resolution i. e., the smaller 
is the angle between two points that can just be resolved. The resolving power 
is also found to be inversely proportional to the wave length of the light, 


e EXERCISE 6 


(A] Essay type questions, 


1. Describe the optical arrangements of human eye and explain its action. What do you 

mean by direct vision and indirect vision ? i 
Point out the location of blind spot. Why it is so termed ? ; 

2. Define far point and near point in connection with human eye. What is accomoda- 
tion and how it is effected? What do you mean by range of accomodation for normal human 
eye? Dees its value remains the same with increase in age of a person? If not, how does it 
change. : 

3. What are common defects of eye ? Describe the defect associated with farsightedness. 
How this defect is remedied by using spherical lenses 1 f 

4. Describe the defect of a hypermetropic eye and suggest its remedy. ; J 

5. What is myopia? Describe it with necessary diagram. What type of lens is required 
to correct this defect of eye? Describe its action. 1 

6. Describe the construction and action of a photographic camera. What is f-number ? 
Mention its importance in connection with image definition. 

7. Compare and contrast the optical arrangements of the human eye and those of a photo- 
graphic camera. à 7 ; 

8. Describe how a single convex lens can be used as a simple sce. ries in 
magnifying power and show that its value fluctuates between two extreme values. d 


be the position of the object w. r. t. the lens for maximum magnification ? 


P-II/24 
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9. Describe a compound microscope. Explain with the help of a neat diagram, how it 


produces a magnified imzge. Deduce an expression for its magnificatio: i [ H. S; '80, 82) 
10. Describe an astronomical telescope and explain the principle of its action with the 
help of a diagram, [ H. S. 79] 


11. Calculate the magnifying power of an astronomical telescope both for normal vision 
and distinct vision, 

12. Describe the construction and principle of action of a reflecting astronomical teles- 
cope. What is its advantage over a refracting one ? 

13. What is Galileo's t-lescope ? Explain its action with a neat diagram. Deduce its 
magnifying power both for normal and distinct vision. 4 


14, Describe with a neat sketch a prismatic binocular, Discuss its advantages over a 
terrestrial telescope. 


[B] Short aaswer type questions 


1. What do you mean by least distance of distinct vision ? What is its valuc for normal 
human eye ? 


2. Whatis adaptation of human eye? Explain it with an example. 


3. *Whenan object is viewed, the impression produced on the retina fasts for a shi tt 
time' — Name the phenomenon and illustrate it with example. What is thc approximate value 
of the “short time” ? 

4. What is the advantage of having two eyes instead of one ? 


5. What do you mean by bifocal lenses? How these are constructed in case of (a) pres- 
biopic (b) hypermetropic and (c) myopic persons ? 


6. What is astigmatisin of eye? What other defects of eye are generally associatcd with 
astigmatism ? f 


7. What are sphero-cylindrical lenses? When these lenses are used in spectacles ? 
8. State whether tüe following statements are true or false. If false, correct the statement. 
(a) A person suffering from myopia can see the distant Objects clearly but his vision 
gets blurred when he looks at objects at short distances. 
(b) A person suffering from hypermetropia should use low power convex lenses to 
see the distant objects without exerting any accomodation. 
(c) The near point of a hypermetropic eye is closer to eyethan a normal near point. 


(d) In case of presbiopia, the near point lies at a distance from the eye greater than 
that of the normal near point. 


(e) Astigmatism arises out of magnetisation of eye. 
9. Define visval angle, Illustrate with a diag 

the size of the retinal image of an object. 
10. Define angular magnification of an optical instrument. 


11 “The concept of linear magnification is quite irrelevant for optical instruments” — 
Justify, 


ram the relation between visual angle and 


12. How an astronomical telescope can be converted into a terrestrial one ? 
13. “The objective of an astronomical telescope must have large aperture" Justify. 

14. “Tie magnifying power of astronomical telescopes is, in general, much greater than 
that of a terrestrial ohe"—Do you agree with the statement ? Why ? 

15, How does an astronomical telescope differ from a terrestrial one ? 

16. The aperture of a carra lens is changed from //8 to fiti. 
(i) the size of the image, (ii) the illuminance of the image, 
definition or sharpness of the image ? 

17. Explain why the moving blades of a fan cannot be distinguished from onc another. 

18. In motion pictures we often see that the wheels of a forward-moving cart appear to be 
stationary or even to be turning backward. Explain this optical illusion. - 


How this change affects 
(iiij the exposure time, and (iv) the 
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19, Explain with scientific reasoning :— 

(a) When the electric light is suddenly switched off, a person in the room feels 
almost blind. Conversely, a person going out of a dark room into bright sun- 
light feels dazzled for a few seconds, 

(b) A person with normal vision should not read a book by holding it at a distance 
less than 25 cm from his eyes. 

(c) Aged persons without spectacles are often found to read newspapers by holding 
them more than 25 cm away from the eyes. 

(d) To an one-eyed man the surrounding objects appear much flatter, 

(e) The aperture of the objective of an astronomical telescope should be large while 
that of its eye-piece should be small. 

if) All big astronomical telescopes in modern times are of the reflecting not refract- 
ing type. 

(g) An object viewed by a compound microscope should be strongly illuminated. 

(h) Street lamp-posts appear to be shorter the farther they are away, although all are 
ofsame height. 

(i) While viewing an object through a magnifier ( simple microscope ), the visual 
angles subtended by the object and the image remain same. Yet we see a magnified 

_ image. 
20. Should we use a lens of long or short focal length for a simple magnifier? Fora 
microscope objective ? Fora telescope objective ? 
21. How the magnification produced by a microscope changes if the focal length ofthe. 
objective is decreased ? What happens for a telescope ? Explain the difference. 
22. State( no explanation ) the principles which are applied for minimising spherical 
chromatic aberration in large telescope objectives. [ Jt. Entrance, '78 | 


[C] Simple Problems 


1. Acamera has a lens of 8 cm focal length and is used to photograph an object 1 m tall. 
How far from the object should the lens be placed if the photographi^ image isto be 5cm 
tall? What should be the distance from the lens to the film ? { Ans, l:68m;8:4cm] 

2. The plate in a photographic ca mera measures 4inx5in. It is desired to take as large 
a photograph as possible of an object measuring 6} ft x 5 ft, but.it is not possible to place the 
camera less than 10 ft from the object. What must be the focal length of the lens used ? 

( Oxford ) | Ans. T'5in] 

3, An aerial photograph is taken with a camera of focal length 60 cm when the aeroplane 
is flying at a height of 1500 m. What will be the scale of the picture obtained ? 

: (0 [ Ans, 1:2500] 

4. Photographs of the ground are taken from an aircraft flying at an altitude of 2,000 
metre by a camera with a lens of focal length 50 cm. The size of the film in the camera is 
18cmx18 cm. What area of the ground can be photographed by this camera at any one 
time ? 1 (I. I. T. '76 ){ Ans. 0°52 sq km] 

5. The focal length of a camera lens is 50 mm. The distance of the lens from the photo- 
graphic plate can be changed to obtain images on the plate of objects at different distances. 
Find the range through which the lens has to move in order to bring into focus objects at or 
beyond 20 cm. from the plate. (1.1. T. 68 ) [ Ans. 5cm] 

6. Along sighted person cannot see clearly objects closer to the eye than 75cm. Find 
the nature and the focal length of a spectacle lens which will enable him to read a book 
placed 25 cm from his eyes. [ Ans. Convex, —37-5 cm ] 

7. A short sighted person carinot see distinctly objects beyond 2m from the eye. Find 
the focal length and the power of the spectacle lens which will enable him to see distant objects 
clearly. [ Ans. 42m; —05 D] 

8. Anoptician finds that the least distance of distinct vision of a man is 50 cm. (a) What 
sort of spectacle Jens will he prescribe ? (b) Find the power of the lenses which will enable 
the man to read comfortably at a distance of 25 cm. [ Ans. convex; +2D} 
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9. A person's near point is 15 inch and his far point is 9 ft. What spectacles will be 
required (i) for reading purposes (ii) for seeing distant objects ? ( Jr. Entrance, '73 ) 
[ Ans. (i) convex lens of focal length —2:5 ft. ii) concave tens of focal length +9 ft. ] 


10. A long sighted person can sce distinctly objects which are2: or more away, How 
will his range of distinct vision be affected if he uses spectacle with convex lenses having focal 
length (a) 1 m and (b)2m? [ Ans. Near point at (a) 66 7 cm (b) 100 cm} 

1!. A certain person with abnormal eyes can read a book held 25 cm from his eyes when 
wearing spectacles fitted with concave lenses, each of the focal length 50 cm. here would 
he wish to have the book if he did not havethe glasses on ? (1. 1. T. '66 ) 

[ Ans. 16:67 cm from his eyes ] 

12. A man uses concave lenses of power —5 D in order to read a book comfortably when 
the print is held 30 cm from his eyes. Is he short sighted or Jong sighted ? Wha! is his least 
distan ce of distinct vision without glasses ? { Ans. short sighted ; 12 cm from the eyes | 

13, The distance of distinct vision of an individual is 25cm. He uses a convex lens of 
focal length 2:5 cm as a magni'ier. Calculate the magnifying power (a) if the image is formed 
at his near point (b) if the rays coming through the lens are parallel [Avs (a) 11 (5) 10] 

14. A person whose nearest distance of distinct vision is 20 cm uses a magnifying glass of 
4 cm focai length, What is the distance of the object when in focus and what angular magni- 
fication is obtained ? [ Ans. 43-33 cm, 61 


15. A convex lens of 10 dioptres power is used asa simple magnifier, (a) Calculate the 
maximum and minimum values of angular magnification obtainable with the lens. (b) Cal- 
culate the nearest distance from the eye to which an object may be taken when viewed 
through this lens. Take the near point of the eye to be at a distance of 25 cm. 

f [ Ans. (a) 3:5, 2:5 (b) 714 cm] 

16. When the object distance from a convex lens is 5 cm, a real image is formed 20 cm 
from thelens. What maximum angular magnification is produced by the lens when used as a 
magnifier ? The least distance of distinct vision is 24 cm. [Ans. 7] 


17. In a compound microscope, the objective and eye-piece have focal lengths of 0:5 cm and 
4 cm respectively. The objective forms a real image at a distance of 20 cm. Calculate the 
magnifying power if the eye is held close to the eye-piece and views a virtual image at a dis- 
tance of 24 cm, its least distance of distinct vision. Also find the distance between the object 
and the objective. [ Ans. 507 ; 20/39 cm ] 

18. The focal lengths of the objective and eye-piece of a microscope are respectively 1 cm 
and 5 cm and their separation is 15 cm. Calculate the magnifying power whea the final 
image is at the least distance of distinct vision. ( Cambridge Univ. ) | Ans. 59] 

19. (a) A small object set up perpendicular to the axis of a convex lens of focal length 
1 cm forms a real image at a distance of 11 cm from the lens. Find the position of the object, 
and the magnification produced. 

(b) The real image formed by the above lens is viewed through a magnifying glass of focal 
length 2 cm, giving a virtual image at a distance of 25 cm from the magnifying glass. Find 
the distance of the real image from the magnifying glass and the magnification produced by 
the magnifying glass. Find also the total magnification. 

(c) What instrument is made by this arrangement of lenses? Is the final image erect or 
inverted relative to the origina! object ? 

[ Ans, qa) L1 cm, 10 ; (b) 50/27 cm, 27/2, 135 ; (c) compound microscope, inverted } 

20. A compound microscope consists of two lenses of focal lengths 0:8 cm and 3 cm 
respectively, If the object is 0-85 cm from the objective and the final image is to be 24 cm 
from the eye-piece, compute the magnifying power of the microscope. { Ane. 144] 

21. How would you place two convex lenses of focal lengths 4 cm and 16 cm to form 
(a) an astronomical telescope, (b) a microscope ? 

22, The focal length of the objective of an astronomical telescope is 300 cm, that of the 
single lens eye-piece is 3 cm. Find the distance between their centres when- the instrument is 
focussed on a star, ( Patna Univ.) ( Ans. 303 cm] 
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23. An astronomical telescope having magnifying power 8 consists of two thin lenses 
27 cm apart. Calculate the focal lengths of the lenses. [ Ans. 24cm, 3 cm} 
24. The objective and the eye-piece of an astronomical telescope have focal lengths 50 cm 
and 2 cm respectively, Calculate the magnifying power when the final image of a distant 
object is seen (i) at infinity (ii) at a distance of 25 cm, Also find the length of the telescope 
in each case. [ Ans. 25,27; 52cm, 51:85 cm } 
25. An astronomical telescope, having an objective lens of focal length 90 cm is focussed 
on a star. How much must the eye-piece be drawn out in orderto focus on an object 45 m 
distant ? : [ Ans. 184cm] 
26. Calculate the radius of the image of the moon formed by the objective of an astrono- 
mical telescope having focal length 40 ft. Given, the diameter of the. moon=2000 mile and 
its distance from the earth=2-4 x 105 mile. : [ Ans. 2in] 
27. Two convex lenses of focal lengths 20 cm and 1 cm are provided to you. How shall 
you arrange them to construct an astronomical telescope ? What is its magnifying power ? 
The said telescope is first focussed on a star and then on a nearby object. In doing so the 
eye-piece has to be moved through 0*5 cm. , If the telescope is always adjusted for normal 
vision, calculate the distance of the nearby object from the telescope. . [Ans. 20;820cm] 


28. (a) The objective and the eye-piece of a Galilean telescope are separated by 15 cm. 
What are their focal lengths if the magnifying power for normal vision is 4 ? 

(b) The telescope is now adjusted for distinct vision, the least distance of distinct vision 
being 25 cm. Calculate the magnifying power. Also find out the distance through which 
the eye-piece should be moved for such adjustment. [ Ans. (a) 20 cm, 5 cm (b) 32, 1:25 cm | 


[D] Harder Problems. 


1. What is the maximum stop rating of a camera lens having a focal length of 12 cm and 
a diameter 3cm ? If the correct exposure at /f/6 is 1/45 sec, what exposure is needed when 
the diaphragm is changed to f/9 ? [ Ans. /f]4; 1/20 see. ] 

2. The objective of a camera consists of two identical convex lenses of focal length 8 cm 
separated from each other by a fixed distance 1 cm, The camera is first used to photograph 
a distant landscape. What adjustment will be necessary ifitis then used to photograph an 
object 40 cm from the front lens ? { Ans. Advance the lens system by 0:5 cm] 

3. A convex lens forms a real image of a small object on a screen placed at a distance of 
50 cm from the lens. The observer then holds one of his spectacle glasses between the convex 
lens and the screen and 5 cm away from the lens. The screen is now shifted 15 cm nearer to 
the lens to refocus the image. Find the focal length of the spectacle glass. Is the man long or 
short sighted ? ( Jt. Entrance '74 ) [ Ans. 90 cm ; long sighted ] 

4, A short sighted watch repairer has a rear point at 12 cm and a far point at 40 cm. He 
uses a magnifying glass of focal length 4 cm. What is the range of distances from the lens at 
which he can hold a watch and see a clear image ? 

Find also the range of magnifying powers achieved by him in comparison with direct obser- 
vation of the watch at 12 cm, which is his most favourable method of direct viewing. 

[ Ans. From 3 cm to 3:64 cm , from 3:3 to 4 ] 

5. A microscope consists of an objective of focal length 1 cm and an eye-piece of focal 
length 4 cm, the distance between the centres of the lenses being 14:5 cm. An object of height 
1 mm is placed 1:1 cm from the objective. Calculate the: position and size of the image seen 
through the microscope. ( Cambridge ) [| Ans. 28cm in front of eye-piece ; 8 cm ] 

6. If the focal lengths of the objective and eye-piece of a microscope are 2 cm and 5 cm 
tespectively and the distance between them is 20 cm, what is the distance of the object from 
the objective when the image seen by the eye is 25 cm from the eye-piece ? ( Patna Univ. ) 

[ Ans. 24$ cm] 

7. A microscope consists of an objective and eye-piece of focal lengths 1 cm and 2 cm 

respectively. An object is placed 1-1 cm from the objective. Find the distance between the 
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objective and eye-piece if the fina] image is seen at a distance of 25 cm from the eye. What is 
the magification produced ? ( Cambridge Univ. ) | Ans. 1215 cm ; 133] 
8. A microscope has an objective of focal length 2 cm and an eye-piece of focal length 
6 cm, the distance between them being 20cm. The object is so placed that the final image is 
24 cm from the eye-piece. Compare the visual angle subtended by this image with that sub- 
tended by the object if it is placed 24 cm av ay from the eye-piece. [ Ans. 33:1] 
9. A compound microscope is composed of an objective and an eye-piece of focal lengths 
0:5 cm and 1-5 cm respectively. Assuming that the least distance of distinct vision is 25 cm, 
calculate the spacing required between the objective and eye-piece in order that the magnify- 
ing power is 500, ( Calcutta Univ. ) | Ans. 16:07 cm ] 
10. The objective and the eye-piece of a telescope consist of two convex lenses of focal 
lengths 200 cm and 5 em respectively. The image of an object situated at a distance of 34 m 
from the objective is formed at a distance of 25cm from the eye. Calculate the ength of the 
telescope and the magnification produced. [ Ans. 21667 cm; 51] 
11, A small astronomical telescope has an objective of focal length 50 cm and an eyepiece 
of focal length 5 cm. Itis focussed on the sun so that the final ir age is formed at a point 
25 cm from the eyepiece. Ifthe diameter of the sun subtends an angle of 32’ at the objective, 
calculate the angular magnification and the actual size of the image seen. 
( Jt. Entrance, '81 ) | Ans 12; 2-79 cm } 


MAGNETISM 


| 


9 | GENERAL PROPERTIES OF A MAGNET 
CHAPTER 


9-1. Natural magnets, 

Long before the beginning of the christian era, a dark coloured ore of iron 
was discovered in Magnesia in Asia Minor possessing the following two 
peculiar properties : r $ 

(i) Attractive property—Small bits of iron are attracted by a lump of 
this ore. 

(ii) Directive property—If a piece of this ore is suspended by means of a 
thread so that it swings freely, then it always comes to rest with its two ends 
pointing nearly north and south. 

This ore is called magnetite after the name of the locality in which it was 
discovered. It is an oxide of iron (Fe,O,) containing nearly 72% iron. 

A magnet is distinguished by the fact that it possesses the above-mentioned 
two conspicuous physical properties and derives its name from the name 
‘magnetite’ of the ore. As this ore is a naturally occuring substance, it is 
called a natural magnet. 


9-2. Artificial magnets: Different types. 

Natural magnets are now little used because of their weak attractive 
properties and irregular shapes. With the help of another magnet or with the 
help of an electric current, the magnetic properties may be infused in a variety 
of ways into some metals e.g., 
steel. Such process of infusion 
is: known as magnetisation and 
the magnets so prepared are 
called artificial magnets. The 


artificial magnets are generally (o 
of the following types : 
(i. Bar magnet: This is VUES mmm is) 
a magnetised bar of uniform a l J 
rectangular or circular cross 
(d) 


section [Fig. 9:1 (q)]. 
(i) Horse-shoe magnet : Fig 91 


This is a bar-magnet but in ; ; 
the form of a horse-shoe [Fig. 9:1 (5)]. Obviously the ends of this magnet lie 


side by side, Thus the attractive power of this magnet gets increased. 
P/II—13 
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(iii) Magnetic needle: This is a short and thin strip of magnetised steel 
(or any suitable alloy), ends of which are made pointed [Fig. 9'1(c)]. It is 
pivoted at the middle so that it can rotate freely in a horizontal plane. 

(iv) Ball ended magnet: It is essentially a bar magnet of circular cross- 
section but ending in two balls [Fig. 9:1 (4)]. 

Apart from the above mentioned four types, artificial magnets are also made 
in various other shapes to suit specific purposes. For example, concave pole 
pieces are fitted to the ends of horse-shoe type magnets which are used in 
ammeter, voltmeter and galvanometer. Ring shaped magnets are also available, 


9-8, Some definitions. 


(i) Magnetic poles: Ifa bar magnet is dipped into iron filings it is found 
that when the magnet is lifted, lumps of filings cling to it at or near the ends only 
[Fig. 9:2]. Very few or no filings cling to the middle portion AB of the magnet. 
We can, therefore, infer that the attractive 
power of a magnet is most pronounced at 
regions near the ends and: these regions are 
called the poles of the magnet. It has gradually 
been established that the poles are situated at 

Fig. 9:2 points near but not exactly at the ends of the 
magnet. This is somewhat similar to the conception that the mass of a body 
may be regarded to be concentrated at a point, viz., its centre of mass. 

If a magnet be suspended freely it always comes to rest with its length lying 
nearly in a north and south direction and with the same end always pointing 
towards the same direction. The pole which points towards the north is called 
a north-seeking pole or simply the north pole, the N-pole or the + pole. The 
other pole is known as the south-seeking pole or simply the south pole, the S-pole 
or the — pole. 

If we dip different magnets in iron filings, then on raising them, we shall see 
that the amount of the filings clinging to their ends varies from one to another. 
The attractive power of a pole, therefore, changes from magnet to magnet. 
The term ‘pole strength’ is introduced to provide a measure of this ability. 
Greater the pole strength larger will be the attractive power. We shall assume, 
for the present, that for a particular magnet, the pole strengths of its N-pole and 
S-pole are equal. This will be proved later (vide Art. 12:4). 

(ii) Magnetic axis: The imaginary line NS which joins the two poles of 
a magnet is called its magnetic axis. 

(iii) Equivalent length: The distance between the poles of a magnet 
along its magnetic axis is known as its equivalent length. It is also called the 
effective length, the magnetic length or briefly the length of the magnet. For 
a good magnet, itis approximately equal to 85% of the geometric length of the 
magnet, 

(iv) Magnetic meridian; At any place, the imaginary vertical plane 
passing through the magnetic axis of a freely suspended magnet is called the 
magnetic meridian at that place. 
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(v) Neutral region: There is no attracting power near the middle portion 
of a magnet as is evident from the figure 92. If we imagine a thin belt AB at 
the middle of a magnet and perpendicular to the magnetic axis, this belt would 
not practically exhibit any attracting power and is known as the neutral region 
of the magnet. 


9.4. Magnetic and non-magnetic substances. 


Substances which are strongly attracted by magnets are called magnetic 
substances. Iron, nickel, cobalt etc. provide some examples. 

Substances which are not at all acted on by magnets are called non-magnetic 
substances. For example, wood, paper, brass, copper etc. are non-magnetic 
substances. 

Artificial magnets are made of the magnetic substances. Some alloys like 
alnico (12%Al, 20% Ni, 5% Co, rest iron), stalloy (95% iron, 5% Si), parmalloy 
(50% iron, 50% Ni) etc. are magnetic substances. These are now-a-days 
frequently used for making strong permanent magnets 


9-5, Permanent and temporary magnets. 


Artificial magnets can be classified in two types according to the duration 
of their retention of magnetic properties. These are :— 

(i) Permanent magnets : On being magnetised, some substances can 
retain magnetic properties for a pretty longtime. For example, steel, tungsten- 
steel (alloy), alnico, stalloy, parmalloy etc. Artificial magnets made from these 
substances are called permanent magnets. 

(ii) Temporary magnets: Magnets made from soft iron lose their 
magnetic properties within a short time after magnetisation. Hence these magnets 
are called temporary magnets. 


9-6, Law of magnetic attraction and repulsion, 

When a magnet is brought near 4 second one, mechanical forces are 
experienced by each of them. The general rule regarding such forces may be 
stated as :— like poles repel and unlike poles attract each other. Such forces 
provide examples of action at a distance because these forces are experienced 
even when the magnets are not in contact with each other and even if any 
non-magnetic substance lies in the intervening space. 

Demonstration experiment: A magnetic nee 
taken. If the N-pole of the bar magnet is 
brought near the  N-pole of the needle 
[Fig. 9-3], that end of the needle moves away 
indicating a repulsion. But if the S-pole of 
the magnet is presented near the N-pole of 
the needle, the said end of the needle turns 
towards the magnet, thereby indicating an 
attraction. If a sheet of wood, oF paper of 
brass or of any other non-magnetic substance Fig. 9-3: Like poles repel 
is placed between the magnet and the needle, 
the force of attraction or of repulsion is found not 


dle and a bar magnet are 


to be affected. 
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9-7. Repulsion is a surer test of magnetisation. 


To ascertain whether a specimen is magnetised or not, it should be brought 
nsara magnet, If attraction occurs between the two, then we can nor imme- 
diately say whether the specimen is magnetised or not, because attraction occurs 
between the opposite poles of two magnets and also between a magnet and an 
unmagnetised substance. But if repulsion takes place then we can say definitely 
that the specimen is a magnet because repulsion occurs only between the like 
poles of two magnets. Hence repulsion is a surer test of magnetisation. 


9:8. Different methods of magnetisation, 


Artificial magnets are generally made by two methods, viz. (A) mechanical 
and (B) electrical. The methods are discussed below. 


(A) Mechanical method 


By this method bar magnets are made from bars of magnetic substances by 
rubbing them mechanically with one or two magnets, There are three distinct 
methods of rubbing. 


(i) Method of single touch: A bar AB of some magnetic substance is 
placed on the table and one end (say, N) of a Strong bar magnet NS is placed on 
the end A (Fig. 9:4] of AB. The magnet is drawn from A to B keeping it in 
inclined position as shown in the figure and 
always in contact with the bar. The magnet 
isthen lifted and again its same end (N) is 
placed on A. It is then again drawn from 4 
to B. The process is repeated several times. 
The bar AB is then turned over and its 
opposite side is similarly rubbed several times 
with the same end (N) of the magnet always 
begining from the end 4 and ending in B. 
The bar AB will then be magnetised. The end A of the bar where rubbing 
begins will have polarity same as that of the stroking pole (N) and the end B 
where rubbing ends will acquire opposite polarity (S). 


(ii) Method of separate touch: In this method, the bar to be magnetised 
is placed on the table and opposite poles of two bar magnets of same strength 
ei a eT are placed together at the middle of the 

$ bar as shown in the Fig. 9:5. The magnets 

are then drawn in opposite directions to 

the ends of the bar. In this process, the 

contact of the magnets with the bar should 

Fig. 9-5; Method of separate touch always be maintained. The magnets are 

now lifted. again placed together at the 

middle of the bar and drawn apart to their ends, The process is repeated 

for several times. The bar is then turned over and its other side is similarly 

rubbed several times using the same poles of the magnets, It is then magnetised 
having polarities deveolped at its ends opposite to that of the stroking pole. 


Fig. 9:4: Method of single touch 


Pe 
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The bar will acquire stronger magnetisation when its two ends are supported 
on two (opposite) poles of two other magnets as shown in the figure. It is to 
be noted that, the pole under any end of the bar is similar to the stroking 
pole at that end. 

(iii) Method of doubie touch: In this method. opposite poles of two 
magnets are placed at the middle of the bar to be magnetised with a piece of 
wood or cork in between the poles [Fig. 9:6]. 
The magnets are then moved together from 
the middle to one end of the bar, then back 
to the other end and returned to the middle. 
The process is repeated several times. The 
other side of the bar is then rubbed in the 
similar manner for a number of times. 

The bar will be found to be magnetised with polarities developed at the 
ends opposite to that of the nearer stroking pole. For stronger magnetisation 
the bar is to be placed on the two (opposite) poles of two other magnets as 
discussed in the method of separate touch. . E 

(B) Electrical method 

In this method, an insulated copper wire is wound over the rod to be magne- 
tised from its one end to the other [Fig. 
9-7]. When a current is passed through 
‘the wire, the rod will be magnenetised. 
The end of the rod where the current 
flows in counter clock-wise direction when 
viewed from that end, will acquire north 
polarity and the other end south polarity. 

It is to be noted here that if the bar 
is made, of steel, tungsten-steel, alnico, 

Fig. 9-7: Electrical method stalloy, permalloy etc. it will be magnetised 
permanently with the passage of current through the wire. 

On the other hand, if the rod be of soft iron it will retain strong magnetism 
as long as current passes through the coil and will almost completely lose its 
magnetism at the instant the current is stopped. Such a magnet is called an 
electromagnet. 


Fig. 9:6: Method of double touch 


9:9, Consequent poles, 

A magnet may acquire similar polarities at its two ends due to faulty 
process of magnetisation. In such case, additional polarity will develop at the 
middle of the magnet besides the polarities at the ends. The additional poles 
developed at the middle are called consequent poles. 

For example, in the methods of separate and double touch, if the stroking 
poles are taken similar to each other, say, both N, 
then the bar will be magnetised with S-pole at S NN S 
the two ends and N-pole at the middle [Fig. 9:8]. 
In electrica] methods, if the wire is wound over 
therod in a particular direction upto certain length of the rod and then the 


Fig. 9-8 : Consequent pole 
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direction of winding is reversed, then after passage of current through the wire, 
the rod will be magnetised having similar poles at its ends and opposite pole 
at the point along its length where the direction of winding is reversed. 

The presence of a consequent pole is accompanied by the presence of 
similar poles at the two ends of a magnet. Hence when both the ends of a 
magnet is found to repel a particular pole of a magnetic needle, it is ascertained 
that a consequent pole is developed at any point along the length of the magnet. 


9:10, Magnetic saturation. 

The degree of magnetisation of a piece of magnetic substance depends on the 
nature of the substance itself and on the magnetising force. Jn mechanical 
methods, the magnetising force increases with the increase in strength of the 
stroking poles: and with duration of rubbing; while in electrical method it 
increases with number of turns per unit length of the coil and with the strength 
of the current. With the increase of magnetising force, the degree of magnetisa- 
tion increases initially. However, there is a maximum limit to the degree of 
magnetisation ; when the magnisation induced in piece of magnetic substance 
can not be increased any further by increasing the magnetising force to any 
extent, then the piece is said to have reached the stage of magnetic saturation. 
9:31, Magnetic Induction. 

Ifa piece of a magnetic substance be placed in the neighbourhood of or in 
contact with a magnet, it is found to acquire temporary magnetism. This pheno- 
menon is known as magnetic induction, On removal of the magnet, the 
magnetic substance practically loses its magnetic property, thereby showing 
that the phenomenon is a temporary one. In this case, the magnetic substance 
issaid to be magnetised by induction, the magnetism developed in it is called 
induced magnetism and the magnet responsible for the phenomenon is called the 
inducing magnet. 

Demonstration E: periment: Ifa piece of soft iron is dipped into iron 
filings, no filings will ordinarily cling to it. But if a magnet is placed near or 
in contact with the soft iron piece, iron filings will cling to it [Fig. 9-9 (a)]. 


(a) T e : (5) 
Fig. 9-9 : Magnetic induction 


This clearly demonstrates that it has been magnetised by induction. If the 
magnet is now removed, all the iron filings will fall off [Fig. 9:9 (b)] which 
shows that the magnetism induced in the soft iron piece is temporary in nature. 
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Induction can take place unopposed through non-magnetic substances but 
not through magnetic substances. This can be easily demonstrated by inter- 
posing a sheet of glass or wood between the magnet and the soft iron piece in 
the above experiment. It will be found that iron filings continue to cling to the 
soft iron piece as if nothing has happened. But if a sheet of iron is interposed, 
the iron filings will fall off. This property of magnetic substances is utilised 
to obtain ‘magnetic screening’ as will be discussed later in detail (vide Art. 11:8). 


9.12. Nature of induced polarity. 


When a magnetic substance is magnetised by induction, opposite polarity is 
developed at that end of it which is nearest to the inducing pole and similar 
polarity at the end furthest from the inducing pole. 

Demonstration Experiment: A bar magnet is placed at the same hori- 
zontallevel as a magnetic needle with the north poles of the two facing each 
other and the distance between the two is 
adjusted so that the action of the magnet 
on the needle becomes just imperceptible. 

A soft iron bar AB is now placed between 

the two in the same level and it is found | 

that the needle gets deflected due to repul- i d, 

sion [Fig. 9-10]. This shows that the bar 

AB has become magnetised by induction Fig. 9-10 

and the end 4 of it near the needle i.e., the 

end furthest from the inducing N-pole, has acquired north polarity. Obviously 
the end B near the inducing north pole has developed south polarity. 


9-13. Degree of induced magnetism. 


The degree of magnetism induced in a magnetic substance depends upon the 
following factors :— 

(i) The strength of the inducing pole: Greater the strength of the inducing 
pole, larger will be the magnetism induced by it. 

(ii) The distance between the inducing pole and the magnetic substance : 
Smaller the distance, greater will be the degree of induced magnetism. A 

Gii) The nature of the magnetic substance : All other factors remaining the 
same, the magnetism induced in a piece of soft iron will be greater than that in 
a piece of steel. For cobalt and nickel, the degree will be still greater. 


: 9:44. Induction precedes attraction. 


The attraction experienced by a magnetic substance towards a magnet can 
be easily explained from the phenomenon of induction. When the pole of a 
magnet is brought near a magnetic substance, opposite polarity is induced at the 
hear end of the substance while the remotest end acquires the same polarity. 
Attraction then follows between the inducing pole and the induced opposite pole. 
There is also a force of repulsion between the inducing pole and the induced like 
pole at the furthest end. But the distance between the latter two being much 
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larger than that in the former case for attraction, the attractive force prevails 
over the repulsive one, Consequently, the magnetic substance is attacted 
towards the magnet. We can therefore say that induction always precedes 
attraction. 


9:15. Reversal of polarity due to induction. 


If one pole of a very strong magnet be brought quickly near the like pole of 
another weak magnet, we may observe attraction instead of repulsion between 
the two. This may be explained from the fact that the said pole (say, N-pole) 
of the powerful magnet induces an opposite pole (i.e, S-pole) at the near end of 
the weaker magnet. This induced pole (S-pole, in this case) may overcome the 
eflect of the existing polarity (here, N pole) at that end of the weaker magnet. 
As a result the polarities of the weaker magnet get reversed and attraction 
occurs between it and the stronger magnet. Such reversal may be temporary 
or permanent and causes damage to the permanent magnetism of the weaker 
magnet. 

Itis very important to remember the above fact while testing the polarity of 
a magnet with the help of.a magnetic needle. The needle itself being a very 
weak magnet, the magnet under test should never be brought very quickly near 
the needle ; instead it should be moved gradually towards the needle so that if 
the pole of the needle facing that of the magnet be similar, it would have 
sufficient time to move away from the magnet by repulsion. 


9:16. Demagnetisation. 


By demagnetisation, we mean a partial or complete loss of the permanent 
magnetism of a magnet. This may take place due to 

(i), rough handling, (ii) heating, (iti) earth's induction, (iv) proximity of 
similar poles, (v) inductive effect of its own poles and ( vi) flow of electric current. 
We shall now discuss these causes in short. 

(i) Rough handling: If a magnet is dropped violently, hammered or twisted 
etc. ie., if it is subjected to mechanical shocks due to rough uses, it loses its 
‘magnetism partially or even completely. 

` (ii) Heating: With rise in. temperature, a magnet gradually loses its 
magnetic properties. On cooling, it gains back the original strength. But if 
the magnet is heated beyond a certain temperature, it loses its magnetism 
completely. This temperature is known as the Curie point. For iron and steel, 
it is about 750°C ; for nickel, about 360°C, 

(iii) Earth's induction: Earth itself behaves like a huge magnet. Ifa 
magnet be placed along the magnetic meridian with its south pole* facing north, 
then due to inductive action of the earth’s field, north polarity will be induced 
at that end. At the other end i.e., north pole of the magnet, south polarity 
will be induced. Consequently, the magnet will be gradually demagnetised. 


* South pole of a magnet is really south-seeking pole. Hence it is attracted by the south 
pole and repelled by the north pole of the earth, Similarly, north pole ofa magnet is attracted 
hy the north pole and repelled by the south pole of the earth. 
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(iv) Proximity of similar poles : If a pole of a magnet be kept near similar 
poles of other magnets, then due to induction opposite polarity will be induced 
at that end of the magnet. Hence the magnet will get demagnetised slowly. 

(v) Inductive effect of its own poles : A magnet with free poles always tries 
to demagnetise itself due to the inductive action of its own poles. For example, 
the north pole of a bar magnet tries to induce the similar polarity at the far end 
of the magnet having south polarity. Similar tendency is also exhibited by the 
south pole of the magnet. As a result, the magnet gets weakened gradually, 
This is known as the process of self-demagnetisation. 

(vi) Flow of electric current : If alternating electric current is sent through 
an insulated copper wire wound round a magnet, the magnet will be completely 
demagnetised. 


9.17. Magnetic keepers. 

To prevent the tendency of a magnet to demagnetise itself i.e., to keep its 
magnetism intact, soft iron pieces are used. Théy. are called magnetic keepers. 
In the case of bar magnets, 
two of them are arranged side 
by side with their opposite 
poles facing each other. At 
each end, a soft iron piece 
is placed across the poles 
[Fig. 911 (a). Each pole of 
the magnets induces opposite 
polarity at that portion of the 
keepers which is in contact 
with it. This induced pole » b 
neutralises the effect of the — , mx $i: Magnetic keepers 
pole of the magnet so that the - 
demagnetising tendency is minimised. For a horse-shoe magnet, à single soft 
iron piece is placed across its poles to achieve the same effect [Fig. 911 (5. 
When magnets are not in use, they should always be stored with the keepers 


in position. 


e EXERCISE e 


[A] Essay type questions i, 
|. What are the most important properties of a magnet? How do you distinguish between 


a permanent magnet and a magnetic substance ? 
2. Give some examples of artificial magnets. ; 
What do you mean by permanent and temporary ; f : 
3. State the various ways of magnetising a piece ofiron. Is magnetic attraction as satis- 
factory a test for polarity as magnetic repulsion ? Why? $ : 
4, (a) Define the following terms : pole, magnetic axis, 
meridian and natural region. A cobi 
nsequent pole ? State reasons for the production of con 
da i se do you mean by co: uent po! ik ened a 


Why are they preferred to natural magnets ? 


magnetic length, magnetic 
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5. Distinguish between a magnetic and a non-magnetic substance, 

You are provided with three rectangular rods of identical shape and colours. Of them, 
one is a magnet and other two are magnetic and non-magnetic substances. Explain how 
would you identify each of them without any aid, 

6. What do you mean by magnetic induction ? Describe a suitable experiment to illustrate 
the phenomenon of magnetic mduction. 

7. How can you demonstrate the nature of induced polarity? What are the factors 


When the magnet is quite close, the needles return to the previous vertical position, 
Explain the phenomenon, 

9. A steel bar is hung from the hook of a balance and its weight is determined. 
This bar is now magnetised and held in the Previous position. Explain what change is 
Observed if the weight is again taken. Will any change be further produced in the weight 
before and after magnetisation if you hold a soft iron bar just beneath the steel bar ? 
Give reasons of your answer. 

10, State briefly how a Permanent magnet loses its magnetism. How could one prevent 
Self-demagnetisation of bar magnets ? 

1. A chain of iron nails is supported by a Strong magnet held vertically, What will 
happen to the chain if another magnet of the same type approaches it from below? Like 
poles of the magnets face each other. : 

Discuss also the case when unlike poles of the magnets face each other. 

12. Why do permanent magnets left to themselves gradually lose strength even when left 
undisturbed ? How can you help them maintain their strength longer ? [Jt. Entrance '72) 


[B] Short answer type questions 
1. You are provided with two identical bars, one being a magnet and the other a 


6. “Repulsion is a surer test of magnetisation than attraction”—Explain, 


[H. S. '78] [Jt. Entrance '74] 
7. You are Biven one bar magnet, a brass rod and a soft iron rod. How would you 
identify them without taking help of any other material ? [A. S. '80] 


8. On what factors do the degree of magnetisation depend in machanical and electric 
methods of magnetisation ? What is magnetic saturation ? 

9. In what respect does an electromagnet differ in magnetic behaviour from a bar 
magnet ? Why an electromagnet is made of stalloy and a bar magnet of alnico ? 


(Jt. Entrance '83] 
10. Give brief answer to the following : 


One of the two iron bars is magnetised. How will you find out, without using any 
aid (not even a piece of thread), which one of them is magnetised ? U. 1. T. '72] 
11. The material of the bob of a simple pendulum is iron. If a magnetic pole is 


reasons. [H. S. '84] 
12. What are magnetic keepers? What do they keep ? 


— 


10 MAGNETIC FIELD AND MAGNETIC 


CHAPTER LINES OF FORCE 


1031. Force between magnetic poles : Coulomb's Law. 


In the foregoing chapter, we have obtained a qualitative picture of the force 
between magnetic poles. We already know that like poles repel and unlike 
poles attract each other. The picture will evidently be complete when we know 
the magnitude and directiou of this force. 

A quantitative expression for the force between two magnetic poles was’ 
given by the French physicist Coulomb. The said law is known as Coulomb’s 
law. It states that : r 

The force between two magnetic poles varies directly as the product of their 
pole strengths and inversely as the square of the distance between them. This 
force acts along the line joining the two poles. 

If two magnetic poles of strengths m, and m, be separated by a distance r 
and if F be the force between them, then from Coulomb's law, 

Fe Ph or, =Ma SE s (10:1) 
r pr 
where p is a constant whose value depends upon the nature of the intervening 
medium. It is called the permeability of the medium. 

We shall see in the next section that for vacuum, the permeability is 
arbitrarily assigned the value of 1 in the c.g.s. system. The value of p for air 
differs from 1 only by a few parts in a million, For all practical purposes it is 
taken to be unity. The value of p for other non-magnetic substances also closely 
equals unity, But for magnetic substances viz., iron and steel etc., p has values 
up to thousands. 

It should also be mentioned that p is not a pure number ; it has definite 
dimension, so that the dimensions of both sides of the equation (10:1) become 
identical. The value of p for a medium, therefore, depends upon the system of 
units chosen, 


10-2. Unit pole. 

In c.g.s. system of units, a unit pole is defined as that pole which when placed 
lcm away from an identical pole in vacuum (or air) repels it with a force of 
1 dyne. In eqn, (10:1) if we put r=1 cm, F=1 dyne, m=m=1 c.g.s. unit, then 
u=1. Hence in c.g.s. system, Coulomb's law takes the simpler form 
mm, 2 d (102) 


for vacuum or air. 
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10:3. Magnetic Field. 


A magnetic field is defined to be any region where magnetic forces are exerted 
on magnetic poles introduced in that region. Such field exists in the space 

surrounding every magnet. From Coulomb’s law, we note that the force F 
- between two magnetic poles becomes zero only when the distance r equals 
infinity. Hence from theoretical consideration we can say that the magnetic 
feld around a magnet extends upto infinity. In practice, however, the magni- 
tude of the force falls off rapidly with distance and becomes too small to be 
detected beyond a few metres. : 


10-4. Intensity (or Strength) of a Magetic Field. 


The intensity (or strength) at any point in a magnetic field is the force 
experienced by a unit north pole placed at that point. Yt is usually denoted by 
theletter H. Since intensity at a point has both magnitude and direction, it is a 
vector quantity. Its direction at any point is identical with the direction of the 
force upon a north pole placed at that point. 

The direction of intensity specifies the direction of the magnetic field. Ifa 
magnetic field is set up by several poles, the resultant intensity at any point is 
given by the vector sum of all the component intensities. 

A complete knowledge of a magnetic field is obtained when the magnitude 
and direction of the intensity at every point of the field becomes known. So 
for investigating a magnetic field an isolated (imaginary) north pole of unit 
strength should be introduced in the field. We assume that the introduction of 
the said pole does not affect the magnetic field in any way. This imaginary pole 
is called the test pole. 

In the c.gs. system, the unit of the magnetic intensity is one dyne per unit 
pole. It has been given the name oersted.* The magnetic intensity at a point 
in a magnetic field equals one oersted if a unit north pole placed at that point 
experiences a force of one dyne. 

From the definition of magnetic intensity, it is obvious that if a pole 
of strength m c.g.s, unit is placed at a point where the magnetic intensity is H 
oersted, then the force F experienced by the pole is given by, 

F=mH dyne Xr A (10:3) 
ie. Force in dyne— Pole strength x Magnetic intensity. 


For a north pole, the force F has the same direction as the intensity H, but 
for a south pole F and H are oppositely directed. 


10:5. Magnetic intensity due to a single pole. 


Let us consider a pole of strength m placed in a medium of permeability p. 
To find the intensity H at a point distant r cm from the pole, we place a unit 
north pole at that point. From Coulomb's law, the force on the unit north 


x Formerly the unit was called the ‘gauss’, Students may come across this terrh in older text 
books and question papers, 
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pole, i.e. the intensity, at that point is given'by, 


Qmxi m s d : 
p iE. (10:4) 
In vacuum or air, u—1 

H=% ds TN (10:5) 


10-6, Couple acting on a magnet in a uniform field. 


Let us consider a magnet NS of pole strength m and magnetic length 2/ 
placed in a uniform magnetic field of 1 mH 
intensity H oersted with its axis making 
an angle @ with the direction of the field 
(Fig. 10:1]. The north pole of the magnet 
experiences a force mH in the direction of 
the field, while an equal force mH acts on 
the south pole of the magnet in the opposite 
direction. These two equal and opposite 
forces constitute a couple which tends to 
bring the magnet to a position parallel to 
the direction of H. The perpendicular 
distance between the lines of .action of the 
two forces is given by AN—2I sin 6. 

Moment of the couple—mH x 21 sind 
—2ml H sin6 — MH sind 1a (10:6) 


mH : 
Fig. 10-1: Couple acting on à 
magnet 


where M—2ml. 
The moment, therefore, depends on the following three factors :— 

(i) The intensity H of the magnetic field. ; 

(ii) The angle 6 between the axis of the magnet and the direction of the 
field. When 0—90*, sin 0—1 and the moment is maximum and is equal to MH. 
When 0=0°, sin 6=0, and the moment vanishes. Hence the only position in 
which a freely moving magnet in a uniform field remains at rest is when its axis 
coincides with the direction of the field. 

(iii) The product 2ml which represents the contribution of the magnet. It 
is called the magnetic moment M of the magnet. 


10:7. Moment of a magnet. 

Magnetic moment of a magnet is defined as the product of the strength of its 
any one pole and its magnetic length. So if m be the pole strength and 2/ the 
magnetic length i.e., distance between the poles of a magnet, its magnetic 
moment M is given by 

M —2ml 
From eqn. (10:6), if H=1 oersted and. 6=90°, then 
the moment of the couple— M 
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Hence the magnetic moment of a magnet may also be defined as the couple 
acting on the magnet when it is placed at right angles to a uniform field of 
unit strength. 

We know that the poles of a magnet are not situated exactly at its ends ; 
hence both m and / are indefinite quantities. The magnetic moment M is not, 
however, indefinite because it can be measured precisely from the second defini- 
tion given above. Moreover, it is found that in all problems on magnetism, 
the ultimate formula always contains the magnetic moment and not the pole 
strength, The magnetic moment of a magnet may, therefore, be regarded as 
more fundamental than the pole strength. 

Now, pole strength is a scalar but in all problems, the direction as well as the 
length of the magnetic axis must be specified. Magnetic moment is, therefore, a 
vector quantity. Tt is directed along the axis of the magnet, the sense being from 
the south pole to the north pole. 


10-8. Equilibrium of a magnet under the action of two perpendicular 
uniform fields, 


Two uniform magnetic fields of intensities H and F are at right angles to 
each other. If a magnet of moment M capable to rotate freely about its axis is 
placed in the region, it will be under the 
simultaneous action of both the fields. So a 
pair of couples will act on the magnet tending 
to rotate it in opposite directions (Fig: 10-2]. 
The magnet will remain in equilibrium when 
the two couples balance each other. The figure 
shows the equilibrium position of the magnet, 
its axis making an angle 0 with the direction of 
the field H. Then from equation (10:6), 

The couple due to the field H — MH sin 0 
The couple due to the field F-- MF sin(90° — 0) 
— MF cos 0 


Fig. 10:2 


For equilibrium, 

MF cos 0— MH sin 0 

., F=H tan @ aca nad (10:7) 
This is called the tangent law. 


The relation is widely used for measuring or comparing magnetic moments 
and to determine intensity of magnetic field. It also finds applicability in the 
theory of tangent galvanometers. 


10-9. Magnetic intensity at a point due to a Bar Magnet. 


(i) End-on position : By this position, we mean that the point at which 
the intensity is to be found lies on the axis of the magnet. This is also called 
the *Tan A position of Gauss' or the axial position. 
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Let us consider a point P lying on the axis of the magnet NS, whose centre 
is O [Fig. 10-3]. Let OP=r, the distance 


of P measured from the centre of the aE rae 
magnet; NS=2/, the length of the [z————————gj———————— 
magnet and m, the pole strength of the S o N ng 
magnet. Then the magnetic moment Fig. 10-3: Intensity at end-on position 
M=mx2i. The intensity at P is due to both the poles N and S and is given by 
[I BET er Hast 
NP? SP? (r—lf (r+)? 
a smr | 2Mr o hs (10:8) 


(n By (PPP 
This is directed along NP. 
When the magnet is a short one such that / is small compared to r, then 
r* 3»I* and we can neglect /? compared to r?, Then 
-2Mr .2M e A (10:9) 
(ii) Broad side-on position: In this case, the point at which the intensity 
is to be determined lies on the equatorial line (i.e., the perpendicular bisector of 
the length of the magnet). This is also called the ‘Tan B position of Gauss’. 
Let us consider a point 4 on the perpendicular bisector of the magnet NS 
[Fig. 10:4]. Let OA=r, the distance of A from the centre of the magnet and 
NS=2l, the length of the magnet. If m be the pole 


e. T strength of the magnet, then its magnetic moment 
R 8 is M=mx 2l. 
8 Intensity at A due to north pole= H=” wat along 


NA produced i.e., along AQ. Intensity at A due to 
south pole= Hy— n along AS. Since NA=SA, 


these two intensities are equal in magnitude. 
[OSEE deste. n H=H, 
Let us draw AR parallel to NS. If / 4NO—0, 
piso he lntenslie a then / QAR— / RAS—6. Then the resolved compo- 
road side-on position nents of H, along AR and along OA produced ie. 
along AT, are H, cos 0 and H, sin 0 respectively. Similarly, the resolved compo- 
nents of H, along AR and along AO are H, cos 0 and H, sin 0 respectively, 
The normal components (i.e., the components along QA) being equal and 
opposite cancel each other. 
Hence the resultant intensity H at A acts along AR in a direction parallel 
to NS and its magnitude is given by 


H=H, cos 0-4- Hy cos 06—2H, cos 0 [^ =H) 
2m 2m I s M ied . 
=a 09 = ape +E x JATE era (10:10) 
If / is small compared to r (r?5>/*) i.e., the length of the magnet is small, then 
H= A (10-11) 


p 
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Example 10:1, What will be the distance in air between two north poles 
of strength 40 and 60 unit respectively which repel each other with a force of 
6 dyne ? 

Solution: Letr be the distance between the two north poles. Applying 


the formula r=", we get, 6- 0x or, r=20 cm. 


Example 10-2. A north pole and a south pole attract each other in air with a 
force of 75 dyne, the distance between them being 7 cm. How far apart should the 
poles be placed so that force of attraction becomes 147 dyne ? 

Solution: Let m, and m, be the pole strengths of the north and the south 
pole respectively, From eqn, (10:2), we get 


or, mym,==75x 49 


Let r, be the required distance when the force of attraction between the two 

poles is.147 dyne. Then 
ie 75x49. 
147 

Example 10:3. Two magnetic poles repel each other with a force equal- to 
the weight of 5 gm when placed 8 cm apart in vacuum. The strength of one of 
the poles is twice that of the other. Find the strength of each pole. 

Solution: Here F=5 x980 dyne, r=8 cm, and m,—2m, 


Therefore, from eqn. (102), 5x 939 m E 


or, m,-395:92 unit 
m,=2m,=791'84 unit. 


or, r,—5cm. 


Example 10:4. Find the intensity of the magnetic field at a point : 

(a) 20 cm from a north pole of strength 80 unit. 

(b) 2cm from a south pole of strength 50 unit. 

(c) midway between a north pole of strength 400 unit and a south pole of 
strength 300 unit. The distance between them is 40 cm. In all these cases, take 
the medium to be air. 

80 


Solution : (a) From eqn. (10:5), =a 92 oersted away from N-pole. 


(b) Similarly, =F 125 oersted towards the S-pole. 


(c) For the N-pole, H =! oersted away from the N-pole. 
For the S-pole, ed =0°75 oersted towards the S-pole. 
<, The field intensity is 1:75 oersted towards the S-pole. 
Example 10:5, Two south poles of strength 25 unit and 49 unit are 12 cm 
apart. At what point between them are their field intensities equal but opposite ? 


* 
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Solution : Let us suppose that the point is r cm apart from the south pole 
of strength 25 unit. Therefore, intensity at that point due to the pole of 


strength 25 unit 2 and that due to the pole of strength 49 unit — 


25:7 Fag 
pr? w(12—r)? 


isi. An 
u(12—r}? 
By the given condition, 


Solving, we get r=5 cm, 
Example 10:6. Jf the poles of a magnet are 10 cm apart and the moment of 
the magnet is 2000 unit, calculate the force exerted by it upon a pole of strength 
150 unit placed 15 cm away from the middle point of the magnet and on the line 
of its axis produced. ; 

Solution: In this:problem, M —2000 unit, r —15 cm, 2/=10 cm 
POST 1-5 oersted 

So the force on the pole of strength 150 unit is 

F=mH--150x 1:5—225 dyne 

This force acts along the axis of the magnet away from the north pole. 

Example 10-7. A thin bar magnet is 12 cm long, the strength of the poles 
being 30 e.m.u. Calculate the force acting on a unit north pole at a point A, 8 cm 
away from the centre of the magnet. Point A lies on the perpendicular to the 
magnetic axis at the centre of the magnet. 3 

Solution: In this problem, M—30x 12—360 unit, r—8 cm, /=6 cm 

From eqn. (10°10), B= eg eager 036 oersted 

This intensity acts in a direction parallel to the magnet. 

Example 10-8. Two short magnets of magnetic moments M, and M; are 
fixed on a table as shown in the diagram. What will be the direction and magnitude 
of the magnetic field produced by these magnets at the point P? M,=2700 c.g.s. 
unit, My=3200 c.g.s. unit, d,=30 cm and d,—40 cm. UL T. 76] 

Solution: We see from the figure that the point P lies in the ‘Broad side- 
on' position w.r.t. both the magnets. Hence the 
magnetic intensities H, and H, at P due to the 
magnets M, and M, respectively will be as 
shown in the figure. Since the magnets are 
Short, we have L^ 


Hoo: and Hh 


d,* 


From eqn. (10:8), H 


i-es 


The resultant magnetic intensity A is 
obtained by the method of vector addition 
as shown in the figure. Its magnitude is 


given by H=V Hj? +H; 
0)? , (3200): l 0-112 oersted 


[2700\? efi Va, 
= Fos) + Caos) =V 00 400-780 
, 1/20 = §=-26°34' 
and direction by tan 0 og ON acaso 


P/II—14 


e 
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Example 10:9. Two identical magnetised spokes are suspended from the 
same hook with like poles together. The weight and length of each spoke are 
5 gm-wt and 10 cm respectively. In equilibrium, the spokes make an angle of 4° 
with each other. Calculate their pole strengths. Assume that the magnetic poles 
are concentrated at the ends of the spokes. 

Solution: The equilibrium positions of the spokes are shown in the 
adjoining figure. The two spokes OA and OB of length / and weight W are 
suspended from the same hook O. If the pole strength of each pole be m, then 
the ends A and B repel each other with a force F=m?| 4B. 

If we consider any one of the spokes, say OB, then for equilibrium, the 
algebraic sum of the moments of the forces acting on it must be equal to zero. 

Hence taking moment about O 


Wx DE=Fx OC o 
or -w x} sin 9. Fxlcos? or. F=" tan i 

POP RUN E LUE SN «2 
Putting F=m?*/AB? and AB=2Isin Ê 


ie] 


2 
mi-2W| lsin y tan | 


Here, W=5x980 dyne, |—10 cm, 0—4". A 
Putting we get, m= +645 unit. 


Example 10-10. A magnet of length 12 cm has pole strength of 5 unit. 
Find out the torque acting on the magnet when it is placed at an angle of 30° with 
the direction of a uniform field of strength 6 oersted. 

Solution: From eqn. (10-6), the torque acting on the magnet 

=MH sin 0—2ml x H sin 0 
—5x 12x6x sin 30°=180 dyne-cm. 


Example 10:11. A magnet suspended by a fine vertical wire sets itself 
parallel to earth's field when the wire is untwisted. On turning the upper end of 
the wire by 180° the magnet is deflected through 30° from its original position. 
How far must the upper end of the wire be turned to deflect the magnet through 
45° from its original position. (Jt. Entrance '81] 

Solution: When the upper end of the wire is turned through 180°, the 
magnet is deflected through 30* from its original position. Therefore the angle 
of twist of the wire is (180°—30°). Similarly if 0 be the required angle through 
which the upper end of the wire is to be turned to deflect the magnet form its 
original position through 45°, the angle of twist of the wire will be (@—45°). 

Hence in the first case, for equilibrium, MH sin 30° —c(180? — 30?) 

and in the second case, MH sin 45°=c(6—45°) 
where M is the moment of the magnet, 
H is the horizontal component of earth’s magnetic field, 
and cis the torque per degree of twist of the suspension wire and is a 
constant. 
0—45 in 45° in 45° 
ET w on 0= SE age % 150" 445° = 2571 


Qh------ 
w 
tr) 
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10-10. Lines of force. 


In a preceding section, we saw that a magnetic field can be investigated by 
taking a unit north pole to every point of it and by finding the magnitude and 
direction of the force acting on that test pole at every point. A different 
method of investigating the magnetic fields which utilises the concept of lines of 
force was introduced by Michael Faraday. 


It is obvious that a definite force will be experienced by an isolated north 
pole placed in a magnetic field. If free to move, it will move under the action 
of this force. The path along which an isolated free north pole could travel in a 
magnetic field is called a magnetic line of force, An arrowhead is put on à 
line of force to indicate the direction in which the north pole moves. 

An alternative definition of a line of force may be given from the considera- 
tion that the north pole being free, at any point it would tend to move along 
the direction of the force acting on it, Now at any point on a curved path 
the direction of motion is along the 
tangent to the curve at that point. 


INTENSITY 
AT AD 
Hence the force acting on the isolated nci SS? A 


free north pole is tangential to a line A INTENSITY 
of force. Since the direction of the de: 

force on the north pole is the same as LINE OF FORCE H 
that of the intensity at that point, xn 


a magnetic line of force may be also Fig. 10-5: A magnetic line of force 
defined as a line in a magnetic field such that the tangent at any point of it gives 
the direction of the intensity at that point [Fig. 10-5]. Generally, the direction 
of intensity varies from point to point in the magnetic field. Lines of force are, 
therefore, usually curved. 


It should be borne in mind that lines of force do not have real existence. 
The concept is purely imaginary and is introduced because it provides a very 
useful device for studying the nature of a magnetic field. 


10:11. Properties of magnetic lines of force. 


(i) Lines of force originate from the north pole and end on the south pole 
of a magnet. 

This property follows from the definition because a line of force represents 
the path in which a free north pole would move. 

(ii) Two lines of force can never intersect each other. 

If this is possible, then at the point of intersection we can draw two tangents, 
one to each of the lines of force. Hence at that point, the intensity will have 
two directions. This is physically impossible because at any point in a 
magnetic field, the intensity can haye but one direction. 


(iii) Lines of force behave like stretched rubber bands under constant 
tension i.e., they always try to contract along their lengths. This property is 
attributed to the lines of force to explain the attraction between unlike poles. 
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(iv) Lines of force repel each other laterally i.e., in a direction at right 
angles to their lengths. They are endowed with this property to explain the 
repulsion between like poles. 


10-12. Tubes of force. 


We can divide the lines of force coming out of a pole into a number of 
groups. Each such group is called a tube of force. It is obvious that we can 
perform such grouping in an infinite number 
of ways. For example, Fig. 10'6 shows eight 
groups or eight tubes of force. Conventionally 
the group is so made that 4mm tubes of force 

— ; i come out of a pole of strength m. 

Two separate expressions—lines of force and 
tubes of force are not generaily used. Lines of 
force which are, strictly speaking, geometrical 
lines as defined earlier have got little importance. 
The tubes of force are therefore always referred 

Fig. 106 to as lines of force. Thus we can say that 4am 

lines of force originate from every north pole 

of strength m. Similarly, we can say that the number of lines of force converging 
on a south pole of strength m is equal to 4am, 


Representation of the magnitude of intensity : 


If we consider an imaginary sphere of radius r round an isolated north pole, 
then all these 47m lines of force will cross this sphere. As the lines of force 
originate radially outwards from a north pole, they will cross the surface of the 
sphere normally, Since the surface area of the sphere is 4z7?, so the number of 


lines of force crossing a unit area of this sphere normally-— 22^ =. But inten- 
Lá r 


sity. at any point on the surface of the sphere is also m|r*. Hence we reach at 
the important conclusion :— : 


The intensity at any point is equal to the number of lines of force crossing unit 
area round the point, the unit area being held normally to the lines. Obviously 
the lines of force will be closely spaced in a region where the intensity is large 
and will be widely separated if the intensity is small. 


1013. Mapping of lines of force. E: 


In order to map the lines of force ina magnetic field we face a difficulty 
because an isolated north pole is not obtainable in practice. However, if a small 
magnet which is free to rotate be placed in a magnetic field, its north pole would 
be urged along the direction of the line of force, while its south pole would 
be urged in the opposite direction. Thus the magnet is acted on-by a couple 
and it consequently rotates and sets itself along the line of force. If the magnet 
be small enough, its axis will closely coincide with the line. This consideration 
serves as the basis of mapping the lines of force in practice, Two methods 
are generally used : (i) Compass needle method, (ii) Iron filing$ method. 
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Compass needle method: A compass needle is a very short magnet 
pivoted at its mid-point so that it can swing freely in a horizontal plane. It is 
placed in a small cylindrical box with a glass cover 
(Fig. 10-7]. Its north pole is usually painted red. 


To map the field due, for example, to a bar magnet, 
the magnet is placed at the middle of a sheet of paper 
fixed on a drawing board. The compass needle is then 
placed at a point near any one pole, say north pole, of Fig. 107: Compass 
the magnet. When it becomes stationary, two sharp dot vu 
marks 4 and B are put on the paper corresponding to the south pole and 
the north pole of the needle respectively [Fig. 10-8]. The needle is then 
displaced to another position such that its south pole coincides with the dot B 

indicating the former position of its 

c ooesg north pole. The new position of its 

north pole is then marked with another 

sharp dot, say C. This process is conti- 

nued till the needle reaches the proximity 

ofthe south pole of the magnet or the 

end of the paper away from the south 

Fig. 108 pole of the magnet, All the dots obtained 

in this way are joined smoothly by 

drawing a free-hand curve which gives a line of force. An arrowhead is put 

on it to indicate the direction in which the north pole of the needle pointed. 

By starting with different initial positions of the needle and repeating the 
above process, the whole field may be mapped out. 


Iron filings method: A sheet of hard drawing paper or à plate of glass is 
placed over a magnet and iron filings are sprinkled on it. Due to inductive 
action of the magnet, each filing 
becomes magnetised and begins 
to behave like a very small 
magnet, If the sheet of paper or 
glass is now tapped gently, the 
filings rotate and arrange them- 
selves along the lines of force as 
shown in Fig. 10-9. 

If we desire to obtain a 
permanent pattern, the sheet of 
paper may be previously coated 
uniformly with a thin film of 
paraffin. After the filings have 
arranged themselves properly 
along the lines of force, the | 
paper is gently warmed. The paraffin melts and the filings get embedded. 
Cooling solidifies the paraffin and a permanent pattern 1s obtained, 


Fig. 10:9 : Lines of force by means of 
iron filings 
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10:14. Maps of magnetic fields in different cases. 
(i) A free point pole: The lines 

of force due to a point pole will be 

radial because if we place an isolated 


north pole in its field, there will be SC —~< 
either repulsion or attraction always 

along the line joining the two. \ 
Fig. 10:10 (a) and (b) show the lines 

of force due to a free north pole and Eig. 1: Lines of i. a 
a south pole respectively. (a) N-role, (b) S-pole 


(ii) A single magnet: Fig. 10 11 shows the lines of force due-to a single 
bar magnet. Outside the magnet, the lines of force start from the north pole 


Fig. 10-11 : Lines of force due toa Fig. 10 12 : Lines of force due 
bar magnet 10 a horse-shoe magnet 


and end on a south pole. It may also be noted that near the poles, lines of 
force come closest to one another. This is expected because in this region, the 
intensity is the greatest. 

The lines of force due to a horse-shoe magnet is shown in Fig. 10-12, 

(ii) Two bar magnets: Lines of force due to two bar magnets are 


(b) 
tig. 1013: Lines of force of two bar magnets, (a) unlike poles 
together, (5) like poles together 


shown in the Figs. 10:13 and 10:14. Fig. 10°13 shows the field when the magnets 


————— 
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are placed with their magnetic axes parallel and with (a) unlike poles near each 
other, (b) like poles near each other. In Fig. 10°14 the magnets are placed 
with their axes along the same line, the poles facing each other being (a) unlike, 


(a) (b) 
Fig. 10 14: Lines of force of two bar magnets, the?poles facing 
each other being (a); unlike, (b) like 
(b) like, From the figures, it becomes obvious that the attraction between 
unlike poles is easily explained if the lines of force try to contract along their 
lengths. Similarly the repulsion between unlike poles can be easily understood 
if the lines of force are assumed to be repelling one another laterally. 


(iv) Uniform field : A field is said to be uniform 


if the intensity remains the same at every point in JUIN SAEs 
both magnitude and direction. Hence the lines of PIENE cU ee 
force must be parallel and their number crossing R 

unit area must everywhere be constant [Fig. 10-15]. 

So the lines of force in a uniform field are a set ^ 
of equidistant parallel lines. Fig. 10 AES ae rg in, 


10-15. Effect of the Earth's field : Neutral points. 


We are already familiar with the concept that the earth itself behaves like a 
huge magnet. The magnetic field due to the earth is perceptible even miles 
above its surface. Hence when we plot the lines of force of a magnet, we 
actually map the resultant of the fields due to the magnet and the earth. Near 
the magnet, the earth's field is negligible in comparison with that of the magnet 
and the lines of force practically represent the field of the magnet. With 
increasing distance from the magnet, the earth's field becomes more and more 
importaat and ultimately predominates over the field due to the magnet. Then 
the lines of force are practically due to the earth’s field. ít may be mentioned 
here that the earth's field at a place being fairly uniform, its lines of force are 
parallel and equidistant. 

In the intermediate region, the fields due to the magnet and the earth 
are comparable to each other. It is found that at some points, the two 
fields become equal and opposite so that there is no resultant intensity, These 
points are called neutral points. A compass needie placed at such points 
would set itself in any direction. Obviously no line of force passes through 


neutral points. 
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Neutral points may also be obtained when any two magnetic fields are super- 
posed. For example, in Fig. 10-14 (5) the point marked X is a neutral point. 

So, in general, we can say that when two or more magnetic fields are super- 
posed on one another, it may happen that 
at some points, the resultant intensity 
becomes nil. These points are called 
neutral points. 

The maps of magnetic fields shown 
in the previous diagrams give the fields 
due to the magnets alone, i.e., in 
regions near the magnets. A complete 
map of the lines of force of a bar 
magnet placed horizontally along the 
magnetic meridian with its north pole 
pointing north is shown in Fig. 10:16. 
Along the perpendicular bisector of the magnet, the fields due to the earth 
and the magnet oppose each other and 
atthe two points marked X, they become 
equal. Hence these are the neutral points. 
It should be noted that the two points 
are equidistant from the centre of the 
magnet. 


Fig. 10-16: Combined fields of earth and 
magnet with its N-pole pointing north 


If the magnet is placed horizontally 
along the magnetic meridian with its 
south pole pointing north, then the 
complete map of the lines of force is 
shown in Fig. 10-17. In this case, the 
neutral points occur along the axis of 
the magnet and are also equidistant from 
its centre. 


" Fig. 10:17.: S-pole pointing north 
Example 10-12. Two similar poles of strengths 20 and 80 unit are kept 

separated by a distance of 10 cm in air. Find the positions of neutral points on 

the line joining the poles. [Jt. Entrance ’75] 
Solution: Let the neutral point be situated at a distance r cm, from the 

pole of strength 20 unit. By definition, at this point the intensities due to the 

two poles must be equal and opposite. Hence 

20 80 


DB (10—7y 
Solving, r=ty and —10. The negative answer being absurd is rejected. 
Hence r= 19 -3:33 cm. 
Example 10:13. A magnet of length 10 cm is placed in the magnetic 
meridian with its N-pole pointing north. If the magnetic moment of the ::agnet 


is 1600 c.g.s. unit and the horizontal component of the earth's field is 0°34 oersted, 
locate the neutral points. 
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Solution: As the magnet is placed in the magnetic meridian with its 
N-pole pointing north, the neutral points will lie on the perpendicular bisector 
of the magnet. Let the neutral point be at a distance r from the centre of the 
magnet. Hence from eqn. (10:10), 

M 
ver 
Here, M —1600 unit, 2/1—10 cm, H --0°34 oersted 


1600 16002? 

—0:34 2 i —280- 
CES 3 or, +25 (saa) 280°8 
or, r3—2558 So r=16 cm. 


Example 10°14. A bar magnet whose effective length is 10 cm and pole 
strength 125 c-g.5- units is laid horizontally with its axis along the magnetic 
meridian and the S-pole pointing north. A small compass needle when placed at 
15 cm north of the S-pole is found to set itself in any direction. Find the value of 
H at the place. [Jt. Entrance '83] 

Solution : The position of the compass needle is a neutral point So ‘he 
field at this point due to the magnet must be equal and opposite to H. 

By question the distance of the neutral point from the centre of the magnet 
is r=15+ 4? —20 cm, and the magnetic moment of the magnet M=125x 10— 
1250 c.g.s. units. 

í 0x20 
n- vue —0:356 oersted. 

Example 19°15. Two short magnets Mı, of moment 2700 c.g.s. units and 
My, of moment 4000 c.g.s. units are placed in the magnetic meridian as shown in 
the figure. (i) What should be the distance d, such that P is a neutral point ? 
(ii) Indicate on à diagram the N and S poles of 
E the magnets. (Horizontal component of the 

M, i Earth's field is 0*3 c.g.5- units). ‘(I 1. T. 76] 
Solution: The point P lies in the ‘End-on 


en position’ w. r. t. the magnet Mı. Hence from 
v H-08 eqn. (10:9), the field due to M; at P is 
M un De -02 c.g.S. unit 
2 
Two cases may arise depending on whether H, is in the same or in opposite 
direction to that of H. UA My aed 
Case I. H, is in the same direction as Eee pee aa 
that of H. BAN 2 


towards north i.e. towards P. So the resultant 
field at P is 03-L0-2—-0'5 c.g.s. unit towards 
north. In order that P may be a neutral point, 8 M;N 
the field H, at P due to M, should be equal 

and opposite to the above. Hence the north po 


In this case the north pole of Mi points 


le of M; should point north. 
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Moreover, as P lies in the ‘Broad-side on position’ w.r.t. M;, therefore 


H= [ By condition of the problem ] 
So &=20 cm. 


Case If. H, is in the opposite direction to that of H. 
Inthis case, the south pole of M, should 
: RO x bod Mi Hj——P 
face P ie. its north pole points towards south. Gee DER NM 
So the resultant field at P is 03 —0:2—0:1 c.g.s. Ne Hg 
unit towards north. Arguing as above, we see 
that north pole of M, should point north and 


4000 : 
HE =O1 72 dQ4—-342cm. EA 
. 2 + 


e EXERCISE 9 


[A] Essay type questions 

1. State Coulomb's law of force between two magnetic poles kept in vacuum. How. 
does the presence of a magnetic. medium affect the force ? [H. S. '80] 

Compare the rature of magnetic forces with that of gravitational forces 

2. What are magretic lines of force ? 

State Covlomb's law relating to magnetic force and hence define unit magnetic pole. 
What is meant by intensity of a magnetic field ? LH. S. 78, '84] 

3. What do you mean by a magnetic field? A bar magnet is placed on a table. In 
what region does the magnetic field due to it exist ? 

4. A magnetic needle placed in a uniform magnetic field of strength H makes an angle 
8 with the direction of the lines of force. Find the mechanical moment acting on the needle 
in such a position. 

5. Explain the terms: uniform magnetic field and moment of a magnet. 

Two identical thin bar magnets each of length *L' and pole strength ‘m’ are placed at 
right angles to each other, with the north pole of one touching the south pole of the other. 
Evaluate the magnetic moment of the system. LU. 1. T. '67) 

6. Deduce an expression for the moment of the couple acting on a magnet freely sus- 
pended in a uniform field. Indicate whether this couple depends on any factor due to 
magnet. 

7. A magnet is kept fixed with its length parallel to the magnetic meridian. An 
identical magnet is kept parallel to this such that their centres lie on the perpendicular 
bisector of both. If the second magnet is free to move, will it have (1) translational 
motion, (2) rotational motion, or, (3) both? [Z I. T.'77) 

8. Calculate the intensities at a point situated at a distance r from the centre of a 
bar magnet of moment M, when the point is (a) at an end-on position, (b) at a broad 
side-on position with respect to the magnet. 

Show how the expressious will be modified when the magnet is a short one. 

9. Define a magnetic line of force and state its properties. Explain how the lines of 
force are mapped. 

Define tubes of force. Can these represent the magnitude of intensity? How? 

10. What is meant by the neutral point in a magnetic field? Draw diagrams to show 
the lines of force due to a bar magnet with north pole pointing north and north pole 
pointing south, Locate the neutral points. [H. S. '79] 

Are the lines of force you have sketched solely due to the bar magnet ?- 
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11. Indicate the difference in the location of the neutral point when two magnets are 
placed with their magnetic axes parallel and with (i) unlike poles near each other, (ii) like 
poles near each other. 

12. Sketch the resultant magnetic field when a bar magnet i$ placed parallel to the 
carth's field with the S-pole towards the north. Indicate the neutral regions. 

In the map the lines of force crowd near the magnet and get more and more separated 
with increasing distance from the magnet. What is the reason of the phenomenon ? 


[B] Short answer type questions 


1. Explain what is meant by saying that the pole strength of a magnet pole is 50 
"nits. [Jt. Entrance '75) 
2. What do you mean by a test pole ? 
3. Define intensity of a magnetic field? Is it a vector or à scalar quantity ? 
4. Name and define the unit of magnetic intensity. 
5. Define unit magnetic pole and magnetic intensity at a point in a magnetic field. 
(H. S. '81| 
6. A magnctic needle has a length 2/ and pole strength m. If the needle is broken 
into two equal parts, what will be the magnetic moment of each half? 
7. In what sense is the idea of magnetic moment more fundamental than that of the 
pole-strength ? 
8. A magnet is suspended freely in a magnetic field. It is disturbed slightly from its 
position of rest. Describe its behaviour. 
9. Is the magnetic moment a vector or à scalar quantity ? How would you calculate 
the moment of a horse-shoe magnet ? 
10. A south pole of strength m is placed at a point ina magnetic field where the intensity 
is H. What is the magnitude and direction of force acting on it? 
11, Define magnetic meridian. Is this same at all places on the earth ? 
12. It is found that the neutral points lie along the axis of a magnet placed on a table. 
What is the orientation of the magnet with respect to the earth’s magnetic field ? 
13. What is the nature of the lines of force in a uniform field ? 
14. A magnetic needle does not tend to move bodily along the lines of force ina 
uniform magnetic field. Explain this behaviour. 
15, What is meant by tmagnetic lines of force? State principal properties of magnetic 
lines of force. LH. S. '82] 
16. A rail attracted by a magnet acquires Some velocity. What is the source of its 
kinetic energy ? [Jr. Entrance '84] 
17. Two magnets of moments M; and M; are fixed on a common support with their 
axes (i) parallel (ii) at right angles. What is the resulting magnetic moment of the system ? 


[C] Simple Problems 
1. What should be distance between two north poles of strengths 40 and 80 unit, if 
they repel each other by a force of 8 dyne ? [4ns. 20 em] 
2. Two equal south poles repel each other with à force of 625 dyne when placed 5 cm 
apart, Find the strength of each pole. [Ans. 125 e.m.u.] 
3. Two magnetic poles each of strength 50 unit repel each other with a force of 5 
dyne when 20 cm apart in certain medium. What is the permeability of the medium? — 
[Ans. 1:25 c.g5. unit] 
4. Compare the magnetic force between two poles of 80 and 120 unit placed 6 cm 
apart with that between two poles of 40 and 20 unit placed 4 cm apart. [Ans. 32: 9] 
5. Two magnetic poles placed 6 cm apart in a medium repel each other with a force 
of 225 dyne. How far from each other should they be placed so that the force of repulsion 
wil! be 25 dyne t [Ans. 18 cm] 
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6. Two poles, one of which is 4 times as strong as the other, exert on each other a 
force equal to weight of 200 mz when placed 16 cm apart, Find the strength of each 
of the poles, [Ans. 112 and 448 unit) 

7. Each pole of a bar magnet of moment 450 c.g s. unit experiences a force of 30 dync 
when placed in a uniform field of 0:6 oersted. Find the length of the magnet, [Ans. 9 cm] 

8. Calculate the moment of the couple required to keep a bar magnet of moment 200 
.8.s. unit in a uniform field of 0:39 oersted at an angle of 30* with the direction of 
the field, e (I. I. T. °61) [Ans. 39 dyne-cm} 

9. A magnet placed at an angle of 30° with a uniform field of intensity 0:18 oersted 
experiences a couple whose moment is 12 dyne-cm, Find the magnetic moment of the 
magnet. If the length of the magnet is:8 cm, what is its pole strength ? 

[Ans. 133-33 unit, 16-67 unit] 
10. A magnetised wire of steel 31-4 cm long has a pole strength of 5 c. g.s. unit. It 
: then bent into the form a semi-circle, Calculate the magnetic moment of this magnet, 
(I. I. T.'65) [Ans. 100 c.g. s. vnit) 
11. Two magnets each of length 10 cm and pole strength 80 unit lie in the same straight 
ne with their north poles facing each other. If the distance between the north poles be 
cm, calculate the repulsive force between the magnets, [Ans. 209:35 dyne) 
12. The distance between the poles of a bar magnet is 10 cm and the strength of each 
ole is 200 unit. Find the magnitude and direction of the field due to the magnet at a 
oint, distant 10 cm from each pole.. 
(Aus. 2 oersted : parallel to the magnet from north to south end] 
13. 1f the poles of a bar magnet are 6 cm apart and the moment of the magnet is 3000 
nit, calculate the magnetic field due to it at a point lying on the axis on the, side of the 
pole at a distance Gf 10 cm from the centre. } 
[4us. 7-25 oersted along the magnetic axis away from the magnet] 
14. A magnet has a leusth of 10 em, the strength of the poles being 15 e. m; u. Deter- 
nine the magnitude and direction of the field strength at a point A lying on the axls of 
he magnet at a distance of 5 cm from the south pole. 
x . [4ns. 0:53 oersted along the magnetic axis towards magnet) 
15. A bar taagnet 15 em long has pole strengths of 75 unit. Calculate the magnitude 
nd direction of the force on a south pole of 25 unit placed at a point on the axis of the 
aagnet and 5 cm away from its north pole. 
[dns 70-31 dyne along the axis towards magnet] 
16. A bar magnet has length 8 cm and moment 400 unit. Calculate the force excrted 
im the magnet by a north pole of strength 50 unit placed at a point on the axis of the 
nagnet 12 cm from the centre of the magnet. [Ans. 29:3 dyne] 
17. The field intensities at two points on the axis of a bar magnet at distances of 10 cm 
ind 20 cm respectively from its centre are in the ratio of 12-5: 1. Find the length of 
he magnet. [4ns. 10 cm] 
18. Calculate the magnetic intensity due to a bar magnet of length 10 cm and pole 
trength 50 unit at a point 30 em from the centre of the magnet on a line through the 
entre at right angles to the axis, 
A north pole of strength 200 unit is placed at that point. What is the force acting on 
1 Find also the force exerted on the magnet by the north pole. 
[Ans. 0:0178 oersted, parallel to the magnet from north to south end; 3:56 dyne in the 
ame direction ; 3:56 dyne in the opposite direction] 
19. Two similar poles of strengths 36 and 81 unit are placed 15 cm apart in air, Find 
ie position of the neutral point on the line joining the poles. 
[4ns. 6 cm from pole of 36 unit] 
20. A long magnet is placed in a vertical position with its south pole resting on a table. 
+ neutral point is found 6 cm from this pole, Given H=0-2 oersted, find the pole strength 
! the magnet. [4ns. 7:2 unit] 
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21. A bar magnet is placed on the table with its axis in the magnetic meridian and 
its north pole pointing north. If the distance between the poles of the magnet is 15 cm 
and the neutral points id the field are 15 cm from the poles, calculate the pole strength 
of the magnet, given H=0-2 oersted. [Ans. 45 unit) 

22. A short bar magnet of moment 1600 c. g. s. unit is placed in the magnetic meridian 
with its north pole facing south. If the neutral points are observed at a distance of 20 cm 
from the centre of the magnet, find the value of H. [Ans. 04 oersted] 

23. A short bar magnet of length 2 cm and pole strength 150 unit is placed horizontally 
in the magnetic meridian with its north pole pointing north. The positions of neutral points 
be at a distance o^ 10 cm from the centre of the magnet, Calculate the value of H, the 
horizontal compon t — earth's field. [Ans. 0:2956 oersted] 

24. A neutral point is found on the axis (extended) of a bar magnet at a point 7 cm 
from the nearer pole. The poles of the bar magnet are 4 cm apart and the horizontal 
component of earth's magnetic field is 0:36 oersted. Estimate the pole strength of the 
magnet, [Jt. Entrance 79] [Ans. 29-65 e. m. u.) 

25. The poles, 4 and B, of a magnet are 12 cm apart, It is placed in a north-south 
position with the pole A north. A neutral point is observed 6 cm north of A. Determine 
the polarity of A and B, and their strength. 

The magnet is now turned through 180 degree. Locate the neutral points, given H=0 $ 
oersted. [Ans. S and N ; 2025 unit ; 5-08 cm along perp. bisector] 

26. Two short bar magnets 4 and B, of equal magnetic moments M, are set with their 
magnetic axes pointing in opposite senses in the same magnetic S-N line, and their centres 
50 cm apart. A neutral point is found between the magnets, 20 cm from the centre of A. 
Given tha the value of the horizontal component of the earth's magnetic field is 0:2 
oersted, find the value of M. (Oxford) [Ans. 1137 c.g. s. unit] 


[D] Harder Problems 


1. Two similar magnets, each of length 6 cm and weighing 60 gm-wt are placed freely 
in a vertical glass tube with their like poles facing each other. The upper magnet is sus- 
pended in air over the lower one, so that the distance between the neighbouring poles of 
the magnets is 0-2 cm. Calculate the strength of the poles of the.magnets. Will the distant. 
poles affect the distance between the magnets ? (Ans, 48:5 c.m.u., not significantly] 

2. Two exactly similar bar magnets, 20 cm long and pole strengths 200 unit are sus- 
pended from a common point at their south pole ends. Due to repulsion between the north 
poles, the magnets are kept 4 cm apart at their lower ends. What is the weight of each 
magnet ? [Ans. 50:77 gm] 

3. A magnet is suspended horizontally in the magnetic meridian from its c.g. by a 
fine untwisted wire. When the upper end of the wire is twisted through 50°, the magnet 
is deflected by 5°. Find the angle through which the upper end must be twisted in order 
that the magnet gets deflected by 10°. (Given, cos 590-9962) [Ans. 99-667] 

4. Two short bar magnets A and B of moments 500 and 800 c.g.s. unit are placed along 
two perpendicular lines. If the centres of the magnets are respectively 10 cm and 16 cm 
from the point of intersection of the lines, calculate the intensity of the field at this point. 

{Ans. 1-07 oersted making an angle 21-3° with the axis of A] 

5. A short bar magnet of moment 3200 unit is laid horizontally on a table, Another 
one of moment 800 tinit is mounted vertically along the perpendicular bisector of the first. 
The south pole of the second points downwards. The distance between their centres is 
30 cm. Determine the intensity at a point on the line joining the centres of the magnets 
at a distance 20 cm from the first. 

E [Ans. 1:65 oersted making an angle 76* with the horizontal] 

6. A bar magnet 4 cm long is held vertically with its north pole resting on a hori- 
zontal table. A neutral point is located on the table 3 cm from the lower end of the 
magnet, Find the moment of the maguet, given H=0-2 oersted. [Ans. 92 unit] 
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7. A short bar magnet rests horizontally with its axis in an E-W direction. A 
compass needle placed on this axis at a distance of 20 cm from the centre of the magnet 
comes to rest pointing 20° W of N. If the horizontal component of the earth's magnetic 
field is 0-18 oersted, calculate the magnetic moment of the bar magnet. Where will the 
neutral points be if the magnet is placed with its axis in a N-S direction, the north pole 
of the magnet pointing N ? 

(Cambridge) [Ans. 262 c.gs. unit, 11-33 cm from the magnet on the equator] 

8. Two identical short bar magnets are situated at the corners A and C of a horizontal 
table ABCD of square shape. Its sides are of length 50 cm. The south poles of the 
magnets point towards the corner B. The table is so placed that B lies due magnetic north 
of D whence it is observed that the resultant horizontal magnetic field at B becomes zero. 
Find the. magnetic moment of each magnet, if the horizontal component of earth's field is 
0:4 oersted. [Ans. 17680 c.g.s. unit] 


9. Two permanent bar magnets of equal dimensions are so placed on a table that one 
magnet completely covers the other. Neutral points are found to lie 40 cm apart 
along a horizontal line in the magnetic meridian. On turning the upper magnet through 
180*, the neutral points move 10 cm farther apart. Assuming the equivalent length of 
each magnet to be 10 cm calculate the ratio of the moments of the magnets and give a 
diagram showing the final position of the magnets, (London) [Ans. 381: 131] 


— 
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CHAPTER 


THEORY OF MAGNETISM : 
MAGNETIC MATERIALS 


11:1. Isolation of a single pole is impossible. 


If we endeavour to separate the poles of a magnet by breaking it into two, 
it is found that new poles appear at the freshly produced ends so that each part 
behaves like a complete magnet [Fig. 11-1 (ii)].. The strengths of the newly 


formed poles equal the original. If the 

pieces are again broken up, the same N a = 
result is found to be true ; each new piece (i) 

so obtained behaves like a complete L —— sii 

raagnet with two poles of undiminished Gi) 

strength [Fig. 11:1 (iii)]. This process of ins i si s 
breaking up a magnet may be continued (iii) 

still further to obtain gradually smaller Fig. (1-1; Effect of breaking a magnet 


pieces, We shall always find that however 
small a piece may be, each piece acts like an independent magnet of undimini- 
shed strength. Hence we conclude that magnetic poles always exist in pairs 
so that it is never possible to isolate a single pole. 


11:2. Molecular theory of magnetism. 


The fact that isolation of a single magnetic pole is impossible led the 
german scientist Weber to predict that each molecule of a magnetic substance 
is itself a complete magnet having equal and opposite polarity at its two ends. 
These tiny magnets are called molecular magnets or Weber elements after the 
name of their discoverer. This theory regarding the origin of magnetism was 
further developed by Ewing and is called the molecular theory of magnetism. 

The above prediction seems logical in the sense that if we carry out the 
process of breaking up a magnet further and further, smaller and still smaller 
pieces of complete magnets will be obtained until in the extreme limit we reach 
the molecular stage. No further subdivision is possible because the molecule 
of a substance represents its smallest possible particle having free existence, 
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Fig. 11-2 (a) 
As isolation of a free pole is impossible, each molecule should, therefore, 
behave like a complete magnet. According to Weber, in an unmagnetised 
substance the molecular magnets are arranged indiscriminately in all directions 
(Fig. 11:2 (a)]. The magnetic effect of any one of them is, therefore, nullified 
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by its neighbouring elements. Consequently no free polarity can exist over any 
appreciable surface area of the specimen and as a whole the specimen does not 
exhibit any external magnetic effect. 

When the substance is magnetised by applying a suitable magnetising force, 
the elements turn around and arrange themselves in parallel lines along the 
direction of the external magnetic field with their opposite poles facing each 
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Fig. 11:2 (b) 


other [Fig. 11-2 (b)]. When all the moleculer magnets have got arranged in 
such a fashion, the magnetisation is completed and the state of magnetic 
saturation is said to be reached, 

Throughout the interrior of the substance, the N-pole of one molecular 
magnet faces the S-pole of the adjacent one. As the pole strength of each 
tiny magnet is the same, two such adjacent opposite poles cancel the effect of 
each other. Thus the molecular magnets inside the. substance neutralise the 
effect of one another except at the two ends where uncompensated magnetic 
poles are found. Due to this reason, one end of the specimen exhibits north 
polarity and the other south polarity. 

If the molecular magnets remain arranged in perfect straight lines, then the 
magnetic action should remain entirely confined to the ends of the magnet. 
But we know that the magnetic action spreads to an appreciable extent along 
the sides of a magnet. To account for this, the molecular magnets are 
supposed to be arranged in lines which get more and more curved towards 
the ends of the magnet. Asa result, the distribution of the free poles does 
not remain confined to the ends but extends to some extent down the sides 
of the magnet. The curved nature ofthe linear arrangement of molecular 
magnets can be explained from the fact that the individual like poles, distributed 
over either end, repel each other. 

Ewing put forward the hypothesis that the molecular magnets within an 
unmagnetised substance are arranged in ‘closed chains’, the north pole of each 
molecule being very close to the south 
pole of the molecule next to it in the 
chain [Fig. 11:3]. Such arrangement 
of molecular magnets is very stable. 
The unmagnetised substance contains 
myriads of such *closed chains'. In the 
process of magnetisation, this chains are Fig. 11:3 
broken up and the molecular magnets are gradually arrangedi n a linear fashion. 
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Demonstration experiment: A test tube is filled up with iron filings 
and is held with its one end near any pole (say, north) of a strong bar 
magnet [Fig. 11'4]. The tube is 
gently tapped a number of times. 

The bar magnet is then removed 
without distributing the test tube 
in any way. On bringing a magnetic 
needle near the test tube, it will be 
found that the latter has acquired polarity. The end of the tube near the pole 
of the bar magnet exhibits opposite polarity (in this case, south). If the test 
tube is now shaken, its polarity will disappear. 

Thiscan be explained from the fact that each filing becomes a magnet by 
induction and behaves like a molecular magnet. Under the action of the bar 
magnet,they arrange themselves in a linear pattern. Gentle tapping of the 
tube helps this process. The ends of the tube then behave like the poles of a 
magnet. On shaking the tube this arrangement is destroyed leading to the 
disappearance of the polarities at the ends. 


Fig. 11:4 


11:3, Evidences in support of the molecular theory. 


The molecular theory of magnetism gets strong support from the fact that 
it can furnish satisfactory explanation of several common magnetic phenomena, 
some of which are described below : 


(ii Induction: On presenting one pole of a bar magnet near a magnetic 
substance, the molecular magnets will experience magnetic forces due to the 
presence of the iuducing pole. Due to the rigidity of the- substance, the 
molecules can not leave their respective places but can only turn about their 
equilibrium positions. They, therefore, tend to rotate overcoming their 
mutual actions so as to present their opposite poles towards the inducing pole. 
Consequently, the end of the substance facing the inducing pole will have an 
excess of free pole of the opposite kind. An opposite polarity is, therefore, 
developed at the near end while the far end shows a similar polarity. From 
the above argument, it follows that a stronger inducing pole will be able to 
rotate a larger number of molecular magnets into linear arrangement and will 
thereby induce stronger magnetism. These are corroborated by experiments. 

Increased magnetisation is also obtained if the magnetic substance is tapped 
during induction. The vibrations set up due to tapping helps the process of 
turning of the molecular magnets so that a larger number of them rotate to 
fall into linear arrangement. 

When the inducing pole is removed, most of the molecular magnets swing 
back to their former positions under their mutual actions and again set up 
closed chains. The substance, therefore, loses most of its induced magnetism. 


(ii) Magnetisation by rubbing : When one pole (say, south) of a magnet 
is placed in contact with a magnetic substance, the molecular magnets in the 
proximity of the point of contact will turn to present their opposite poles 
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(here, north) towards this point [Fig. 11:5]. As the magnet is drawn along 
the length of the specimen, the molecular magnets rotate as the pole passes 
over them. Ultimately they fall in a line 


ah with their opposite poles pointing to the 
A zt direction in which the magnet has been 


EESTI ONG TAO - drawn. Opposite’ polarity is, therefore, 
i A h s NT 

REIS NS developed at that end of the specimen 
LNA LN Ws \ PEON at which the magnet leaves it. Several 


BALI tala hy stroking with the magnet arrange larger 
Fig. 11-5: Magnetisation by rubbing number of molecular magnets linearly and 
stronger magnetism is developed in the specimen. 

(iii) Magnetic saturation : When the magnetisation induced in a 
specimen cannot be increased further, it is said to have reached the stage of 
magnetic saturation. According to molecular theory, this stage is reached when 
all the molecular magnets are arranged in linear order. As no more of them 
are available for further orientation, the magnetisation can not be increased 
any further. 

(iv) Equality of the poles of a magnet: According to the molecular 
theory, the act of magnetisation merely involves the arrangement of the 
molecular magnets in linear orders. We should, therefore, expect that on either 
side of the neutral region, equal numbers of free poles of opposite nature 
will be present. In other words, the two poles of a magnet should have 
equal strength, 

(v) Curie point: When a magnet is heated, the vibration of the mole- 
cules become more and more violent. Consequently the linear arrangement 
of the molecular magnets gets destroyed gradually. Ultimately when the 
temperature rises beyond the Curie point, the molecular vibrations become so 
violent that the linear arrangement is completely destroyed. The molecules 
then rotate back to their original positions forming closed chains. 


(vi) Demagnetisation by rough handling: Any mechanical shock 
imparted to the magnet produces partial destruction of the linear arrangement 
of the molecular magnets, causing thereby a partial demagnetisation. 

(vii) Heat produced by rapid magnetisation and demagnetisation : 
When a magnetic substance is alternately magnetised and demagnetised in a 
rapid fashion, large amount of heat is developed. This can be easily explained 
from the molecular theory, if we remember that the vibratory motion of the 
molecules is manifested as heat. Magnetisation of the specimen brings the 
molecules in a linear arrangement while demagnetisation produces destruction 
of this arrangement. Rapid repetition of the above processes sets the molecules 
into violent vibrations whence large amount of heat is evolved. 

(viii) Differences between iron and steel: We know that soft iron can 
beeasily magnetised and it also loses its magnetism readily. Steel is difficult 
to magnetise but it retains its magnetism much more than soft iron, These 
different properties can be attributed to the difference betwecn the relative 
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freedoms of the molecules of these substances. Moiecules of soft iron are 
relatively free. They can, therefore, rotate easily to form the linear arrange- 
ment. Due to the same reason, they can, however, be more easily jostled out 
of this arrangement to form closed chains. Molecules of steel, on the other 
hand, are less free to rotate than those of soft iron. Hence it is more difficult 
to dislodge them out of a particular arrangement which explains the magnetic 
behaviour of steel. 

(ix) Magneto-striction: When a magnetic substance is suddenly mag- 
netised by means of a strong electric current, a peculiar clicking sound is 
heard and the length of the specimen increases slightly in the direction of 
magnetisation. This phenomenon is called magneto-striction. This is due to 
the fact that magnetisation of the specimen involves the breaking of the closed 
chains and the arrangement of the molecules in a linear fashion along the 
direction of the applied magnetic field. 


11:4, Intensity of magnetisation. 


We know that when a substance is placed in a magnetic field, it gets magne- 
tised due to induction. By some suitable process, a magnetic substance may 
also be permanently magnetised. The substance magnetised permanently or 
temporarily then possesses a definite magnetic moment. Now different 
substances are found to be magnetised to different degrees by the application of 
the same magnetic field. To provide a measure of the degree of magnetisation, 
a quantity called the intensity of magnetisation is introduced. From the mole- 
cular theory of magnetism, we can easily conceive that the magnetisation of a 
substance extends throughout the whole of its material, The intensity of 
magnetisation of a magnetic specimen is defined as its magnetic moment per unit 
volume. It is denoted by the symbol 7. So 

M 
mE 
where M is the moment of the magnetised substance and V its volume. 

The above definition of J holds true for a specimen of any size or shape. If 
its cross-section be uniform, then we can give another useful definition of J. Let 
| be the magnetic length of a magnetised substance of uniform cross-section A. 
Let m be the pole-strength at each end. Then M=mx/ and V—Ax I. 


so that «m e ui (11:2) 


Thus for a specimen of uniform cross-section, the intensity of magnetisation 
may also be defined as the pole-strength per unit area. 


aU eR ee (11-1) 


11:5. Magnetic Induction, 


If we place a piece of a magnetic substance e.g., iron, cobalt, nickel etc. in a 
magnetic field, then it is found that the field gets considerably distorted. This 
is illustrated in the adjoining Figs. 11:6 and 117. Fig. 11:6 shows the lines of 
force in a uniform magnetic field, When a bar PQ of iron is placed in this 
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space, the resulting field is shown in Fig. 11°7. A cursory glance at these 
figures reveals that the lines of force converge upon the iron bar so as to get 


Fig. 11-6: A uniform field Fig. 11-7: Distortion of the field 
due to presence of an iron bar 
concentrated inside the iron bar. Those lying at a distance get more or less 
bent towards the specimen. 

This can be explained from the fact that when placed in the magnetic field, 
the bar PQ is magnetised by induction so that south pole is induced at the end 
P and north pole at the other. The bar PQ then behaves like a bar magnet 
and produces its own field which is superposed on the inducing magnetic field. 
Fig. 11-7 shows the resultant of these two fields, At points such as A and B, 
the two fields oppose each other so that the resultant field gets weakened ; this 
is indicated by the dearth of lines of force in these regions. On the other hand, 
at points viz. C and D, the two fields reinforce each other. The crowding of 
the lines of force at these regions indicates this fact. 

Closer inspection of Fig. 11-7 reveals an apparent contradiction. We know 
that lines of force pass from north pole to south pole. But here we find that 
within the magnetic substance PQ, lines of force are passing from the south pole 
to the north pole. This apparent contradiction is easily explained when we 
remember that these lines of force are the resultant lines due to the combined 
action of the external field and the field due to the induced magnetism in PQ. 
Such resultant lines are known as lines of induction. In the case of nonmagnetic 
substances, the terms ‘lines of magnetic induction’ and ‘lines of force’ are synony- 
mous since the phenomenon of induced magnetism is absent in such substances. 
So we can say that when a line of induction comes out of a magnetic substance, 
it continues as a line of force. In contrast with a line of force, a line of 
induction is a closed curve because it continues through the magnetic substance 
from the south pole to the north pole. 

We know that the magnetic intensity at any point is the number of lines of 
force crossing normally a unit area round about the point. Similarly the 
magnetic induction, B, at any point of a magnetic field is defined as the number 
of lines of induction that pass normally through unit area round about that point. 
Its unit in c.g.s. system is gauss. 

From the above discussion, it appears that the magnetic induction, B, should 
be closely related to the degree of magnetisation of the magnetic substance i.e., 
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its intensity of magnetisation 7. Larger the value of I, greater should be the 
value of B. In fact it can be proved that 

B—H--4531 “se oe (11:3) 
where H is the field intensity at the concerned point. 


11:6. Permeability : Susceptibility. 


The tendency for magnetic lines of force to pass more readily through a 
magnetic material, such as iron, than through a nonmagnetic substance like air 
is measured by the permeability of the material, Iron is said to be more 
permeable than air or to have a greater permeability than air. Permeability (a) 
is defined by the relation 

_B 
PSH 
: bility .. Number of lines of induction per unit arca 
Lo. Frere Number of lines of force per unit area 

The problem can be discussed from another stand point. We know that due 

to a pole of strength m the magnetic intensity at any point at a distance r from 


(11:4) 


the pole is io where is a constant depending upon the medium intervening 
pr 


between the pole and the point, i.e., B 
ur 


m 

or, pH E 
Thus the quantity „H is independent of the nature of the medium and is 
knwon as induction B, i.e., B—,4H, the constant » being known as the perme- 
ability of the medium, 


In vacuum.or air, „=l i.e., numerically B—H, their units being different, 
The permeability of a magnetic substance is much larger than that of a non- 
magnetic one. Permeability of soft iron is greater than steel, nickel or cobalt. 
If the permeability of a magnetic substance is 1500, then it means that the 
number of lines of induction passing normally through its unit area is 1500 
times larger than the number of lines of force passing normally through the 
same area in vacuum or air. 


Permeability of a magnetic substance, however, depends upon its nature and 
condition and also on the value of H. 


The ease with which a substance can be magnetised is measured by a 
quantity, called its susceptibility (k). It is defined as the ratio of the intensity 
of magnetisation 7 to the intensity H of the magnetising field, i.e., 

eal: Z 24 (11:5) 
E H 
The susceptibility of vacuum or air is zero. For magnetic substances, the 
susceptibility is much larger than for non-magnetic substances. Susceptibility 
of soft iron is greater than steel, nickel or cobalt, Like permeability, its value 
depends upon the nature and condition of the magnetic substance and also 


upon the field intensity H. Its value also varies with temperature. 


* 
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We have seen that B-—H-447I 


Bu I 
or, a tA 
or, p=1+4rk se ae (11:6) 


This is the relation between the Permeability and the susceptibility of 
a material. 
11:7. Retentivity and Coercivity. 


We know that when a magnetic substance is placed in a magnetic field, it 
gets magnetised. The retentivity of a magnetic substance measures its ability 
to retain its magnetism when the magnetising field is withdrawn. If the specimen 
is magnetised to saturation, then the amount of magnetism which is left in it 
after the removal of the magnetising field is called residual magnetism. This 
provides a measure of the retentivity of the substance. The retentivity of soft 
iron is smaller than that of steel. Generally, substances having small suscepti- 
bility have high retentivity. 

In order to remove the residual magnetism, a magnetic substance must be 
subjected to some demagnetising influence. The substance may be demagnetised 
by placing it in a strong magnetic field acting in a reverse direction to that by 
which the specimen was magnetised. The intensity of the reverse field just 
sufficient to completely destroy the residual magnetism in the substance is known 
as its coercivity. Steel has a greater coercivity than iron. 

On account of its greater retentivity and coercivity, steel is preferred to soft 
iron for constructing artificial permanent magnets. On the other hand, due to 
the same reasons steel is not suitable for construction of electromagnets. 
Moreover, soft iron has a greater susceptibility than steel. Hence the core of an 
electromagnet is made of soft iron. 


11:8. Magnetic screening. 


A region is said to be magnetically screened when, by some means, the effect of 
a magnetic field is prevented from reaching this region. Such magnetic screening 
is usually achieved by surrounding the desired region by a material of high 
permeability. The lines of force crowd towards this material and pass through 
it leaving the said region free from any magnetic influence. 

Demonstration Experiment : In Fig. 11-8 a soft iron ring R is placed near 
the pole of a magnet. Iron being highly permeable, the lines of force crowd 
towards it and pass through it without entering 
the enclosed space A. So this region A is free 
from the effect of any magnetic field. If we 
place a small compass needle in this space, it 
will be found that it can remain oriented in any 

: R > arbitrary direction. This shows that the region 
Fig. 11:8 : Magnetic screening A has been magnetically screened effectively. 

The principle of magnetic screening is utilised so that many sensitive 
electrical instruments e.g. galvanometer, milliammeter etc, are protected from 
any external magnetic influence, 
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11:9, Paramagnetic, Ferromagnetic and Diamagnetic substances, 


So far in our discussions, we have classified different substances in two 
classes, viz. magnetic and non-magnetic, depending on the fact whether they are 
attracted by a magnet or not. Experiments conducted by Michael Faraday 
with strong magnetic fields showed, however, that all substances exhibit mag- 
netic properties ; in the case of so called non-magnetic substances they are very 
feeble. It was found that in a non-uniform external magnetic field certain 
substances possess the tendency to move from the region of weaker field to the 
stronger field, as if they are attracted by the external magnetic field while others 
behave exactly in the opposite way. Substances are, therefore, broadly divided 
into two classes so far as their magnetic properties are considered viz. (a) Para- 
magnetic substances which exhibit the former tendency and (b) Diamagnetic 
substances which belong to the latter class, Within the paramagnetic group, 
there are a few substances viz. Iron, Cobalt, Nickel etc. for which the effect is 
much more pronounced in comparison with that of others. For this reason they 
are classified into a separate group and are called as ferromagnetic substances. 
The magnetic effects exhibited by para- and diamagnetic substances are generally 
negligibly small. They are usually termed ‘non-magnetic substances’. 

We shall now concentrate ourselves on a detailed study of the properties of 
these different groups of substances. 

(i) Paramagnetic substances : Some important examples of paramagnetic 
substances are aluminium, platinum, tin, sodium, manganese, copper, palladium, 
many metallic salts like copper sulphate, ferric chloride etc. and their solutions and 
gases like oxygen, etc. These substances exhibit the following properties :— 

(a) In a non-uniform magnetic field, paramagnetic substances tend to move 
from the weaker to the stronger region of the field, i.e., they are feebly attracted 
by magnets, Some experimental evidences in support of this property are 
cited below : ; 

If a small thin rod of a solid para- 
magnetic substance be suspended between 
the pointed pole-pieces of a powerful DUNS (c 
horse-shoe electromagnet, it is found that (a) 
the rod sets itself along the line joining 
the pole-pieces i.e., in a direction parallel 
to the field [Fig. 11:9(a)]. The rod TN) BS 
becomes feebly magnetised with unlike 
poles facing N-S. : 

A paramagnetic liquid is taken in a 
U-tube. If a strong magnetic field is 
established across one arm of the U-tube, (b) (e) 
it will be found that the level of the 
liquid in that arm rises [Fig. 11-9 (b)]. 

If a small quantity of the liquid is available, it may be taken in a watch glass 
and placed upon the poles of a powerful electromagnet. It will be observed 
that small elevations appear above the poles [Fig. 11-9 (c)]. 


Fig. 11:9 
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If a paramagnetic gas is allowed to bubble up through the liquid in the left 
arm of the U-tube [Fig. 11:9 (5)], then it is found that the gas spreads out on 
reaching the region of the magnetic field. 

(b) When a paramagnetic substance is placed in a magnetic field, the lines of 
force show a small tendency to crowd 
towards it. 

This is illustrated in Fig. 11:10 
which shows the distribution of the 
lines of force when a sphere of a 
paramagnetic substance is placed in an 
originally uniform magnetic field. 

Fig. 11:10; Paramagnetic substance (c) The above property indicates 
in a uniform magnetic field that the induction B in a paramagnetic 
substance is slightly greater than the applied field intensity H. 

(d) Since B =uH, it follows that the permeability p of a paramagnetic 
substance is slightly greater than unity. Aluminium and platinum, for example, 
have u =1:000022 and 1:000036 respectively. 


(e) From the relation 4—1--4zk, we see that paramagnetic substances have 
very small positive values of susceptibility k. Susceptibilities of aluminium 
and platinum are 1:76 x 10-5 and 2:88 x 1079 respectively. 


(f) The susceptibility k for a paramagnetic substance is independent of the 
magnetic field but decreases with rise of temperature. For most of these substances 


Curie-Weiss law k* = ee is found to be true where C and ? are two constants 


for the given substance and T is the absolute temperature. For some substances 
0 is practically zero. 

This variation of susceptibility of a paramaghetic substance is used in the 
measurement of extremely low temperatures, say, near absolute zero. 


(ii) Ferromagnetic substances: These substances belong to tbe group 
of paramagnetic substances but are separately distinguished by the fact that they 
show extremely strong paramagnetic effects. Iron, nickel, cobalt, gadolinium, 
steel and some alloys belong to this class. A typical example is provided by 
Heusler alloy is that its constituents (Cu 64%, Mn 24%, Al 12%) do not 
exhibit ferromagnetism individually, but the alloy itself is ferromagnetic. The 
general properties of these substances are as follows : 

4) Ina non uniform magnetic field, a ferromagnetic substance is strongly 
urged to move from regions of weaker field to stronger field, i.e., they are 
strongly attracted towards magnets. 

(b) If a ferromagnetic substance is placed in a magnetic field, lines of force 


are considerably distorted. A large number of the lines converge towards the 
ferromagnetic substance. 


quce a re as Se HANE LAN LU 
* Here k stands for the susceptibility for unit mass Le. k-I[H, where J is intensity of 
magnetisation per unit mass. 


THEORY OF MAGNETISM : MAGNETIC MATERIALS 233 


(c) Consequent to the above property, the induction B in a ferromagnetic 
substarice is much larger than the applied field intensity H. 

(d) The permeability » of a ferromagnetic substance is very large. The 
permeability of iron may be as great as 2000, that of nickel 300 and of 
cobalt 250. 

(e) Ferromagnetic substances possess very high positive values of suscepti- 
bility k. 

(f) Both permeability and susceptibility of a ferromagnetic substance vary 
with the magnetising field. 

(g) The susceptibility of a ferromagnetic substance varies with temperature 
in a complex manner depending upon the strength of the magnetising field, For 
weak fields susceptibility increases with temperature ; reverse is the case when 
the the field is strong. 

(h) As a ferromagnetic substance is gradually heated, it is found that as 
soon as a particular temperature is reached, the substance suddenly becomes 
practically non-magnetic. This critical temperature is known as Curie point. 
Beyond the Curie point, a ferromagnetic substance behaves like a paramagnetic 
one and obeys Curie-Weiss law. The Curie point for iron is about 785°C, for 
nickel about 360°C, and for cobalt about 1100°C. 

(i) When a ferromagnetic substance at a high temperature is gradually 
cooled, then just on reaching the Curie point, heat is suddenly given out and the 
substance begins to glow again. This phenomenon is called recalescence. This 
clearly indicates that some important molecular changes take place at the 
Curie point. 

(j) Ferromagnetic substances possess retentivity i.e., they retain magnetism 
after removal of the magnetising field, 

(k) Ferromagnetic substances must possess crystalline structure. Hence 
liquids and gases can never exhibit ferromagnetism. 

(iii) Diamagnetic substances : Bismuth, antimony, zinc, silver, gold, 
copper, lead, mercury, water, hydrogen, etc. provide examples of diamagnetic 
substances, It has been shown from theoretical considerations that diamagnetism 
is an inherent property of the atoms of all materials. But in paramagnetic or 
ferromagnetic substances, the diamagnetic properties being weaker get masked 
by the stronger property of paramagnetism or ferromagnetism respectively. 
In this respect we can say that diamagnetism is the most fundamental of magnetic 
phenomena. j s 

Diamagnetic substances are distinguished by the following properties : 
field, diamagnetic substances exhibit the tendency to 


a) Ina non-uniform 
o e weaker region of the field ie., they are feebly 


move from the stronger to th 


repelled by magnets. 
A few experimental evidences justifying the statement are discussed below :— 
When a small thin rod of à solid diamagnetic substance is suspended between 
the pointed pole-pieces of a powerful horse-shoe electromagnet the rod sets itself 


} 
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perpendicularly to the line joining the pole pieces i.e., in a direction at right 
angles to the field [Fig. il1l(a). The rod becomes slightly magnetised with 
like poles facing N-S. 


(a) (6) (c) 
Fig. 11-11 

If a diamagnetic liquid is taken in a U-tube and a strong magnetic field is 
applied across its level in one arm, it will be found that the liquid level in that 
arm gets depressed [Fig. 11:11 (2)]. 

If a small amount of a diamagnetic liquid is poured in a watch glass resting 
upon the pole-pieces of a powerful electromagnet, it is seen that small depres- 
sions appear above the poles with a corresponding elevation between them 
[Fig. 11:11(c)]. 

If we allow a diamagnetic gas to bubble up through a liquid placed in. the 


space between the pole-pieces of a powerful electromagnet, it will be found 
that the bubbles pass straight across the gap. 


(b) On placing a diamagnetic substance in a magnetic field, it is found that 


the lines of force have the tendency to 
eS move away from the re 


gion occupied by 
the substance. 


This is illustrated in Fig. 11:12 where 
a diamagnetic spherical body has been 
GU HC ee hr placed in an originally uniform magnetic 
Fig. 11-12: Diamagnetic substance field. 
in à uniform magnetic field (c) Evidently, the induction B in a 
diamagnetic substance is slightly less than the applied field intensity H, 


(d) The permeability of a diamagnetic substance is slightly less than unity. 
For example, the permeability of Bismuth is 0-99999, 


(e) Diamagnetic substances Possess very small negative values of suscepti- 
bility. For example, the susceptibility of Bismuth is — 1:38 x10-5, 


(f) The Susceptibility of a diamagnetic substance is independent of the 
magnetising field as well as temperature. 
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11:10. Comparisen of Ferro-, Para-, and Diamagnetic substances, 


For the convenience of the students, the different properties of ferro-, para-, 
and diamagnetic substances are compared in a summarised form :— 


They are feebly attracted by 
magnets. 


Ferromagnetic 


Diamagnetic 


(i) They are strongly 
attracted towards 
magnets. 


(ii) When placed in a 
magnetic field, a large 
no. of the lines of 
force crowd towards it. 


They are feebly repelled by 
magnets. 


Lines of force show a ten- 
dency to move away from it. 


Lines of force show a small 
tendency to crowd towards it. 


(iii) The induction B is B is slightly less than H. 
much larger than the 


applied field intensity 
H. 


B is slightly greater than H. 


Permeability is slightly less 
than unity. 
Small negative value of sus- 
ceptibility. 


u and k are independent of 
the magnetising field. 


(iv) Permeability is very 
large. 


(v) High positive value 
of susceptibilty. 


Permeability is slightly greater 
than unity. 


Small positive value of sus- 
ceptibility. 


p and & are independent of the 


i) Both bili 
(vi) permeability (p) aans field 


and susceptibility (k) 
vary with the magne- 
tising field. 


k is independent of tempera- 
ture. 


k decreases with rise of tempe- 
rature according to a definite 
Jaw. 


No retentivity. 


(vii) k varies with tempe- 
rature in a complex 
manner. 


(viii) Fhey possess reten- No retentivity. 


tivity. 


(ix) They have 
Curie points. 


definite | No Curie point. No Curie point, 


The may be solid, liquid or 


(x) They must 
) Possess aaa 


crystalline structure 
and hence must. be 
solid. 


They may be solid, liquid or 
gas. 


e EXERCISE e 


[A] Essay type questions 

1. State the evidence in favour of the assertion that a magnet cannot be produced which 
has one pole. 

Wbat do you find when a magnet is successively broken into a number of pieces? What 
conclusion does it lead to ? : 

2. State clearly what do you expect in a bar of magnetic substance if the magnetising field 
by which it is magnetised is gradually increased from a very low value to high one. Give an 
account of experimental demonstration in support of your statement. 

3, Narrate briefly the molecular theory of magnetism, [Jt. Entrance '80 H H. S. 78, 81] 
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Show how it accounts for (a) Phenomenon of induction, (b) Magnetisation by rubbing, 
(c) Magnetic saturation, and (d) Difference in the behaviour of iron and steel under similar 
magnetising influence. ^ 

4, Discuss in brief the molecular theory of magnetism and explain magnetic induction 
in the light of the theory. [Jt. Entrance '82 ; H. S. '83] 

5. (a) Explain from the stand point of molecular theory of magnetism why carpenters’ 
tools are sometimes magnetised. 

(b) What do you mean by the phenomenon of magneto-striction ? „Explain it from the 
molecular theory of magnetism. 

6. Do you believe that the two poles of a magnet should have equal strength ? Why? 

What happens when a magnetic substance is alternatively magnetised and demaenetised in 
quick succession ? ' How can you explain the phenomenon ? 

1. How do you define intensity of magnetisation ? How does a magnetic field gets modified 
in presence of a magnetic substance ? What is the quantity which quantitatively accounts for 
the magnetic field strength inside a magnetic substance 1 

8. What do you mean by (a) permeability (b) susceptidility, (c) magnetic induction, 
(d) retentivity and (e) coercivity ? Explain their importance in the choice of a material 
(a) for permanent magnet, (b) transformer core. 

9. What do you understand by a magnetic screen ? How does it function ? 

[Jt. Entrance 81) 
10. Explain the meaning of the following terms :— 
4) Paramagnetic substance (ii) Curie point (iii) Magnetic susceptibility. 
m [Jt. Entrance '80] 
11. Explain clearly what do you mean by dia-, para-, and ferro-magnetic substances. 
Describe their properties in detail. 
12. Show by rough drawing the behaviours of lines of force when (a) à paramagnetic subs- 
tance and (b) a diamagnetic substance are placed in an uniform magnetic fleld. 
13. Define Curie point. What is its value for iron ? 
How can you explain the existence of Curie point from the molecular theory of magnetism ? 


14. (a) Distinguish between paramagnetic, diamagnetic and ferromagnetic substances. 


When does a ferromagnetic substance transform into a paramagnetic substance ? [H. S. '82] 
(b) Explain the meaning of the terms magnetic permeability and magnetic susceptibility. 
[H. S. '79] 


15. What are the: differences between diamagnetic, paramagnetic and ferromagnetic subs- 
tances? Give example of one substance in each case. Can ferromagnetic substances be con- 
verted into paramagnetic ones ? If so, how ? [Jt. Entrance '78] 
[B] Short answers type questions 

1. Define magnetic induction. How is it related to the intensity of magnetisation and the 
field intensity ? 

2. How do the lines of magnetic induction differ from lines of force ? 

3. What do you mean by the statement ‘Permeability of a substance is 1500'? On what 
factors does it depend ? What is its relation with susceptibility ? 

4. What is the permeability and susceptibility of vacuum ? 


5. Astrong horse-shoe magnet is placed in a vertical position. The weight of its keeper is 
so chosen, that the magnet is just able to support it. Another soft iron plate is then placed 
across the poles of the magnet from the side. It is found that the keeper gets detached from 
the magnet and drops down instantly. Explain this phenomenon. 


6. State important differences between the magnetic properties of soft iron and steel. 


| 
| 
! 
| 
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7. Indicate with proper reasoning whether you would select soft iron or steel for use as 
(a) magnetic keeper, (b) compass needle, (c) magnetic screen, (d) permanent magnet and 
(e) core of an electromagnet (f) core of a transformer. 

8. Show why it is desirable to make some of the parts of electric machinery out of soft 
iron, rather than steel. 

9. State why soft iron is preferred to steel in constructing electromagnets. [Jt. Entrance '79] 

10. How can you protect a galvanometer from external magnetic influence ? 


11. Which of the following statements are correct ? 

(i) Ferromagnetic substances have very small positive values of susceptibility. 
(ii) Diamagnetic substances have very small negative values of susceptibility. 
(ii)  Paramagnetic substances have very small positive values of susceptibility. - 

(viii) The permeability of diamagnetic substances is slightly greater than unity. 

12. A small thin rod is suspended between the pointed pole piece of a powerful horse- 

shoe electrómagnet. State how does the rod behave if it is made of (a) paramagnetic or 
(b) diamagnetic substance. 


13. Classify the followi! 
copper, silver, cobalt, zinc, 


ng substances according to their magnetic properties : sodium, 
ferric chloride, water, oxygen, hydrogen, nickel. 


—— 


12 TERRESTRIAL MAGNETISM 
CHAPTER 


12:1. The Earth is a magnet. 


We are already familiar with the fact that a compass needle or a magnet 
suspended horizontally at its centre of gravity always sets itself approximately 
along a north-south direction. This leads to the obvious conclusion that it must 
be under the influence of a magnetic field which surrounds the earth, 


Other evidences also corroborate the above fact. Beams of iron lying for a 
long time in a north-south direction are found to become slightly magnetised ; 
the ends towards the north acquire north polarities and the other ends develop 
south polarities. Such slight magnetisation also takes place in iron beams which 
are kept fixed vertically for a long time e.g., a ship's mast. In northern hemis- 
phere, south polarities are developed at the upper ends ; in southern hemisphere, 
just opposite polarities are created. Ifthe beams are subjected to mechanical 
shocks, this process of magnetisation is facilitated. 

We shall see later that if a closed coil of wire is rotated in a magnetic field, 
an electric current is generated through the circuit. It has been observed that 
the rotation of a closed coil of wire at any place on the earth produces a flow of 
current through it. This also shows the existence of a magnetic field surround- 
ing the Earth. 


This magnetic field surrounding the earth cannot be ascribed to any extra 
terrestrial cause. This follows from the fact that if it had been so, the orienta- 
tion of a magnetic needle should get changed with the time of the day or the 
season of the year. This does not occur in reality. 


The existence of a magnetic field around the earth can be explained if we 
assume that the earth itself behaves like a huge magnet. This conclusion was 
first reached in the year 1600 by Sir William Gilbert, Queen Elizabeth’s physician. 
He made out of loadstone a small sphere which he named ‘terella’ or ‘little 
earth’, On placing small compass needles at different positions on this sphere, 
he demonstrated that they behave in much the same way as they do when kept 
at corresponding places on the earth’s surface. 

The magnetic poles of the earth do not, however, coincide with the geographic 
poles, The north magnetic pole has been discovered to be situated in. northern 
Canada at 74° north latitude and 100° west longitude. The south magnetic pole 
has been found to be located in Antarctica at 70° south latitude and 150° east 
longitude. The line joining the magnetic poles of the earth i.e., the magnetic 
axis, passes by the centre of the Earth at a distance of about 700 miles. It 
makes an angle of about 18° with the line joining the geographical poles of the 
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earth i.e., its geographical axis. It should also be mentioned that the positions 
of the magnetic poles are found to change slightly with time. 


We know that unlike poles attract each other. So in a magnet, the pole 
which is attracted towards the north pole of the earth should be called a south 
pole ; but it is our convention to call ita north seeking pole or a north pole. 


Thus the north pole of a magnet is attracted by the north pole and repelled by the 
south pole of the earth. 


12:2. Magnetic field of the earth. 


The magnetic field of the earth extends in the space above the earth. 
Recent studies by artificial satellites have revealed that the field is perceptible 
even at above 66,000 miles from the surface of the earth. 


Though any completely satisfactory explanation of terrestrial magnetism is 
still lacking, the observed magnetic field can be roughly described by imagining 
a huge bar magnet within the earth its length being considerably shorter than 
the earth's diameter [Fig. 12:1]. The south pole of the imaginary magnet 
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Fig. 12-1 


points towards the earth’s magnetic north and its axis coincides with earth’s 
magnetic axis, The magnetic field of this fictitious bar magnet may be mapped 
by drawing the lines of force as shown in the figure. This agrees quite well with 
the actual field of the earth. 


Three important facts become clear from a study of the above figure. We 
know that at any point, tangent to the line of force gives the direction of mag- 
netic field. So the actual direction of the magnetic field of the earth at most 
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places is not horizontal. A freely* suspended magnetic needle always sets itself 
along the direction of the applied magnetic field. Hence such a needle would 
not remain horizontal at most places of the earth. Only at places situated on 
the magnetic equator (the line which is normal to the magnetic axis) the needle 
would set itself in a perfectly horizontal position. At the two magnetic poles, it 
would remain at rest in a vertical position. 


Secondly, the lines of force of the earth are directed from its south magnetic 
pole to its north one. So to indicate the direction of the earth's field, we must 
put the arrow marks on the corresponding lines of force pointing from south 
to north. 


Another important feature to be noticed is that the lines of force are not 
directed towards the true north i.e., the geographic north of the earth, because 
the magnetic north does not coincide with the true north. For this reason, in 
most localities on the earth, a freely suspended needle remains at rest in a plane 
which is somewhat inclined to the direction of the true north. 


12:3, The magnetic elements of the earth. 


If we want to obtain a complete knowledge of the earth's magnetic field at 
any place on the earth's surface we must know the intensity of the field at 
that place, in both magnitude and direction. The following three quantities, 
viz. (i) Dip or Inclination (ii) Horizontal component of earth's intensity and 
(iii) Declination provide us with a unique knowledge of the magnitude and 
direction of intensity of the earth’s field. Hence they are called the magnetic 
elements of the earth, We shall now devote ourselves to a study of these 
quantities. 


(i) Dip or Inclination ; We have already noted in the previous article that » 


the intensity of the earth’s magnetic field is not, in general, directed horizontally. 
This can be understood more simply if we remember 
that at any place P on the earth’s surface [Fig. 12:2], 
the intensity is due to both the north pole and the 
south pole.of the earth. A unit north pole placed 
X at a place P on the earth will be attracted by the 
; north pole and repelled by the south pole of the 
earth. At different places, magnitudes of these 
forces would vary according to the inverse square 
law. The resultant intensity Z will, therefore, vary 
Fig. 12:2 in both magnitude and direction from place to place 
x and will in general, be inclined to the horizon. 
This angle of inclination to the horizon is known as the inclination or dip at 
the place. So the dip or inclination at any place is defined as the angle 
between the total intensity due to earth's magnetism and the horizontal plane. 


See 
* By a freely suspended needle we mean a needle suspended from its centre of gravity, $ 


that it can rotate in all possible planes. 
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A freely suspended magnetic needle will remain in equilibrium when its axis 
coincides with the direction of the intensity / of the earth’s field. So it will not 
remain horizontal. The angle @ which its axis 
makes with the horizontal gives the dip at 
that place [Fig. 12-3]. Zn northern hemisphere, 
its north pole will dip downwards, whereas in 
the southern hemisphere just opposite will 
happen. So the dip at Calcutta is 31°N means 
that at this place, a freely supported magnetic 
needle will remain inclined to the horizontal 
at an angle of 31° with its N-pole dipping 
downwards. 


It is obvious that the dip varies from place 
to place on the surface of the earth, being 
zero at places on the magnetic equator and 90° Fig. 12:3 
at the two poles of the earth. This variation has been shown in figure 12-1. 

(ii) Horizontal component of earth's intensity : We have already defined 
that the magnetic meridian ar any place is the vertical plane passing through 
the magnetic axis of a freely suspended magnet at 
rest under the action of the earth's field. Obviously 
the line representing the resultant intensity J in 
magnitude and direction would lie on the magnetic 
meridian (Fig. 12-4]. We can resolve it horizontally 
and vertically in this plane. The two components 
are known as the earth’s horizontal component and 
the earth’s vertical component. They are usually 
denoted by the letters H and V respectively. Se 
we can define the horizontal component of the 
earth’s intensity as the resolved part of the tetal intensity along the horizon 
in the plane of the magnetic meridian. 

In the figure, @ obviously represents the dip at that place. It foliows that 

H=I cos 6, V—Isin 6 


or, F =tan 0 and H?4+Vy?=/? 


From a study of the above equations, it should be noted that if any two of 
the quantities H, V, Z and 0 are known, the other two can be determined. 
Hence instead of H, V can be taken as one of the magnetic elements of the earth. 
This is however not suitable in actual practice because H can be experimentally 
determined much more easily. 

The value of H varies from one place to other, being maximum at places on 
the magnetic equator and minimum (zero) at the magnetic poles. 

(iii) Declination: We have already said that the direction of a compass 
needle changes from one place to the other. The reason for this behaviour is due 
to the fact that the magnetic and geographic poles of the earth do not lie at the 
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Fig. 12:4 


(12:1) 
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same place. As the magnetic needle must always point towards the magnetic 
poles, it is obvious that the magnetic meridian changes from place to place. 
Hence in order to determine completely the intensity of the earth’s magnetic 
field, we must fix up the position of the magnetic meridian with respect to some 
standard plane, The standard plane at any place is taken to be the geographi- 
cal meridian which is defined as the vertical plane at the place passing through 
the earth’s geographic north and south poles. 

At any place, the angle between the magnetic and geographic meridians is 
called the declination (8) of the place [Fig. 12:5]. It is also called by the name 
GEOGRAPHIC variation by the navigators, Fig. 12-5 makes 
7 it obvious that the intensity / is completely 
determined in both magnitude and direction if 
the three quantities ô, 0 and H are known. 

A pivoted compass needle is free to turn 
only in a horizontal piane and therefore 
moves only under the action of the horizontal 
component H of the earth'sfield. Hence the 
magnetic axis of a compass needle at rest under 
the action of only the earth's field will coincide 
with the direction of H. From figure 12:5, it 
follows that we can give a simple definition 
of 8, Declination at any place is the angle between the geographic north and 
south direction and the direction indicated by a magnetic compass needle. 

Declination at a place is expressed as ô°E or 5°W, depending on whether the 
north pole of the compass needle lies to the east or to the west of the geographi- 
cal north and south direction. The declination at London is 10°W means that 
at London the north pole of a compass needle points towards 10° west of the 
geographic north. Declination also changes from place to place. 


MAGNETIC 
MERIDIAN. 


Fig. 12:5: Declination 


12:4. Equality of the poles of a magret. 

So far in our discussions we have assumed 
that the poles of a magnet are of equal strength, 
This can be proved simply from the fact that 
the earth's magnetic field produces only a 
directive action on a magnet. In order to 
demonstrate this, we can place a bar magnet 
on a piece of cork and the combination is 
allowed to float on water [Fig. 1276]. The 
magnet is found to simply rotate and place 
itself in the magnetic meridian, Though it is 
free to move, it will not move as a whole in 
any direction. So the motion of the magnet is 
purely of rotation and not of translation. 

Let m and m' be the strengths of the north and south poles of the magnet and 
are supposed to be unequal. Since the magnet rests in a horizontal plane, the 
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magnetic forces acting on it will be only due to the horizontal component of 
earth's magnetic field, H. Hence the force on the north pole is mH towards 
north, that on the south pole being m'H towards south. 

In the equilibrium position of the magnet, its axis coincides with the (magne- 
tic) north-south direction, so that the two forces then act along the same line. 
As no translatory motion of the bar magnet is produced, the forces must cancel 
each other, i.e., they must be cqual and opposite. 

mH —m' H. or m-m' 
Hence the poles of a magnet are always of equal strength. 


12:5. Variations ia the magnetic elements. 


All the three elements, as we already know, change frome one place to other 
on the earth's surface. It is also found that at any particular place, their values 
change with time in a steady and systematic manner. Sudden irregular varia- 
tions have also been noticed. The steady and systematic variations can broadly 
by classified under three headings (a) secular variatiou. (b) annual variation, 
(c) daily variation. 

(i) Secular variation: This is a long period variation. T he variation is 
comparatively large but takes place very slowly in a cyclic manner. These 
changes are possibly due to the slow movement of the earth's magnetic poles 
round the corresponding geographic poles. A complete circle is described in 
about 960 years. The values of the magnetic elements all over the world go 
through an approximate cycle in this time. ' 

Gi) Annual variation: The values of the magnetic elements also undergo 
annual changes in a cyclic manner. Ina year, there are two months in which 
the elements attain their maximum values. For example, the declination in 
London becomes maximum towards east in the month of August and towards 
west in February, the amplitude of variation being about 2:2". In northern and 
southern hemispheres, these variations occur simultaneously but in opposite 
directions. 

(iii) Daily variation : 
magnetic elements also take p: 
maximum and a minimum at two particula 
the element concerned. 

Besides these variations, there are occas 
tions ; these are known as magnetic storms and can not 
of the magnetic storms may be traced to the appeara 
(eruptions on the sun which appear as spots when viewed 
display of the Aurora Borealis etc. 


Very small periodic changes in the values of the 
lace daily. The value of each element reaches a 
r hours of the day, characteristic of 


ional sudden and violent fluctua- 
be foretold. The origin 
nce of large sun-spots 
) and to a prominent 


12:6, Magnetic maps. 

The values of all the thrce magnetic elements i.e., declination, dip, and hori- 
zontal intensity are found to be different at different places on the surface of the 
earth. Their values are regularly determined all over the globe and the results 
are represented for convenience on geographical maps. The usual procedure 
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adopted is to draw lines upon the map through the places at which the value of 
any particular element is the same, Such maps are called magnetic maps. 
Now, at any particular place, the values of the magnetic elements are not 
constant but change with time. So from time to time, fresh magnetic maps of 
the world are prepared. The important lines on a magnetic map are tbe 
following :— : 

(i) Isogonic lines : Lines drawn through different places having the same 
declination are called isogonic (iso, the same ; gonia, angle) lines. These lines 
are generally drawn at intervals of 5°.. The line which passes through places 
having zero declination is called agonic (a, without ; gonia, angle) line. An 
agonic line is, therefore, a special type of isogonic line. Obviously only at 
places on this agonic line, a compass needle points to the geographical north. 
Places east of the agonic line have west declination because the compass needle 
points west of north. Places west of the agonic line have east declination. 

From the definition of the geographic meridian it is obvious that at the 
geographic poles any direction indicates the geographic, meridian, Similarly at 
magnetic poles of the earth any direction indicates magnetic meridian, Hence 
all isogonic lines must converge to the geographic and magnetic poles. 

(i) Isoclinic lines : These are lines passing through places of equal dip. 
A line joining the places of no dip is called an aclinic line. It is also commonly 
called the magnetic equator. This closely follows the geographic equator. At 
all places upon this line, a freely suspended magnet will remain horizontal. To 
the north of the magnetic equator, the north pole of the said magnet will dip 
downwards ; to the south of it, the reverse will occur. At the magnetic poles, 
the magnet will set itself vertically, the dip at these two places being 90°. 

Gii) Isodynemic lines : Lines joining the places having identical values 
for the horizontal comporent of the earth's magnetic field are called isodynamic 
lines. The magnitude of the horizontal component is zero at the magnetic poles 
and is maximum on the magnetic equator. These lines are of similar shapes as 
isoclinic lines and should not be confused with them. 

A map showing the isogonic lines are very important for aavigators of both 
ships and aeroplanes who use magnetic compasses. To find out their true course, 
they must know the declination of the particular place in which they are sailing 
or flying and make allowance for it. 


12:7. Origin of the terrestrial magnetism. 


The origin of the earth’s magnetism is still a matter of conjecture among 
scientists, Various theories have been proposed but none has been universally 
accepted. According to one such theory, the origin is attributed to the large 
iron ore deposits within the earth’s crust, a large amount of them being pure 
iron. Over the ages, these deposits have become a slowly magnetised in a parti- 
cular direction. Hence they act as huge permanent magnet and is responsible 
for the phenomenon of terrestrial magnetism. Some scientists are of the opinion 
that at least daily variations and similar other effects owe their origin to some 
source external to the earth. It has been discovered recently that round the 
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earth, at a height of a few miles, there are several layers of electronic belts. The 
concentration of electrons in these belts depends—partly at least—upon the solar 
radiation and therefore undergoes a daily variation. Electrons in this belts are 
in constant motion producing electronic currents. It is plausibly argued that 
these electronic currents produce corresponding effect on the magnetic elements 
of the earth. 


Example 12:1. Calculate the dip and the resultant intensity of the earth's 
magnetic field at a place where the horizontal component of the earth's field is 
0°75 oersted and the vertical component is 0°25 oersted. 


Solution: From eqn. (121), 


JE 428. -1 Eos 
tan 0— H 015 3 "cp 4 
and I—NV V+ P= V0-257 40-75" Ao I=0°8 oersted. 


Example 12:2. Ata place, the horizontal component of the earth's intensity 
is 0:2 oersted and the angle of dip is 60°. Find the vertical component and the 
resultant intensity of the earth's field. 


Solution: Here H—0-2 oersted, 2=60° Then from eqn. (12:1), we get 
Iz HON 02 02. 
cos 0 cos 60° 1/2 

and V=I sin 0—0'4 sin 60°=0°4 x 0:866—0:35 oersted. 

Example 12:3. The declination at a place is 20°. Find out the vertical and 
horizontal components of the earth's magnetic field in the geographic meridian. 
Given, H=0'2 oersted and the dip at the place=60°. 

Solution: Here H=0:2 oersted, 0—60? and 5=20°. 

If H’ be the horizontal component of the earth’s magnetic field in the 
geographic meridian, then from Fig. 12°5, 

H'—H cos 8—0:2 cos 20°=0:2 x 0:9397=0°188 oersted. 

The vertical component remains the same whether it be taken in the geo- , 

graphic meridian or in the magnetic meridian. Hence 
V=H tan 0—0:2 tanj60* —02 x 1:7321 —0:346 oersted. 

Example 12-4. How far from an isolated S-pole of strength 40 unit must 
one go in order that its field will just neutralise the earth’s magnetic field of 
strength 0°4 oersted. 

Solution: Let the required distance be r cm. 

Hence for neutralisation, 

40 


4794 or, r—10 cm. 
r 

Example 12:5. Ifa magnetic pole A is placed in air at a distance of 4 cm 
from another pole of strength 5 unit, it experiences a force of 20 dyne. At 
another place, A is acted upon by a force of 48 dyne due to the earth's riagneti 
field. Find out the earth's field strength at that place. 
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Solution: Let the strength of A be m. Then from Coulomb’s law, 


ap Pci or, m=64 unit 
If the earth’s field strength at the said place be /, then 
mI=48 or, 1—42—0:75 oersted. 


Example 12:6. Earth's magnetic field may be imagined io be due to a small 
bar magnet located at the centre of the earth. If the magnetic field at a point on 
the magnetic equator is 0'3 oersted, what is the magnetic moment of such a bar 
magnet ? What is the value of the magnetic field at the north pole ? 

(Radius of the earth—6:4 x 10° cm) I T5773) 

Solution: The imaginary magnet is direct&d north-south at the centre of 
the earth, So the point on equator lies in the ‘Broad side-on position’ w.r.t, 
this magnet. Therefore, from eqn. (10°!1), 


Field at the equator= 4 where R is the radius of the earth. 
UM 
(6:4x 105) 
or, M —T:85 x 10% c.g.s. units 


0:3 


From eqn. (10:9), field at north pole- 22x 0:3—0*6 oersted. 


Example 12:7. Two magnets of equal mass N Ng 
are joined at right angles to each other as shown 3 
in the figure. Magnet N,S, has a magnetic 90 
moment 3 times that of N,Sy. This arrangement 
is pivoted so that it is free to rotate in the 
horizontal plane. When in equilibrium, what 
angle the magnet N,S, will make with the S 94 
magnetic meridian ? [Z I. T. 75] 2 
Solution : In equilibrium, the couple acting on N;5; due to earth's field 
must be equal and opposite to that acting on N,5;. So the magnets will set 
themselves on either side of the magnetic meridian as shown in the figure. If 
Magnetic N,S, makes an angle 0 with the magnetic 
| meridian meridian, then the couple acting on it 18 
2 MH sin 0 in the clockwise direction where Mı 
is its magnetic moment and H, the horizontal 
component of earth’s’ field. Similarly, if Ms 
be the magnetic moment of NaS then 
the couple acting on it is M;H sin (90*—8)— 
M,H cos 0 in the anticlockwise direction. So 
for equilibrium, 
S2 Sy M,H sin 0— M,H cos 0 


or, tan — M — (given) no06—184? 
1 
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Example 12:8. A magnetic needle of mass 8 gm has a magnetic moment 
of 49 unit. If the needle is to be maintained horizontal in the northern hemi- 
sphere, where should the point of support lie relative to its centre of gravity ? 
The vertical component of the earth's magnetic field is 0*2 oersted. 

Solution: Let the needle be supported at a distance x from its centre of 
gravity as shown in the figure. For equilibrium, 
the moments of the forces about a point should 


be equal to zero. So taking moment about MN 
the point of support, we get ea 
Wxx=mVX2I=MV where M=2ml 
MV mv Ww 
or, — 21—————— 
Here, M—49 unit, V—0:2 oersted, W=8 gm-wt=8 x 980 dyne 
> 1:49 x02. a, 
^ox—qglogo om 0:0125 mm. 
e EXERCISE 6 


[A] Essay type questions 


1. How do you prove that the earth isa magnet? Explain how you would specify come 
pletely the earth's magnetic field at any place on its surface. 

Describe an experiment for determining the magnetic axis of a magnet placed inside a flat 
rectangular wooden box without opening the box. How do you identify its polarity ? 

2. Give a short account of earth's magnetic field. > 

How do you determine the direction and magnitude of the earth’s magnetic field at a place ? 

3. Name and explain the magnetic elements of the earth’s field. [H. S. '78] 

Describe the variations in the values of the magnetic elements with proper reference to the 
cause of such variations. 

4. How would you prove that the two poles of a magnet are of equal strength ? 

5. Explain as fully as you can why vertical pillars introduced partly in the earth are found 
to be magnetised, and the polarity at the top of such pillars in northern hemisphere is different 
from that found in the southern hemisphere of the earth, 

6. What is meant by dip, declination and horizontal component of earth's magnetic field ? 

A horizontal bar magnet is brought near a dip needle in the northern hemisphere, the bar 
being in the plane of rotation of needle, and the north pole pointing south. Describe the effect 
On the observed dip (i) when the magnet is immediately north of the needle, and (ii) when it 
is vertically over the needle. 

7. What do you mean by the magnetic maps? What is their usefulness ? 

Explain the terms: (a) isogonic lines, (b) magnetic equator and (c) isodynamic lines, 

8. Can you give an opinion as to the origin of terrestrial magnetism ? 

9. You have a pivoted magnetic needle at a place where declination is 20° west. Show 
with a diagram how you can find the geographical north direction of the place. 


[B] Short answer type questions 


1, Does the magnetic poles of the earth coincide with its geographic poles ? 

2. What is meant by the statement—'Dip at Calcutta is 31°N’ ? [H. S. 80} 

3. What is meant by the horizontal component of the earth’s magnetic field ? [H. S. '84] 

4. The horizontal component of intensity of earth's magnetic field is 0:3725 c. g. s. unit. 
Explain. [Jt. Entrance *80) 


248 ELEMENTS OF HIGHER SECONDARY PHYSICS 

5. Explain what you mean by ‘the declination at a place is 30°E’, 

6. Define the three magnetic elements of the earth's magnetic field. [H. S. *61] 

7. Does the value of H remain the same throughout the world ? 

8. If a magnetic compass needle is mounted on a cork and floated on water, will the needle 
as a whole move towards the north or south? Why ? 

9. Do you believe that all isogonic lines converge to the geographic and magnetic poles? 
Why ? : 

10. At what places on the earth will the values of dip be 90° and 0°? Why? 

ll. A red-hot iron rod when allowed to cool while lying in a north-south position in the 
earth's magnetic field is found to be left weakly magnetised. What will its polarity be? 
Describe the reasons. 

12. What is the reason for thinking that earth is a huge magnet ? [Jt. Entrance '80] 

13. A small magnet is pivoted to move freely in the magnetic meridian. At which place 
on the earth will the magnet be vertical ? LU. I. T. 76] 

14, A magnetic needle is placed on a cork floating on a still lake in the northern hemisphere. 
Does this needle together with the cork move towards the north of the lake ? 5T 

15. A vertical pillar introduced partly in earth is found to be magnetised after several years. 
What will be the polarity at the top of the pillar at the northern hemisphere of the earth ? 

[Jt. Entrance '73] 

16. ‘The north pole of a magnet is attracted by the north pole and repelled by the south 
pole of the earth'—Explain the apparent contradiction in the statement. 


[C] Simple Problems 


l. At Delhi, the horizontal component of earth’s magnetic field is 0°35 oersted and the 
angle of dip is 42°. Find the vertical component of the field and the resultant intensity. 
È [ Ans. 0°315 and 0°47 oersted] 
2. Ata certain place the vertical component of the earth’s field is 0°33 oersted and the angle 
of dip is 53°. Calculate the resultant intensity and the horizontal component. 
[Ans. 0°41 oersted : 0°25 oersted] 
3. Find the dip and the resultant intensity of the earth's magnetic field at a place where the 
horizontal component of the earth’s field is 0*4 oersted and the vertical component is 0*6 oersted. 
[Ans. 56°18’, 0:721 oersted] 
4. The vertical and the horizontal components of the earth’s field at a place are equal. 
Find the angle of dip at the place. (Ans. 45°] 
5. The cosine of the angle of dip at a place is 0*5 and the horizontal component of the 
earth's magnetic field 18 0'2 oersted. Determine the resultant intensity of the earth’s magnetic 
field. [Ans. 0°4 oersted] 
6. The declination at a place is 30°, Find out the vertical and horizontal components of 
the earth's magnetic field in the geographic meridian. Given H=04 oersted and the dip at 


the place=45°, (Ans. 0'4 oersted, 0:346 oersted] 
7. A ship is sailing due cast according to the m:«riner's compass, Ifthe declination of the 
place be 20° East, what is the true direction of the ship ? [4ns. 20° S. of E.] 


8. A dip circle is so placed that the magnetic necdle in it is vertical. The circle is then 
rotated through 0° about a vertical axis and the angle of dip measured in this position is found 
to be 0^. Find the true value of the angle of dip at that place. [Ans. tan"! (sin 0 tan 6)] 

9. The earih's magnetic field may be considered to be due to a short magnet placed at the 
centre of the earth and oriented along the magnetic north-south direction. Calculate the ratio 
of the magnetic field on the earth's surface at the magnetic equator to that at the magnetic 
poles. Assume the earth to be spherical, (L T.'76) [4ns. 1:2] 

10. A strip of magnetised steel is bent into the shape of the letter L and is laid flat on a cork 
floating freely in water. How will the magnet set ? 
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li. Two bar magnet 4 and B of equal legnth, A having thrice the pole strength of B, are 
fixed at right angles to each other with their north poles in contact. The system is then placed 
on a floating piece of cork so as to move freely. "Determine (a) the angle that the magnet 4 
subtends with the meridian, (b) the angle through which the system would rotate when the 
weaker magnet B is reversed. (Given H=0'4 oersted) [Ans, (a) 18°26’ (b) 36°52’ or 143*8'] 

12. At Calcutta, where the vertical component of the earth’s field is 0°26 (dyne per unit 
pole), it is found that a mass of 10 mg placed 10 cm from the axle of a dip-ncedle keeps it 
horizontal. Find the magnetic moment of the dip-need!e, (Take g=1000 cm/see*) 

(Ans. 3846 unit) 
[D] Harder Problems 


1. Two magnets of equal mass are joined together at their centres so that their axes are at 
right angles to each other. One magnet has a magnetic moment 4 times that of the other, This 
arrangement is pivoted so that it is free to rotate in the horizontal plane. Find the position of 
equilibrium of the system with respect to the magnetic meridian. 

[Ans. Angles with the meridian are 14°2’ and 75°58’) 

2. A steel rod of mass 0°15 gm is suspended from its centre of gravity. If the rod is mag- 
netised, its dip angle is 30°N. How tbe magnetised rod be suspended so that it remains hori- 
zontal in the magnetic meridian? (Moment of the magnet=980 c.g.s. unit and «0:38 
oersted.) [4ns, 1:46 cm from the c.g. towards north pole] 

3. At a certain place, a dip needle makes an angle of 60° with the horizontal. When a 
weight of 1 gm is attached ‘to the upper end, the inclination is reduced to 30°, What weight 
will make it horizontal ? 3 [dns. 1:5 gm] 

4. When the upper tip of a magnetic dip needle is loaded with a small mass the dip recorded 
is found to drop from 45° to 30°., The total magnetic intensity at the place is 0°42 oersted and 
the pole strength of the magnetic needle is 200 c.g.s, unit. What is the mass attached ? 

(L.1.T.°77) (Ans. 0051 gm] 

5. A dip needle lying initially in the magnetic meridian is rotated through an angle 0 in the 
horizontal plane, Show that the tangent of the angle of dip is increased in the ratio sec 0 : 1. 

6. If6, and 6, are the apparent angles of dip as observed when the dip needle is placed in 
any two verticie planes at right angles to each other, prove that the truc angle of dip 0 is 
given by 

cot10 — col30, + cot*0. 
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l 3 ELEMENTARY PHENOMENA 
CHAPTER 


131. Introduction. 


Inthe following sections, we shall devote ourselves to the study ofthe 
branch of physics known as Electrostatics.  Electrostatics is that branch of 
physics which deals with electric charges at rest. Certain electrostatic 
phenomena were known to man for thousands of years like the phenomena 
associated with natural magnets. 


In the study of electrostatics we shall come across another fundamental 
physical quantity viz. electric charge in addition to length, mass, time and 
temperature, The unit of electric charge is taken as the additional fundamental 
unit. Moreover, we shall see that in defining different electrical units, only the 
metric systems of mechanical units (i.e., C. G. S. and M. K. S.) are used, No 
system of electrical units has ever been evolved employing the F. P. S. system 
of mechanical units. ; 


13:2. Electricity by friction. 


In about 600 B, C., the Greek philosopher Thales is said to have discovered 
that a piece of amber which has been rubbed with flannel attracts small pieces 
of paper or pith. This discovery did not appear to have att acted much 
attention, until in 1600 A. D., William Gilbert showed that many substances 
such as glass, ebonite, resin etc., when rubbed with silk, flannel, catskin or other 
suitable materials acquire similar property as the rubbed amber. He gave the 
name electricity (from the greek word for amber, elektron) to the phenomenon. 
The substances in such a state are said to be electrified or to have acquired 
electric charges or simply charged bodies. 

A familiar example of electrification by friction is 
that of an ordinary rubber comb used to dress dry 
hair. Such acomb is found to attract small pieces SED 
of paper when held near them. Sometimes the A 
extent of electrification is so great that small sparks Sr 
are produced and crackling sound is heard while - 
dressing the hair with such a comb. Another nice 
example of electrification by friction is illustrated 
in Fig. 13-1. An ebonite rod rubbed with flannel 
is brought close to one side of a smoothly running : 
stream of water from a tap. The stream will Fig, 13:1 
be found to get diverted towards the rod before it falls again, 


WATER 
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13:3. Attraction and repulsion of electrified bodies ; positive and negative 
charges. : 

An ebonite rod is rubbed with flannel and then placed on a stiff copper wire 
stirrup hung by a silk thread (Fig. 13:2]. This suspended rod will move away 
from another ebonite rod that has been rubbed with flannel but towards a glass 
rod that has been. rubbed with silk. The repulsion between two glass rods rubbed 
with silk may be demonstrated in a similar way by having one of them 
suspended and bringing the other near it. 


The observations of this experiment are interpreted in terms of two kinds of 
charges and the forces exerted between them. We can reasonably say that since 


Willi 


t 
GLASS tT 


Fig. 132 

the two ebonite rods are electrified in the similar manner, the charges produced 
on them are similar. The mutual repulsion between two ebonite rods shows, 
therefore, that two bodies having similar charges repel each other. The same 
reasoning applies to mutual repulsion between the two glass rods. The 
attraction between the ebonite rod and the glass rod is explained by saying that 
they are electrified with unlike charges and bodies with unlike charges attract 
each other, Thus we arrive at the fundamental law of electrostatics, viz. 

Like charges repel while unlike charges attract each other. 

It should be remembered that either of these two types of charges always 
attracts an uncharged body. 

It will be shown later that equal amount of two kinds of charges neutralise 
each other's action ; they must therefore be opposite in nature, not merely of 
different types. Thus the terms positive and negative charges are introduced to 
designate two kinds of charges, The charge produced on the glass rod which 
has been rubbed with silk is arbitrarily chosen as positive charge. That 
on other rubbed substances (e.g., ebonite rubbed with flannel) which are attracted 
by such a glass rod is taken as negative charge. 

An uncharged body contains equal amounts of positive and negative charge 
and hence it is electrically neutral i.e., it can not attract other uncharged bodies. 
It will also be shown later [vide Art, 13:18] that when a ebonite rod is rubbed 
with flannel, the ebonite rod and the flannel acquire equal amounts of negative 
and positive charges respectively. This can be explained by saying that in the 
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process of rubbing, some positive charges are transferred from the ebonite rod 
to the flannel, leaving the ebonite rod with a net negative charge and flannel with 
an equal amount of positive charge. Similarly, the glass rod receives positive 
charges from the silk and the silk itself gets negatively charged. 

Electronic theory of electrification. 

According to modern ideas, charging of a body by friction is explained by 
the exchange of electrons between the rubbing body and the rubbed body, In 
1911, Lord Rutherford discovered that an atom has a positively charged nucleus, 
which contains nearly all the mass of the atom. The positive charge of the 
nucleus is due to a certain number of protons present in it, All protons have 
the same mass and contain the same amount of positive charge. Besides the 
protons, the nucleus also contains another kind of particle, called neutron. 
These are neutral and are slightly heavier than protons.  Negatively charged 
particles having negligible mass rotate round the nucleus in orbits. These are 
called electrons. The centripetal force necessary to keep the electrons in their 
orbits is supplied by the electrical attraction between them and the nucleus. 
Each electron has the same amount of charge as every other electron. The 
magnitude of the charge of an electron is equal tothat of a proton. Ina 
normal atom there are as many electrons as the protons in the nucleus ; hence a 
normal atom is electrically neutral. 

Fig. 13:3shows an oxygen atom with eight electrons revolving in orbits 
round the nucleus which must have 8 protons to 
maintain electrical neutrality of the atom. Of the 
eight electrons, two revolve in the inner orbit and 
the rest in the outer orbit. 


The number of electrons, and hence that of 
protons, is different in atoms of different substances. 
Accordingly, the number of orbits also differs in 
atoms of different substances. But, in general, the 
electrons of the outermost orbit are less strongly 
bound toíhe nucleus than those in the inner ones due to the larger distances 
involved. It is therefore comparatively easy to detach one or more of these 
outermost electrons from the atom, 


Fig. 13:3 


Individual or groups of atoms of different substances hold the electrons in 
their outermost orbits with different firmness. So if two materials are put into 
intimate contact, some electrons are generally transferred from one to the other. 
This happens when charges are ‘produced’ by rubbing. The body which gains 
the electrons becomes negatively charged, while that which loses the electrons is 
charged positively. So in general we can say that a negatively charged body 
possesses excess of electrons, while a positively charged one has a deficit of 
electrons. It should be noted that normally a body can not lose or gain extra 
protons. They remain held firmly in the nucleus and can not move from one 
place to the other. All the phenomena in electrostatics can thus be explained 
from the concept of transference of electrons only. 
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As for examples, the attraction or affinity of ebonite for outermost eleetrons 
is greater than that of flannel. Hence when an ebonite rod is rubbed with 
flannel, some electrons of flannel find their way to ebonite. Thus the ebonite 
with an excess of electrons, gets negatively charged ; the flannel, on the other 
hand, has a deficit of electrons and is left with an equal net positive charge. 
Such is the case of a glass rod rubbed with silk. Here silk having greater 
affinity for electrons seizes some electrons from the glass. Hence, the glass rod 
gets positively charged and silk negatively. 

The following table furnishes a list of substances with increasing. electron 
affinity, Thus any one of them becomes positively charged when rubbed with 


another coming later in the list which itself gets negatively charged. This list is 
termed as the electrostatic series. 


Fur Glass Wood Sulphur 
Flannel Paper Metals Ebonite 
Sealing-wax Silk India-rubber Gntta-percha 


Conservation of charge. 


The above description clearly brings out the fact that itis not correct to say 
that charges are ‘produced’ or ‘generated’. In the charging process, there is ne 
creation of electric charge but simply a transfer of electrons from o.e body to 
another takes place, Thus whenever a body gets charged, an equal and opposite 
charge must appear somewhere else. This fact was known long before the 
discovery of protons and electrons and is called the principle'of conservation 
of electric charge, The principle, therefore, states that the total net charge of 
an isolated system remains constant. Till now, no exception to this important 
principle has been discovered. 

13:4. Conductors and insulators. 


When a metalrodis held in the hand and rubbed with flannel, the rod 
exhibits no sign of cleztrification whea tested subsequently, Bat if the same rod 
is mounted on an ebonite handle, it can be electrified quite readily by lightly 
rubbing it with a piece of flannel. If now, the metal rod is touched with finger, 
the whole of its charge is lost at once. Apparently, the charge is ableto move over 
the surface or through the material of the metal rod so that when any point is 
touched, the entire charge can escape through the finger and the body to the 
earth. On the other hand, an electrified ebonite or glass rod, is found not to 
lose the entire charge ; it loses the charge only at that portion of its surface 
where itis touched with finger. The fact that the remaining portion of the 
surface retains its charge simply indicates that the charge on glass or ebonite is 
not free to move over the surface or through the material. 

The above experiment serves as a basis for dividing all substances into two 
general classes—conductors and insulators. Substances through which charges (or 
electrons) can flow readily are called conductors and substances through which 
charges (or electrons) can not move are called insulators or nonconductors. In 
general, all metals and water solutions of salts, acids aad alkalis are conductors. 
Examples of insulators are—non-metallic solids such as rubber, ebonite, glass, 
silk, paraffin etc. and oils. 
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Electrical wires are covered with’ rubber or other insulating substances so as 
to prevent flow of charge from them to the human body when touched with 
hand ; otherwise charges passing through the body may cause severe damage to 
the muscles ( electrical shock ) of the body, Bare wires of telegraph, telephone 
or high tension electrical lines are supported on the posts by glass or porcelain 
knobs which are insulators, Pure water is a nonconductor ; but water generally 
contains dissolved substances which makes the water conducting. 


There is, however, no sharp line seperating conductors from insulators. In 
fact, all conductors offer some resistance to the passage of charges and all insula- 
tors permit a certain amount of charges, however small it might be, to pass 
through. A number of materials lie in between and are neither good conductors 
nor good insulators. Wood, Paper, cotton etc., are examples of such substances. 
Their conductivity depends upon the amount of moisture present in them, When 
dry, they are fairly good insulators. But witha little moisture they conduct 
electricity to some extent, 


Dry air is a good insulator. But presence of moisture causes air to behave 
like a conductor. This is why the experiments on statical electricity can not be 
carried out efficiently in rainy seasons but are best performed in the winter. The 
apparatus used should be perfectly dry to get accurate results, 


In the following table, some common substances are arranged roughly in 


the descending order of their electrical conductivities : 


Good conductors 


Silver Tap water Glass 
Copper Moist earth Sulphur 
Other metals Moist wood Mica 
Gas-carbon Kerosine Paraffin 
Graphite Alcohol Hard rubber 
Water solution of Paper Amber 
acids, salts and Dry wood Dry air 


alkalis. Leather.. 


Electronic theory. 


The difference between the conductors and insulators can be explained from 
the stand point of electronic theory as follows ; 


We know that ina normal atom the number of electrons is equal to that of 
protons. Also the electrons in the outermost orbit are loosely bound to the 
atom than those in the inner orbits. Due to the influence of nearby atoms, 
some electrons in the outermost orbits lose their association with their parent 
atoms. These electrons are called free electrons as they become free to move 
within or on the surface ofthe substance. However, they can notleave the 
substance itself since this requires some extra energy [ see Thermionic emission 
and Photoelectricity in the section on Modern Physics ]. The number of free 
electrons per unit volume within a solid determines its electrical conductivity. 

p-n/17 : 


x P m 
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The positively charged protons are firmly bound to thé nuclei of the atoms and 
hence they do not participate in electrica] conduction in solids. Metals, in gene- 
ral, contain a large number of free electrons. If we place a positive charge at 
any point of a metal, it will attract electrons from all parts of the metal whereas 
a negative charge will repel electrons in the metal to all parts of its surface. This 
means that a charge placed anywhere ona metal spreads effectively all over its 
surface. Hence all metals are good conductors. It should be noted that in 
water solution of acids, salts and alkalis, charged atoms or ions conduct electri- 
city [for more detail see, Chemical effect of current in Current Electricity sec- 
tion]. Insulators have very few or almost no free electrons. In insulators the 
electrons remain firmly bound to the parent atoms. Hence a charge placed on 
an insulator does not spread over its surface. 


1355. Charging by conduction. 
When an uncharged body touches a charged one, the former gets electrified 
"with the charge of the same sign as that possessed by the latter. This process 
of electrification of an uncharged body by actual contact with a charged one is 
called charging by conduction. ‘ 


Demonstration experiment : A negatively charged ebonite rod is brought 
near a pith ball suspended by a silk thread. It is observed that the pith ball is 
: first attracted towards the rod [Fig. 134 
(a). But as soon as it touches the 
rod it is repelled and flies off from the 
rod (Fig. 13:4 (b). As the rod is now 
moved towards the ball, the ball tries to 
remain as far away from the rod as 
possible This is because the pith ball 
gets electroed with negativecharge during 
the momentary contact with the rod, by 
(a) Fig. 13:4 (b) sharing its charge. It is then repelled 
by the ebonite rod. The same argument explains why small pieces of paper 
first move towards a charged comb held near to them, touch it and then 
fly off. 

The sharing of charge by an uncharged body by actual contact with a 
charged one is much more facilitated if both the bodies are conductors. Since 
a conductor allows charge to flow all round it, charge given to a conductor at 
any point of it instantaneously covers the entire surface, If now a second 
conductor is made to touch it at any point, charge at once flows to the second 
conductor. Both the conductors now show presence of the same kind of charge 
when tested subsequently. 


13:6. Gold-leaf Electroscope. 


An apparatus for detecting the presence and the nature of the charge on a 
body is called the eleciroscope. Gold-leaf electroscope provides one of the most 
sensitive and widely used types of such instruments. 


T. 
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It usually consists of a metal rod R and two gold leaves L, L mounted 
together at its lower end (Fig. 13-5). At the upper end of the rod, a metal 
plate P, called the disc of the electroscope is 
attached. The rod is supported by passing it 
through an insulating stopper fitted at the top of a 
metal box M, The box is provided with glass 
panes on the front and at the back for observa- 
tion. The goldleaves are thus inside the box and 
are protected from draughts. In order to keep the 
air inside the box dry, some fused calcium chloride 
are placed inside the box in a small vessel. This 
prevents leakage of charges from the leaves. 
Usually the metal case is earthed as shown in the 
figure; the reason will be discussed later in : 

Fig. 13:5: 
Art. 13114. Gold-leaf electroscope 

In modern form of gold-leaf electroscopes, a single gold-leaf is generally 
used, the other one being replaced by a stiff thin plate of brass. A circular 
scale in degrees is mounted behind the gold-leaf, which permits the measurement 
of the divergence of the leaf. Thus a rough quantitative measurement of the 
charge on the leaf can be made with this form of the instrument. 


How to use a gold-leaf electroscope. 


(a) To detect the presence of charge on a body—When the electroscope is 
uncharged the gold-leaves hang straight downward due to their own weights 
[Fig. 136 (a)]. Now, if a charged 

body (e. g., an ebonite rod rubbed 


: GEED 
with flannel) is brought near the 
electroscope disc, the leaves are seen 
to diverge as shown in the [Fig. 13:6 
(b). Due to electrostatic induction 
(c.f. Art. 13:7) charge similar to that 
on the body is induced on both the 

z leaves and consquently they repel each 


(4) Fig 136 — (b) other. On removing the charged 
body, the leaves collapse provided the body has not actually touched 
the disc. 


An uncharged body does not cause any divergence of the leaves when 
brought near the disc. In fact, very small charges can be detected by this 
method. 


(b) To charge a gold-leaf electroscope by contact—If a charged body is 
allowed to touch the disc, then even on removing the body, the leaves remain 
diverged to some extent [Fig. 13:7 (g)and (b) If the leaves do not stay 
diverged, the process is repeated until they do so. The divergence is due to 
sharing of charge on the body by the electroscope. The charges on the leaves 


260 ELEMENTS OF HIGHER SECONDARY PHYSICS 


are of the same sign as that on the body and they remain diverged due to the 
repulsion of the like charges on them. 

The above procedure of charging a gold-leaf electroscope by contact is 
obviously facilitated if the charged body is a conductor. With a charged 


(a) (b) (c) 
Fig. 137 
insulator, the process is very difficult. In that case, the disc has to be touched 
with different portions of the charged body. This is actually done by rolling 
the charged body (say, a charged ebonite rod) over the disc. 

If the disc of a charged electroscope is earthed [Fig. 13°7 (c)], the charge 
flows to the earth and the leaves collapse. Such earthing of electroscope can be 
done simply by touching the disc with bare hand. 

It is to be noted that a highly charged body should never be brought 
very close to or in contact with an electroscope disc ; in either case the 
leaves may get detached due to excess divergence. However, charging of a 
gold-leaf electroscope by contact is not at all a good method, It is better 
to use the method of induction as described in Art, 13:12. 

(c) To identify the sign of the charge on a body—The sign of the charge on 
a body can be identified by bringing it close to the disc of a previously charged 
gold-leaf clectroscope, If a positively charged body is brought slowly and 
cautiously near the disc of a positively charged electroscope the leaves are seen 
to diverge more [Fig. 13:8 (b). Similarly increase in divergence of the 


(a) (b) 


Fig. 13°8 
electroscope leaves is noted when a negatively charged body is brought near the 
disc of a negatively charged electroscope. But when a negatively charged body 
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is brought near the disc of a positively charged electroscope, a decrease 
in divergence of the leaves is noted [Fig. 13-8 (c). Similarly, a decrease in 
divergence is seen with a positively charged body placed near the disc of a 
negatively charged electroscope. The explanation of these facts on the basis of 
electrostatic induction is given in Art. 13-13, So we can conclude that an 
increase in divergence of the leaves occurs when the charge on the body under test 
and that on the electroscope are of the same sign. A diminished divergence 
indicates that the charge on the test body is opposite to that on the electroscope ; 
butthis is not, however, conclusive. A diminished divergence may also be 
obtained by bringing an uncharged body near the disc of a charged electroscope 
(Fig. 13-8 (d)] ; this can be easily verified by placing one of our hands close to 
a charged electroscope disc without touching it. Thus the increase in divergence 
of the leaves provides the surer test for the sign of the charge on a body. 


The above facts are summerised in the following table : 


Divergence of the leaves 


increases 


Charge on the 


Charge on the body 
electroscope 


under test 


increases 


decreaes 


decreases 


+ or — Uncharged 


(d) To distinguish an insulator from a conductor—This may be done by 
holding the substance in hand and then bringing it in contact with the disc of 
a charged electroscope, If the substance be a conductor, the charge on the 
electroscope flows through it to the earth and the leaves collapse instantaneously. 
On the other hand, if the substance be an insulator, the charge can not flow 
through it and the divergence of the leaves remains unaltered. 

13:7. Electrostatic Induction. 

As stated earlier, an uncharged body contains positive and negative charges 
in equal amounts and the charges are distributed evenly over the entire volume 
ofthe body. Ifa charged body 4 is held 
near an uncharged body BC, then teta) ta 
by the influence of 4 the charges in BC H 
get separated within it as shown in the A 
Fig. 139, The charge on A repels the /A. A 
like charges in BC and attracts the 
unlike ones. If 4 be positively charged, (2) (6) 
the negative charge in BC undergoes 
relative displacement towards B, the near end, while the positive charge move 
towards C, the far end. Thus the ends B and C get negatively and positively 
charged respectively. Fig. 13:9 (b) shows the case when 4 is negatively charged, 


Fig. 13:9 : Electrostatic induction 
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It should be remembered that during such a process, the total amount of 
positive and negative charges on BC does not get altered. No charges are 
gained or lost. The electrification so produced in BC disappears when the 
charged body 4 is moved away from it. Such a phenomenon of temporary 
electrification of a body in which unlike charge is produced at the near end and the 
like charge at the far end by the influence of a neighbouring charge is known as 
electrostatic induction, The charge on 4 is called inducing charge and the 
charges on both the ends of BC are called induced charges. 


Demonstration experiment: The phenomenon of electrostatic induction is 
much more pronounced in conductors than in insulators. Two insulated 
metallic spheres B and C are’placed in contact with each other [Fig. 13:10 (a) 
so that in effect they form a single conductor. One of the spheres is momentarily 

: touched with hand to be sure 
of their electrical neutrality. 


then brought near to B [Fig. 
13:10 (b)) Negative charges 
are induced on B and positive 
charges on C. Keeping the glass 
rod in position, the spheres B 
and C are separated from each 
other holding their insulting 
stands (Fig. 13:30 (c)] The 
glass rod is then removed 
(Fig. 13:10 (d)]. The sphere 
Bis then brought near the disc 
ofa negatively charged gold- 
leaf electroscope. An increase 
in divergence of the leaves is 
Fig. 13:10 noted. This shows that B is 
negatively charged. Similar 
procedure with the sphere C and a positively charged electroscope shows 
Cto be positively charged. If Band Care then placed together no charge of 
either kind can be detected on any of them showing that the induced charges 
of opposite signs are equal in magnitude. 


Explanation from electron theory : 
The explanation of electrostatic induction in conductors from electron theory 


is ‘quite simple. In Fig. 13:9 (a), let us consider BC to be a conductor. The ; 
attraction of the positively charged rod draws some of the free electrons in BC 


towards the near end B thus leaving an equal amount of net positive charge on 
the far end C. BC thus gets negatively charged at the near end and positively 
charged at the far end. The repulsion of the free electrons in BC by the 
negatively charged rod explains the situation represented in Fig. 13:9 (b). In 
Fig. 13:10 (c) when thetwo spheres B and C are separated in presence of the 


A positively charged plass rod is . 


vr der en 
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charged rod, the free electrons are trapped in B so that B now hasa net 
negative charge. C is left with a net positive charge, for free electrons have 
left it and have passed on to B. 


The explanation of induction in insulators which do not have free electrons, 
depends on the polarisation of atoms in an electric field. We know that an atom 
consists of a massive positively charged nucleus surrounded by negatively 
charged electrons whirling round the nucleus as the centre of their orbits 
(Fig. 13-11 (a)). In presence of a charged body near it, say, a negative one, 


(a) (b) 
Fig. 13-11 


the atom gets distorted ; the negative charge attracts the nucleus and repels the 
electrons. As a result, the centre of the electron orbits now shifts towards the 
far side of the nucleus (Fig. 13:11 (6)]. The 


net effect of this is that, inside the atoms the HOOO 
positive charges and the negative charges get O e © © 
slightly separated. This occurs in all the atoms 


0000 
0000 


ofthe insulator, so that the positive charges 
face the negatively charged body as shown 
in Fig. 13:1] (c) The figure makes it 
obvious that, as a result, the opposite end 
of the insulating body becomes oppositely : 
charged. The near end shows positive while Fig. 1311 (o) 

the farend negative charges. The interior has equal amounts of the two 
kinds of charge and so is electrically neutral. Just the reverse happens when 
a positive charge is presented near an insulator. 


13:8. Induction precedes attraction, 


The attraction of uncharged bodies, both insulators and conductors by a 
charged body can be readily explained from the stand-point of electrostatic in. 
duction. When a charged body is brought near an uncharged one, opposite 
charges are induced at near end and similar charges at the far end of the latter, 
The distance between the inducing charge and the induced similar charge at the 
far end is thus greater than that between the inducing charge and the induced 
opposite charge at the near end, Hence, the attraction between the latter two 
predominates over the repulsion between the former two, The uncharged body 
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then as a whole is attracted towards the charged body. We can, therefore, say 
that induction always precedes attraction, Similarity of this phenomenon with 
the equivalant one in magnetism is obvious. 

The above discussion provides the explanation of the earliest known electri- 
cal phenomenon, namely that a piece of amber rubbed with cloth attracts light 
bodies like small pieces of paper or pith. 


13:9. Repulsion is the surer test of electrification. 


To test whether a body is charged or not, it should be brought near another 
charged body. If attraction takes place between the two, it can not be conclu- 
ded whether the body to be tested is charged or not. This is because, attraction 
takes place between two oppositely charged bodies as well as between a charged 
and an uncharged body. But if repulsion occurs between the test body and the 
charged one, we can conclude definitely that the test body is charged and the 
charge on it is of the same sign as that of the charged body, because repulsion 
occurs only between like charges. Hence repulsion is the surer test of electrifica- 
tion than attraction. 


13:10. Magnetic and Electrostatic induction compared. 


(1) Both induced magnetism and induced electric charges are temporary in 
nature. They last only so iong as inducing pole or charge is present in the 
vicinity of the induced body. Some substances however show a marked ten- 


dency to retain the induced magnetism even after the removal of the inducing 
pole. 


* 
(2) In case of magnetic induction, opposite polarity is developed nearest to 
the inducing pole. Similarly in electrostatic induction opposite charge is 
induced nearest to the inducing charge. 


(3) Magnetic induction may take place between a magnet and a magnetic 
substance even when they are in contact with each other. But electrostatic 
induction takes place only when the charged body and the body to be charged by 
induction are near to each other but not in contact. 

(4) By electrostatic induction we can separate positive charges from negative 
ones, but it is impossible to isolate any type of magnetic pole by any means. 

(5) Magnetic induction takes place only in magnetic substances. But elec- 
tric induction may take place in any insulator or conductor, ) 


13:11. Charging a conductor by induction. 


An uncharged conductor may be charged with positive or negative electricity 
with the help of electrostatic induction. The necessary steps are illustrated in 
Fig. 13:12, AB is an insulated uncharged conductor. To charge it with negative 
electricity by induction, a positively charged rod is brought near one end of AB 
without actually touching it [ Fig. 13:12 (a)]. Negative charge is induced at 
the end A of AB which is nearest to the inducing charge, while positive charge is 
induced at the remote end B, Now, without removing the charged rod, AB is 
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earthed by touching it momentarily with the finger [Fig. 13:12 (b) and (c)). The 
induced positive charge at B, being repelled by the inducing charge as far as 
possible pass on to the earth, But the induced negative charge at A, being 


(a) (b) (c) (d) 
Fig. 13.12 
attracted by the inducing charge, is bound and is held in position. Afterwards 
the inducing charge is taken away. 

The negative charge at A then distributes itself over the entire surface of the 
conductor [Fig, 13:12 (4)). When tested with a negatively charged electroscope 
it is seen that the conductor is negatively charged. This process is called 
charging by induction. ~ é 

Since the induced charge at the far end of the conductor can be removed in 
presence of the inducing charge by earthing it, this is called free charge. On the 
other hand, induced charge at the near end cannot be removed in presence of 
the inducing charge by earthing the conductor ; this is termed bound charge. 


Obviously to charge the conductor with positive electricity by induction a 
negatively charged rod should be used. The necessary steps are shown in 


(c) (4) 


(a) (b) 

Fig. 13:13 
Fig. 13:13. Thus, in general, we can say that to charge a conductor with electricity 
ofa given sign by induction it is necessary to start with an inducing charge of 
opposite sign. 

It should be mentioned here that actually by eartbing the conductor 
(Fig. 13:12 (b)], electrons from earth flow to the conductor by the attraction of 
induced positive charge at the end B and neutralise them. Similarly, in case of 
charging the conductor with positive electricity [Fig. 13:13 (b)] this step provides 
the passage of free electrons on the. conductor, which are repelled by the 
inducing charge, to the earth. 
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The magnitude of the inducing charge is not altered in any way by using it to 
charge other bodies by induction, Electrostatic induction may, therefore, be 
used to obtain an almost unlimited amount of charges from a small inducing 
charge without any loss of the latter. This may apparently seem to contravene 
the principle of conservation of energy. In fact, however, the mechanical work 
done in pulling the inducing charge away from the opposite induced charge 
against the force of attraction, provides the additional energy spent in produciug 
the charge by induction. - [See also ‘Blectrophorus’ Art, 1672]. 


13:12. Charging a gold-leaf electroscope by induction. 

A gold-leaf electroscope may be charged by induction exactly in the same 
way as that for charging a conductor by induction described in the previous 
article. Figs. 13:14 and 13:15 illustrate the steps to be performed to charge the 
electroscope with negative and positive electricity respectively. A charged rod 


if 


(a) (b) (c) (d) 
Fig. 13:14 À 
is brought near the disc of an uncharged electroscope but is not allowed to 
touch it, The inducing charge on the rod should be of sign opposite to that of 
the charge required on the electroscope. Opposite charge is induced on the disc 
and similar charge on the gold leaves. As both the leaves become similarly 


Ezz] 
++ FG sick a 2€ 
4 
(a) (b) (c) (4) 
Fig. 13:15 


charged they repel each other and therefore diverge. Without removing the 
charged rod, the disc is now momentarily earthed by touching it with hand. 
The free charge on the leaves immediately passes on to the earth and the leaves 
collapse. If now the inducing charge is taken away by removing the charged 
rod, the bound charge on the disc spreads over the entire system, The leaves 
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then diverge again indicating that the electroscope is charged. In this way, by 
using a positively charged rod, the electroscope is charged negatively and vice 
versa. 


It should be noted that, the charged rod should be brought near the 
electroscope disc gradually from a large distance until the leaves diverge by the 
desired amount, If, on the other hand, the charged rod is brought suddenly 
very near to the electroscope disc, it may happen that the amount of charge 
induced on the leaves is so great that they tear away on account of excess 
divergence. 


13:13. Effect of a charged rod on a charged gold-leaf electroscope. 


It has been mentioned earlier that to test the charge on a body it should be 
brought near the disc of a charged gold-leaf electroscope. The divergence of 
the leaves increases if the charges on the body and the electroscope are of the 
same sign. The divergence decreases if the said charges are of opposite sign. 
Let us now explain this phenomenon on the basis of electrostatic induction as 
illustrated in Fig. 13:16. 
Let us suppose that both 
the rod and the electros- 
cope are charged positi- 
vely As the rod is 
brought near the electros- 
cope disc [Fig. 13:16 (2)] 
negative charge is induced 
on the disc and positive 
charge on the leaves. 
The amount of the posi- (a) ©) (o 
tive charge on the leaves Fig. 1396 
then increases and consequently the leaves diverge more due to greater force of 
repulsion between them. The induced negative charge on the disc simply neutralises 
the pre-existing positive charge on it, If now the charged rod is brought still closer 
to the disc[Fig. 13°16 (c)], more positive charges are induced on the leaves causing 
them to diverge even more. This time the disc becomes charged with negative 
electricity because the amount of negative charge induced on it exceeds the 
amount of the pre-existing positive charge. 


- The increase in divergence of the leaves when the charges on the electroscope 
nd on the rod are both negative can be justified in a similar marner, the 
explanation being left for students as an exercise. 


Let us now investigate what happens if a very strong positive charge is 
brought gradually from a large distance near the disc of a negatively charged 
electroscope. The situations are illustrated in Fig. 13:17. When the distance 
between the charged rod and the disc is large [Fig. 13°17 (b, the divergence of 
the leaves decreases as the negative charges on them become partially neutralised 


per 
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by the induced positive charges, As the charged rod is brought closer to the 
disc, a position will be reached when the induced positive charges on the leaves 
completely neutralise the pre-existing negative charges on them. At this position 
of the rod, the leaves collapse completely [Fig. 13:17 (c)). After this stage, if 


(a) (6) (c) (d) 
Fig, 13:17 


the rod is brought still closer to the disc [Fig. 13-17 (d)] the leaves diverge 
again, for the leaves have now acquired excess induced positive charges. 


From the above discussions we conclude that for testing the sign of the 
charge on a body, it should be brought near to the charged: electroscope slowly 
from a large distance. This is necessary if the charges on the electroscope and 
on the body be unlike and if the charge on the body be fairly large. In that 
case the initial decrease in the divergence of the leaves may be overlooked by 
the observer; he may notice only the final increase in the divergence and 


conclude wrongly that the sign of the charge on the body is the same as that on 
the electroscope. 


13:14. Why is the metallic box of a gold-leaf electroscope earthed during 
experiment ? 


In Art. 13:6 on the construction of gold-leaf electroscope, it was mentioned 
that the metal casing of the electroscope is earthed during experiment. More- 
over, in every diagram of a charged gold-leaf electroscope, charges opposite in 

sign to those on the leaves were indicated on the inside of 
the metal casing. The reasons for these were not discussed 


previously. We shall now proceed to give an unified explana- 
tion for these two facts, 


Fig. 13:18 shows a positively charged electroscope. The 
positive charges on the leaves induce bound negative charges 

. on the inner surface of the metal casing and free positive 
charges on its outer surface. The metal casing being earthed, the 
free positive charges on the outer surface pass on to the earth, 


Fig, 13°18 


while the bound negative charges remain in position. As a result, the attraction 
between the bound negative charges and the positive charges on the leaves 
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increases the divergence of the leaves further. This makes the instrument more 
sensitive. 


On the other hand, if the metal casing be not earthed, the free positive 
charges would remain on the outer surface of it. The attraction between the 
induced negative charges and the positive charges on the leaves would be almost 
neutralised by the repulsion between the induced 
positive charges on the outer casing and the positive 
charges on the leaves, Hence in that case, the 
divergence of the leaves is caused mainly by the 
repulsion between the leaves. Obviously the 
divergence is less than that in case of the earthed 
casing. 

The above discussion is also true for a negatively 
charged electroscope. 


4| INSULATING |: 


13:15, Proof plane. 


In order to test the charge on a large or a highly 
charged conductor, it is necessary that a small 
sample of the charge on it is transferred to. a 
gold-leaf electroscope. This is done by a simple 
device known as proof plane. It consists of a 
small metal disc supported at the end of an insulating handle (Fig. 13:19]. 
The proof plane is placed in contact with the surface of the conductor 
(Fig. 13:20 (a)] and it gets charged by sharing a small portion of the charge on 
the conductor. This charge is tested by bringing the proof plane near the disc 
of an uncharged gold-leaf electroscope [Fig. 13:20 (b)]. Divergence of the 


Fig. 13°19 


leaves indicates the presence of charge on the proof plane and hence on the 
conductor. To test the sign of the charge, the electroscope should be previously 
charged positively or negatively and proper inference is to be drawn as usual by 
noticing the increase or decrease in divergence of the leaves (Fig. 13:20 (c)] 
when the proof plane is brought near the disc of the electroscope, 
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A proof plane is also used to investigate the distribution of charge over the 
surface of a conductor which will be discussed later. 


13:16, Charges reside only upon the surface of a conductor. 


The electric charge given to a conductor immediately distributes itself over 
the outer surface of the conductor. No charge is found to exit on ihe inside of 
a solid conductor or on the inner surface of a hollow conductor. 


Hence, in experiments with statical electricity, it is 
useless to construct solid conductors. Hollow conductor 
or wood covered with tin foil is sufficient. The following 
experiments demonstrate this phenomenon. 


(1) The hollow charged conductor, 


Fig. 13:21 shows an insulated hollow metallic sphere 
with small opening at the top. A charge is given to it. 
Its inside and outside surface are then tested with a proof 
plane and a gold-leaf electroscope. It is found that 
there is no charge on the inside surface and the entire 
Fig. 1321 charge resides on the outer surface. 


(2) Faraday’s butterfly-net experiment. 


Michael Faraday used a butterfly net of cotton to act asa hollow conductor. 
The net could be turned inside out by means of an insulating silk thread 
attached to the tapering point of the 
net [Fig. 13:22}. It is mounted on 
a brass ring supported on an 
insulating stand. The net is 
charged . as strongly as possible, 
Tests for charges on the inside and 
outside of the net may be carried 
out with a proof plane and a gold- 
leaf electroscope. It will be found 
that only the outside surface shows 
electrification. Fig. 13°22 


The net is then pulled inside out and again tested for charge. Once again it 
will be found that the inside surface is uncharged while the outside surface is 
strongly charged. Hence the charge must have passed from one surface to the 
other when the net was pulled inside out. 


(3) Coulomb’s (or Biot’s) experiment. , 


A more sensitive and precise experiment to demonstrate the fact that charge 
always resides on the outside surface of a conductor was done by Coulomb, 
though the experiment is usually attributed to Biot. 
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Coulomb used a solid sphere and two hollow metal hemispheres (Fig. 13:23] 
which fit exaetly on the surface of the sphere, The sphere is mounted on an 
insulating stand while the hemispheres are fitted with insulating handles. The 
sphere is first charged and then covered up with the hemispheres which are held 
by the insulating handles (Fig. 13:23 (a)]. On removing the hemispheres they are 


: (6) 

Fig. 13:23 

found to be charged but no charged could be detecte on the sphere [Fig. 13:23 
(b). Hence all the charges on the sphere must have passed to the hemispheres 
When they were in contact with the sphere they would in effect constitute a 
single conductor. 


N.B. It must be remembered that bound charges can exist inside a conduc- 
tor. If a charged body is held inside a hollow conducting enclosure without 
touching it, then bound charges over the inside surface of the hollow conductor 
and free charges over its outside surface will be induced. If in this position, the 
hollow conductor is earthed, free charges will pass on tothe earth, but the 
bound charges will reside over the inside surface (see Fig. 13:24 (c), so long 
as the inducing charge is present. 


1337. Faraday's ice-pail experiments, 


By means of two simple experiments with a metallic can anda gold-leaf 
electroscope, Michael Faraday demonstrated the following facts about 
induction :— 


(1) By induction equal and opposite charges are produced on a conductor. 


(2) When the induction is maximum i.e., when the induction is complete, 
amount of inducing charge equals that of either of the induced charges. 


These experiments have nothing to do with ‘ice’, The name ‘ice-pail 
experiment’ owes its origin to the fact that Faraday used an empty ice-pail as the 
metallic can for his experiments. We shall now describe the experiments in steps. 


Experiment 1, 


(1) An uncharged metallic can, whose length is much greater than the dia- 
meter, is placed over the disc of an uncharged gold-leaf electroscope [Fig. 
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13:24 (a). If the electroscope is not sturdy enough to support the weight of the 
can, the latter can be placed over an insulating platform with its outer surface 
connected to the disc of the electroscope by means of a conducting wire. 


| 


(a) (6) (e) (4) 
Fig. 13:24 

(2) A charged metallic sphere (say, positively), suspended by a silk thread, 
is then introduced gradually inside the can. Bound negative charge over the 
inside surface of the can, while free positive charge over the outside surface and 
hence on the leaves of the electroscope are induced, As a result the leaves 
diverge (Fig. 13-24 (5)]. As the charged sphere is lowered within the can 
gradually, the divergence of the leaves increases indicating the increase in induced 
charge. However, when the sphere reaches a ceriain depth, the divergence 
becomes maximum, Any further lowering of the sphere or any movement of it 
in horizontal direction (of course, without touching the can) does not increase or 
alter the divergence any more. At this position of the sphere, the induction is 
said to be maximum or complete. : 

(3) The charged sphere is them withdrawn from inside the can. The leaves 
are found to collapse completely. This shows that after removal of inducing 
charge, the induced positive and negative charges neutralies each other completely 
and no charge is left on the can, This is possible only when the induced positive 
and negative charges are equal in magnitude. The charged sphere when tested 
shows that it is charged positively as before. 


Experiment2. , 


(1) The charged sphere is again introduced into the can and it is lowered 
until the divergence of the leaves of the electroscope is maximum i.e., until the 
induction is complete. 

(2) The can js now momentarily touched by the hand. The free positive 
charge on the outer surface of the can and on the leaves go away and the leaves 
collapse [Fig. 13:24 (c)). There remains now the inducing positive charge on 
the sphere and the induced bound negative charge on the inside surface of the 
can. 


(3) The sphere is then made to touch the can. The leaves show no dive" 
gence [Fig. 13:24 (d)]. This shows that the inducing charge and the maximum 
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Sound induced charge are equal in magnitude and hence they neutralise each other 
completely. If one of the charges be in exeess, there should be some residual 
charge onthe can. Part of this charge would flow to the leaves and would 
cause divergence. 

Thus from the first experiment it is concluded that by induction equal 
amounts of bound and free charges are produced, The second experiment 
reveals that when the induction is complete the induced bound charge is equal 
in amount to the inducing charge. Hence, in general, we conclude that when 
induction is complete, the amount of inducing charge equals that of either of the 
indueed charges. 

13:18. Equal and opposite charges are produced by friction. 


In Art. 13:3 it was stated that whenever an ebcnite rod is rubbed with 
flannel, the ebonite rod gets negatively charged and the flannel itself gets posi- 
tively charged. Moreover the two opposite charges produced by friction are 
equalin magnitude. Similarly, when a glass rod is rubbed with silk, the glass 
and the silk acquire equal amounts of positive and negative charges respectively. 
To prove that friction produces equal amounts of positive and negative charges, 
the following experiment may be performed. 

An ebonite rod with a oap made of flannelis taken. The capis provided 
with a silk thread [Fig. 13:25 (a)]. The use of a flannel cap instead of a piece 
of flannel is advised because though the flannel is an insulator, in practice it 


EBONITE 
ROD 


(a) (b) (c) 
Fig, 13:25 
absorbs some amount of moisture present in the atmosphere and becomes par- 
tially conducting. Hence when itis held by hand, the charges on it passes 
away through the hand. But no such possibility arises if the flannel cap is 
fitted at one end of the rod and the rod is rubbed by rotating the cap by means 
of the silk thread. After doing so, the capped end of the rod is lowered inside 
an uncharged metallic can standing overan uncharged gold-leaf electroscope 
[Fig. 13:25 (b)) No divergence of the leaves is observed, The conclusion 
that may immediately follow is— 
either (a) both the rod and the cap are uncharged, 


?-1/18 
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or (b) the rod and the cap are charged with equal but opposite kinds of 
of electricity. 

To test which conclusion is correct, the cap is removed from the rod by 
means of the thread, and is lowered inside the metal can [Fig. 13:25 (c)]. This 
time, the leaves diverge, indicating the presence of charge on the cap. The rod 
itself, when separately lowered within the metal can produces divergence of the 
leaves of the electroscope. Hence we conclude that both the rod and the cap 
possess equal but opposite amounts of charge which exactly neutralised each 
other when put together. 

13:19. Distribution of charge on the surface of a conductor, 


It was shown earlier that the charge given to a conductor distributes itself 
over the surface of the conductor. But the distribution of charge over the entire 
surface of the conductor is generally not uniform. If the surface have different 
curvatures at different points, the concentration of charge is also different at 
different : points. The more curved a 
surface is, the greater is tha concentration 
of charge there. In this connection, 
we introduce a term surface density of 
charge which is defined as the quantity 
of charge per unit area of the surface 
ofa conductor. To get a rough idea 
aboutthe surface density of charge on a 
conductor, we take a pear shaped 
insulated charged conductor. An unchar- 

(a) (5) ged proof plane is then placed in contact 

Fig. 13:26 with the surface of the conductor at any 
particular poiat [Fig. 13:26 (a)) It is removed and brought near the disc of 
an uncherged gold-leaf electroscope [Fig. 13:26 (b)] and the divergence of the 
leaves is noted. The extent to which the leaves diverge gives an estimate of the 
surface density of charge at the selected point. By repeating this process at 
various points on the surface, it can be proved that the surface density is maxi- 
mum at the pointed end of the pear shaped conductor where the curvature is 
greatest, 


(a) (b) (c) 
Fig. 13:27 
Fig. 13:27 shows how charge is distributed over the surfaces of conductors 
of different shapes. In these diagrams, the surface density of charge at any 


point is indicated as proportional to the distance of the dotted line from that 
point. 
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13:20. Action of highly charged points ; the electric wind, 


The curvature of a sharp point is very high. Hence if a charged conéxctor be 
provided with a sharp point, there will be a large accumulation of charge at the 
point, Due to this the neighbouring neutral air molecules are attracted towards 
the point. On coming in contact with the point, the air molecules share a 
portion of the charge of the conductor and are repelled. Other molecules being 
charged similarly are also repelled. As this process continues, the air molecules 
continually flow away from the point. Since the repelled air molecules carry a 
portion of the charge on the point, the conductor loses its charge. Thus an 
insulated charged conductor having pointed ends gets discharged almost instan- 
taneously by this process. This is known as discharging action of points. 


Now, ifan insulated conductor having a sharp point is connected to an 
electric machine and the machine is set in motion, then within a short time, the 
surface density of charge at the point becomes 


very high and a current of charged air sage rrr 
molecules moving away from the point with 
a considerable speed is produced. It appears m 


that as if the charges pumped into the conduc- 
tor by the machine are sprayed by the conduc- 
tor through its pointed end in its vicinity. Hence 
the phenomenon may be called as spraying 
action of points. 


The current of charged air molcules Fig. 13:28 : Electric wind 
moving away from the point is known as electric wind, The presence 
of electric wind can be demonstrated by placing a candle flame at a short 
distance from the point, When the machine runs, the candle fíame is found to 
be deflected by the draught as shown in the Fig. 13°28. 


The phenomenon of electric wind is used to rotate a simple but interesting 
device known as Hamilton’s mill, Yt consists of two wires crossed at their mid- 
points, their pointed ends being bent st right angles 
So that they form a swastika [ Fig, 13:29]. The 
assembly is placed on an insulated ^ pointed 
metallic stand, When the stand is connected to an 
electric machine, the mill rotates rapidly. As the 
ends of the wires repel the air molecules away from 
them, the resulting reaction on the wires causes the 
mill to rotate in the opposite direction, 


TOELECTRIC 
MACHINE 


13:21. Action of points as collectors of charge, 


Fig. 13:29 Sharp points of a conductor not only facilitate 
the discharging of the conductor, but they also act as collectors of charge when 
the conductor itself is uncharged, The following experiment may be performed 
to illustrate the fact ; 
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A metallic needle is placed on the disc of an uncharged gold-leaf electroscope 
as shown in the Fig. 13°30, This is done to provide a sharp point to the 
electroscope. Then a charged (say, positi- 


vely) rod is brought near to the point of m EE 
the needle, At once the leaves diverge -tH ROD 


showing the presence of induced positive 
charge on them, But when the charged rod 
is removed, the leaves remain diverged. 
The electroscope when tested for the sign 
of the charge on it by the usual procedure, 
is found to be positively charged. The 
charging of the electroscope in this way is 
explained as follows :— 


Fig. ‘13-30 
The positive charge on the rod induces negative charge at the point of the 
needle and positive charge on the leaves, due to which the leaves diverge. The 


discharging action of the point immediately 
takes place—the air molecules are first attracted 
towards the point, and after sharing a 
portion of its negative charge, they move 
towards the positively charged rod, This is 
because they are now repelled by the negative 
charge at the point and at the same time 
attracted by the positive charge on the rod. 
The induced negative charge on the point 
thus gets lost and at the same time the 
negatively charged air molecules coming 
in contact with the positively charged rod 
neutralise its positive charge to some extent. 
So when the charged rod is removed, the 
induced free positive charge on the leaves 
distribute itself over the electroscope and 
the latter gets positively charged. Also the 
charged rod when tested shows a reduced 
amount of positive charge on it. It is 
customary to interpret the whole phenomenon 
as—the point of an uncharged conductor collects 
some amount of charge from a charged body 
placed in its vicinity. 

1322. The lightning conductor, 


The lightning conductor is a device used 
S GROUNDED to protect tall buildings or structures from 
\--"" copperstrie damage due to lightning, The use of such 
a device was first suggested by Benjamin 
Franklin in 1749, It is simply a thick copper 
strip fixed to the outside wall of the building with its lower end burried deep in 


` 
\. 


Fig. 13:31 
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the earth. The other end of it projects above the highest point of the building 
and ends in several sharp spikes [Fig. 13:31]. 

During a thunderstorm clouds become heavily charged. Gigantic electric 
sparks, known as lightnings, often occur between two charged clouds or between 
a cloud and the earth, The latter isa matter of concern to man, It occurs 
between the charge onthe cloud and the induced opposite c arge on the 
highest structure below the cloud. Thus trees and tall buildings are targets of 
direct hit by lightnings. 


The protective action ofa lightning conductor is based on the discharging 
action of points. Whena charged cloud passes overhead, opposite charge is 
induced on the spikes of the lightning conductor and similar charge passes on to 
the earth, Due to the discharging action of the spikes, an electric wind is set up. 
This being attracted towards the cloud, rises up and partly neutralises the charge 
on the cloud. The possibility of lightning to strike the building therefore 
decreases considerably. Sometimes even after this, the clouds may still have 
sufficient charge so that a lightning flash may pass, As the spikes are nearest 
to the cloud, the lightning strikes the spikes, But the spikes, being earthed, 
provide the path of least resistance for the electricity to flow to the earth ; the 
discharge thus passes on to the earth through the thick copper conductor. The 
building therefore remains safe. 


@ EXERCISE @ 
[A] Essay type questions 


1. What do you mean by the statement that a body becomes electrically charged ? State 
what happens when an ebonite rod is rubbed with flannel. Justify your statement from the 
electronic theory of electrification. d 

2. A glas: rod is rubbed with a piece of silk so that the rod gets eectrified. What is the 
source from which the electrical energy is obtained ? State the principle of conservation of 
electric charge and show that the princlple applies well to this example. 

3. What do you mean by electrical conductors and insulators ? Explain with examples. 
How do you attempt to distinguish their electrical behaviour by the electronic theory ? 

4. Describe with diagram the construction of a gold-leaf electroscope. Explain how, 
with its help, the presence of electric charge ona body can be detected and the nature of the 
charge determined. ( H. S. '81,'83] 

Can you employ this electroscope to distinguish an insulator froma conductor ? How? 

5. Explain with a diagram what you mean by electrostatic induction. How has this 
phenomenon been explained with the help of the electron theory? Explain the statement 
“Induction precedes attraction," ‘ 

How can you charge a conductor with positive electricity by induction ? 

How do you compare between magnetic and electrostatic induction ? 

6. (a) ‘‘Repulsion is a surer test of electrification"— Justify the statement. 

(b) What is electrostatic induction? “Induction precedes attraction’’—explain the 
statement, [ H. S. '82] 

(c) Given a positively charged insulated sphere, how could you charge two other spheres, 
one positively, the other negatively, without changing the charge on the first sphere? What 
is the source of the energy represented by the charges acquired by the spheres ? 
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7. (a) Describe a gold-leaf electroscope and explain how it is charged positively by 
induction. 

(b) “Repulsion is a surer test of electrification than attraction." Explain. [ H. S. 79] 

8.(a) What is electrostatic induction? For a given inducing charge what is the maximum 
value of the induced charge and when does this occur ? [ Jt. Entrance, '76 | 

(b) A positively charged rod is brought near the disc of a charged electroscope and the 
leaves collapse as the rod approaches the disc. When the rod is brought still closer ( but not 
touching), the leaves again diverge. What is the sign of the charge on the electroscope ? 

9. (a) Where is the seat of charge on a conductor ? Explain with the help of a suitable 
experiment. 

(b) How could you prove that equal charges of opposite sign are produced by friction ? 

[ H. S. 78] 

10. (a) How would you prove that charge resides on the outside of a hollow conductor ? 

(b) Why is it dangerous to stand under a tree during thunder storm ? { H. S. '80] 

11. Describe carefully Faraday’s ice-pail experiments and discuss deductions to be drawn 
from them. ? 

12, An uncharged metallic can with a hole in the top is placed over the disc of an uncharg- 
ed gold-leaf electroscope. Describe and explain the action produced in the electroscope when 
a positively charged metal ball hung by a silk thread is lowered into the can through the hole 
and (i) the can is temporarily earthed after which the ball is withdrawn, (ii) the can is not 
earthed but the ball is allowed to touch the inside of the can and is then withdrawn, 

State the final sign of charge on the leaves of the electroscope in each case. 

13, (a) What experiment would you suggest to show that equal and opposite. charges are 
produced by induction ? 

(b) What is meant by surface density of charge? State how the surface density of charge 
depends on the shape of the conductor. Describe a simple experiment in support of your 
answer. 

14. (a) What do you mean by discharging action of points? What is electric wind ? 
How can you demonstrate its presence by a simple experiment ? 

(b) Describe the action of points as collectors of. charge. 

15. Discuss how electric charge is distributed on the surface of a conductor of any arbi- 
trary shape. How can this be studied experimentally ? Describe an experiment to show the 
serere ae of P pointed ends of conductors. j [ H. S. '81] 

$ at determines where lightning will strik i i i 
usually protect a Poncio lightning. : 3 duni: seth Senang 

17. A charged glass is brought near a pin fixed with i 5 
and is then withdrawn, State and explain Phe may be ior tie eres iet teope 

Explain what practical use is made of tne effect Observed, 


protectors 


[B] Short answer type questions 


i. When a charged rod is brought near very small pieces of paper, the paper pieces will 


at first cling to the rod. Immediately afterwards the paper pieces fly off fi i 
silty thts Taba. ly rom the rod. Explain 


4. Comment on the following statements : 


(i) Experiments on statical electricity cannot be carried out efficie: 

(ii) When a metal rod is held in the hand and tubbed with gone a pu DEN no 
sign of electrification when tested subsequently. But if the same ‘tod is mounted on 
an ebonite handle, it can be electrified by rubbing with flannel, 

(iii) Electrical wires are covered with rubber or other insulating materials. 
(iv) High tension electrical lines are supported on the posts by porcelain knobs 
(v) There exists no sharp line separating conductors from insulators, È 
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(vi) Charging a gold-leaf electroscope by contact is inferior to the method of induction. 
(vii) To charge a conductor by induction, one should stert with an inducing charge of 
the opposite sign. 
(viii) To charge a gold-leaf electroscope by induction, the inducing charge should be 
brought slowly near the electroscope from a large distance, 
(ix) Bound charges can reside inside a hollow conductor, 
(x) A dry cotton thread is a good insulator, but conducts electricity when it is wet 
(xi) No charge resides inside a hollow conductor. 
(xii) Spherical conductors retain eharge better than conductors of any other shape. 
5. An electroscope is charged negatively and a metal rod held in hand is brought close to 
the disc of the electroscope. State and explain what will happen ? 
6. Whena charged glass rod is placed in contact with the discof an electroscope, the 
leaves diverge. When the glass rod is removed, the leaves partially collapse. Explain. 
7. Why is the metailic box of a gold-leaf electroscope earthed during experiment ? 
8. What is a proof plane? For what purposes it is used ? 
9. Is a house in a city any more or less likely to be struck by lightning than similar house 
in the country? Why 1 
10. You are given a negatively charged pith ball and three rods of glass, two of which are 
oppositely charged and the third is uncharged. How can you identify the uncharged rod and 
the nature of the charges on the other rods ? 
11. How it is possible to transfer whole of the charge on an insulated conductor to another 
insulated conductor. 
12, What do you mean by “bound” charge and “free” charge in connection with 
electrostatic induction ? Why they are termed so ? 


14 ELECTRIC FIELD AND POTENTIAL 
CHAPTER 


14'l, Force between charges ; Coulomb's law. 


We already know that like charges repel each other and unlike charges 
attract each other. This statement provides only a qualitative idea of the force 
between charges. The quantitative expression of the force between two charged 
bodies was discovered experimentally by the French scientist and engineer 
Charles Coulomb and is known as Coulomb's law after his name. The law is 
valid only for “point charges”, that is, charged bodies whose sizes are negligibly 
small compared to the distances between them. The law states that :— 


“The electric force between two point charges is directly proportional to the 
product of the two charges and inversely proportional to the square of the distance 
between them. The force acts along the line joining the two charges and its value 
depends upon the nature of the intervening medium." 

lf we consider two point charges g, and q, separated by a distance r, then 
from Coulomb's law, the electric force F between the two charges is given by 


Fo Uh 
r? 
or, pU ell 2 (14:1) 


where k isa eonstant whose value depends upon the nature of the medium in 
which the charges are placed and also on the system of unit chosen. This 
constant & is called the permittivity, di-electric constant or specific inductive 
capacity (S. I. C.) of the medium. 


We shall see later that, for vacuum the permittivity is arbitrarily assigned the 
value of unity in the c. g. s. system. The value of k for air is slightly different 
from unity viz, 1000528 at 20°C, So forall practical purposes, the value for 
air is taken to be unity. This holds true also for other Bases at ordinary 
pressure. For all solid and liquid media, the value of k is considerably larger 
than unity, For example, the values of di-electric constants for flint glass and 
mica lie between 7—10 and 5:7—7 respectively ; that for distilled water is 81, for 
glycerine 39:1 etc. 

It should be noted that ineqn. (141), Lh.s, isa force and the r.h s, isa 
product of two charges divided by the product of k and the square of a length. 
In order that the dimensions of both sides of the above equation remain the 
same, the constant k can not bea pure number but it must have a definite 

. H z 2 
dimension. Since k is equal to a the value of ķ for a 


medium, therefore, depends upon the system of units chosen. 
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Coulomb’s law holds true irrespective of the signs of the charges q, and qs. 
For charges of the same sign, the force is of repulsion; for charges of the 
opposite signs, the force is of attraction. In either case, forces of the same 
magnitude but having opposite directions, act on the charges. 

We have already mentioned that Coulomb’s law is applicable only for point 
charges, For extended charged bodies, the force can not be obtained in general, 
in a simple way ; complex summing operations using vectorial methods are 
required in such cases [compare with the corresponding gravitational case, vide 
Art 8:3, Vol. I]. 

The attention of the students is also drawn to the obvious similarity of the 
above expression for electrostatic forces with the corresponding expressions in 
magnetism and gravitation. In gravitation, however, the forces are always 
attractive and the constant of proportionality is universal in nature. 

14:2, Unit charge. 

If two point charges of equal strength are placed in vacuum (or air) at a 
distance of 1 em apart and if the force between them be 1 dyne, then each of 
the two charges is said to be a unit charge. ln eqn. 14-1, if we put r--1 cm, 
F=1 dyne, q,—9,—1 unit charge, then k—1 for vacuum (or air). So for vacuum 
(or air), Coulomb's law takes the simpler form 


hd Y e : 
p-2d (14:2) 


The unit of charge so defined is called the electrostatic unit of charge, or 
simply one e. s. u. of charge. This unit is also sometimes called one statcoulomb 
(aby. statcoul). 


One e. s. u. of charge is very small. For practical purposes a larger unit 
called a Coulomb is used. This practical unit of charge is usually defined not 
by Coulomb’s law, but in terms of the unit of current, the ampere.* It has 
been experimentally found that 

1 Coulomb —3 x 10? e. s. u. of charge. 

The importance of this unit lies not only in the fact that it is used for most 
practical purposes but in that it is the unit of charge in the m. k. s. system. 

In the c. g. s. system, there is another unit of charge called electromagnetic 
unit of charge or e. m. u. of charge. We shall define this unit later in the 
‘Current Electricity’ section. In has been found that 

le. m. u, of charge —10 coulomb=3 x 10% e, s. u. of charge. 

In atomic and nuclear physics, an ‘atomic’ unit of charge called the electronic 
charge unit is employed for convenience. It is abbreviated as e. The electronic 
charge unit (e) is the amount of charge carried by an electron or a proton. The 
charge of the electron is negative ; that of the proton is positive. It has been 
found that 


e—48x 10-71? e, s, u.—1:6x 10- coulomb, . 


* See the section on ‘Current Electricity’. 
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143, Permittivity and dielectric constant. 

In the previous section the constant k in Coulomb’s law was termed the 
permittivity, the di-electric constant or the S. I. C. of the medium. Strictly 
speaking, for any medium K represents only the permittivity of the medium. 
The di-electric constant or S. I. C of a medium is the ratio of the permittivity of 
the medium to that of vacuum. It is therefore also called relative permittivity of 
medium, Inc. g. s. system the permittivity of vacuum is arbitrarily taken to be 
equalto unity. Hence inc. g. s. system the permittivity, di-electric constant 
and S. I, C.—all have the same value ; one is used freely in place of another. 
In m, k. s. system however it is notso. In this system the unit of current, 
viz. ampere, is first defined (vide Current Electricity), If a current of one 
ampere flows through a wire the amount of charge that flows in one second is 
taken to be one unit of charge. This unit is one coulomb. Thus in m. k. s. 
system one coulomb is the unit of charge, The unit of force in m. k. s. system - 
is one newton which is defined as the force which produces an acceleration of 
1 meter/sec? in a mass of 1 kilogram. Using these units in equation (14:1), 
the value of the permittivity ko of the vacuum can be obtained as 

ko—$ X 107? coulomb?/newton-metre? 

Thus permittivity depends upon the System of units used. It has got definite 
dimension. On the other hand, di-electric constant and S. I. C. of a medium 
being the ratio of two permittivity is merelya number. It has no dimension and 
it has the same value in all systems of units, 


If k be the permittivity of a medium, its di-electric constant or S. 1. C, is 
given by 


k 

SE 

Since ine, s. u. &,—1, hence K=k in this unit. 
difference between K and k and say that the permittivity and di-electric constant 
ofa substance are one and the same. For example, the permittivity or the 
di-electric constant of glass is 7. Strictly Speaking, however, the di-electric 


constant K—7. jne. s. u. the permittivity k is also 7 ; but in m. k. s, units, 
the permittivity 


So we simply ignore the 


k=Kkyp={ x 107? coulomb?/newton-metre?, 
Example 14:1. Calculate the 
e.s.u. placed 20 cm apart in air. 


Solution: Here, g,=+20 e, s, 
kl 


force between two charges --20 e.s.u. and +40 


Us Ga +40 6.5. 0, rm20: cm and 


From Coulomb’s law, force between the charges 
— dide 20 x40 _ 
Fm 239x292 dne. 
Example 14:2. Three charges A, B and C of magnitude +80 €.5.u., — 20 e.s.u. 


and 4-40 e. s. u. are situated on the same straight line so that AB=15 cm 
and BC—5 cm. Calculate the force exerted on the charge C. 
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80 x 40 

Solution : due to 4— E 

olution Force on C due to 4 (155) 8 dyne along ABC. 
Force on C due to p—20x 40 —32 dyne along CBA. 


(5)? 
Net force on C—32—8--24 dyne along CBA. . 

Example 14:3. Two equal point charges of 100 e. s. u. are 10 cm apart. 
What is the force on a unit positive charge situated 10 cm from each of the two 
charges and what is the direction of this force ? 

Solution: The three charges constitute the vertices of an equilatefal 
triangle having side 10 cm as shown in the 
adjacent figure. 

The charge +1 e. s. u. experiences two 
equal forces F and F inclined at an angle of 
60°. The magnitude of each of the forces is 


F=! =! dyne. 


Hence the resultant force on the charge 
+1e. s. u. is 


R= T?41?+2.1.1 cos 60° 


f N 
+100e.s.u 10cm. +100¢e.s.u 


=4/3=1°7 dyne. 
If 0 be the angle shown in the figure, then 
i F sin 60° soe ts 
tan F+F cos 60° 4/3 


6=30° 
i. e., the direction of the resultant force is along the perpendicular bisector of 
the line joining the first two charges in question. 


Example 14:4, Two charges, Q each, are at a distance r from each other. 
A third charge q is placed on the line joining the above two charges such that 
all. the three charges are in equilibrium. What is the magnitude, sign and 
position of the charge q ? BP ae Bhat Bak bi 

Solutions Let the two charges Q, Q be placed at A and B. Also let the 
third charge q be placed at C in between A and B on the line AB [ see figure ], 
Considering the first two charges, forces of repulsion 


<—x——- 
Q g [^] will act between them. 

^ RSS RORIS YI LAU mm Se Tr * * HE t 

i c B In order that they may remain in equilibrium, 


r 


forces of attraction must act between either of them 
and the charge q. Hence the sign of q must be opposite to that of Q. 
Considering the equilibrium of charge q at C 


or, x=r/2 
Hence the charge q lies at the mid point of line AB. 
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Now considering the equilibrium of charge Q at A 


or, q=0% =0/4 


The charge q may lie notin between A and B, but on either side of them. 
However in that case, the three charges will not remain in equilibrium, whatever 
may be the sign of q. 


Example 14:5, Two small metal spheres each weighing 0°5 gia and having 
same charge are suspended from long strings of length 13 cm, fixed at the same 
point. The spheres repel each other and stay at a distance 10 cm apart. Find 
the charge in each sphere. { Given g=980 cm|sec* | 


Solution; Inthe adjoining figure A and B are the two spheres suspended 
from O. Then 


OA=OB=13 cm 
AB=10 cm. 


Now, OC is drawn perpendicular to AB. 
Hence AC=BC=5 cm 
and 0C-4/1331—531—12 cm. 


Each of the spheres is acted on by three 
forces, viz. 


(1) the electrostatic force of repulsion 


pe EE S parece = sien © 


Re 
F= i 
where q isthe charge in e. s. u, on each sphere. The direction of the 
forc. F is shown in the figure, 
(2) the weight mg=0'5 x 980 dyne acting vertically downwards, and (3) the 
tension 7 in the string as shown in the figure. 


For equilibrium of each sphere, the algebraic sum of the moments of these 
three forces about O must be zero, Hence, 


Fx OC—mgx BC=0 

2 
or, -ipx 12=0°5 x 980 x 5 
or, q--143e. s. u. 


Example 14:6. Three identical small spheres weighing 0°1 gm are suspended 
from a point with silk threads each having length 20 cm. What charges should 
be imparted to the spheres so that each thread makes an angle 30* to the vertical ? 
Assume the charges to be equal, [ Jt. Entrance, '84 ] 


Solution: From symmetry, the spheres 4, B and C lie in the horizontal 
plane at the vertices of the equilateral triangle ABC [ Fig. (a) ]. The vertical 


M 
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line SO through the point of suspension S Fig. (b)] passes through the 
circumcentre O of the triangle ABC. 
Now, from Fig (b), length of 
the thread SC=20 cm 
and Z CSO-—30* 
OC=SC sin 30°=20x 1 
— 10 cm. 
Now, from Fig (a), the circum- 
radius of the equilateral triangle 
ABC is OC= 5 
BC—0C4/3-—104/3 em. 
Now electrostatic force acting in the plane of the triangle ABC on C 


» 


Ox-—--—-—-— 


due to B is R= fS do dyne 


BC? 
and that due to A is F= fa = dyne [^ AC=BC ] 


where q is the charge on each sphere. 
The angle between F, and F, is 60° [v LACB=60°] 
The resultant electrostatic force F on C in the horizontal direction is 


given by 
Fi=FP+F,?+2F ifs cos 60° 


=3F! 
or, Fay3F,=Yot dyne, 


Now, let, T be the tension in the threads. 
For vertical equilibrium of C, we have, T cos 30°=mg= 98 dyne 


ee ee ee 
(dec. UR AU 
Also, for horizontal equilibrium of C, we have, T sin 300 —F 
98x2., 43g 
o a ae. 
q.— 30x95 9800 or, q—99 e. s. u, 


Example 14:7. Two small insulated metal spheres of same size having positive 
charges of 5 and 20 e. s.u. are situated with their centres 10 cm apart. What 
is the force between them ? How does the force of Interaction between the spheres 
change after both spheres are connected momentarily by a copper wire j 


Solution; Initially the force between the spheres is 
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When the spheres are connected by the copper wire, the charges on them will 
distribute uniformly on both the spheres because their sizes are the same, The 


charge on each of them becomes 3120 125 €.s.u. Hence the new force of 
interaction. between them is F,— BE S156 dyne. 


14:4, Electric fieid. 

Force of attraction or repulsion between two charged bodies are 
experienced without any material contact between them, The electrical forces 
are, therefore, of the action-at-a-distance type. To visualise such interactions, 
Faraday introduced the concept of electric field, According to this concept, the 
Space surrounding an electric charge acquires some special properties by virture 
of the presence of the charge, so that electrical forces are experienced by other 
charges introduced into that space. Whenever this condition is satisfied, an 
electric field is said to exist in that space. Thus the field serves as an interme- 
diary for the transmission of electrical forces. We can, therefore, formally . 
define that, an electric field is said to exist in any region of space if electrostatic 
forces are exerted on a charged body placed at that region. 

Examination of Coulomb's law reveals that the force F between two charged 
bodies becomes zero only when the distance p between them becomes infinite. 
Hence, theoretically we can assert that the electric field around a charged body 
extends-upto infinity, Actually the magnitude of the force decreases rapidly 


with distance and ordinarily becomes too small to be detected beyond a few 
metres, 


14-5. Intensity (or strength) of an electric field, 


The intensity (or Strength) a; any point in an electric field is defined to be 
the force experienced by a unit positive charge placed at that point. It is usually 
denoted by the letter E. Several other terms are also in common use, viz., 
electric intensity, electric field strength or merely field strength; the word 
‘field? alone often conveys the same idea. We Should remember that 
electric intensity is a vector quantity, since it is a force having both magnitude 
and direction, Its direction at any point is identical with, the direction of the 
force upon a positive charge placed at that point. 

The direction of intensity Specifies the direction of the electric field. In an 
electric field due to a number of point charges, the resultant intensity at any 
point is obtained by the vector addition of the intensities that the charges 
individually contribute. : : 

A complete knowledge of an electric field is achieved when the magnitude 
and direction of the intensity at every point of the field become known. So for 
investigating an electric field, a positive charge should be introduced in the field 
it being assumed that the charge is so small that it does not affect the original 
electric field in any way. Sucha charge is called a tes; charge. 

In the c.g.s, e.s.u., the unit of electric intensity is 


dyne per e.s.u. of charge 
or dyne per statcoulomb. It has no separate name, 


In the m, k, s, system, 
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the unit is newton per coulomb, The relation between the two units can be 
obtained as follows : 


l newton _ 10° dyne SE eae ae h 
{coulomb 3x10%e.s.u of charge 3x lgs 2 °°/° SU. jobs 

Therefore c. g. s. unit of electric intensity is 3x 104 times larger than the 
corresponding m. k. s. unit. 

From the definition of electric intensity, it follows. that ifa charge g be 
placed at a point where the electric intensity is E, then the force experienced by 
the charge is given by 

F--Eq 25 E (14:3) 
i. e. Force Electric intensity x charge 


If q be positive, then the force F has the same direction as the intensity £, 
but if q be negative then they are oppositely directed. 


14'6. Electric intensity due to a point charge. 


Letus consider a charge g placed in a medium of permittivity k. To 
calculate the intensity E ata point at a distance r from the charge, we place a 
unit positive charge at the point. Then from Coulombs? law, the force on the 
unit positive charge, i. e. the intensity at that point is given by 


B LS NM E De 
E yas pepe Sia (14-4) 
For vacuum or air, k=1 in e. s. u, 
E "m" NV (14:5) 


r 

Hence the electric intensity due to a point charge is directly proportional to 

q and inversely proportional to the square of the distance r from it. The intensity 

is directed towards or away from the charge according as q is negative or positive 
respectively. 


Example 14:8. Find the intensity of the electric field due to a point charge 
of strength 5 e. s. u, at a distance of 50 cm from the charge, 

Solution: Intensity E— 4-000 dyne /e.s, u. of charge.- The 
direction of the intensity is along the straight line joining the charge and the 
point in question and away from the charge. 


Example 14:9, Two point charges of strengths 5 and 10 e. s. u. respectively 
are separated by a distance 2 metre. Calculate the intensity at a point midway 
between the two charges. 


Solution : Intensity at the said point due to the charge 5 e.s. u, is 
E 


is —5x107* dyneje. s. u. of ‘charge. E, is directed away from the 


5 e. s. u. charge, 
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Again, intensity at the said point due to the 10 e. s. u. charge is eS 


—10-? dyne/e. s. u. of charge. Also, E, is directed away from 10 e.s.u. charge, 

Thus Æ, and E, being oppositely directed, the resultant intensity at the point 
is given by E=E,—£,=5X 10-4 dyne[e.s. u. of charge and is directed away 
from the 10 e. s. u. charge. 

Example 14:10. Two point charges +90 e.s.u. and — i0 — e.s.u. respectively 
are situated in air 20 cm apart. Find where on the 'straight line joining them the 
intensity is zero. 

Solution: Let A and B are the two point charges of strengths 90 and —10 

e.s,u. respectively The point having 


er og EE zero intensity cannot lie in between A 
ee 
À 200m. B C and B because there the intensities due 
UE “ib isu to the two charges act in the same direc- 


tion viz. along 4B. Also, since the charge 
at A is of larger magnitude, the point of zero intensity must lie at C on the 
right side of B. Let BC—x cm. 


I : 9 
t = 
Now, intensity at C due to A Qoi along AC 


and intensity at C due to AED A along CB. 


x 
: ; 90 
For zero intensity at C, Gora =B 
Solving, we get x=10 cm or, x=—5 cm, 


The second solution is inadmissible, because in that case the point lies in 
between A and B. Hence the point of zero intensity lies at a distance of 10 cm 
from —10 e. s. u. charge in the side opposite to that at which the +90 e, s. u. 
charge lies. 


Example 14:11. The charges +120, —20 and +20 e. s.u. are placed at 
the vertices A, Band C respectively of an equilateral triangle ABC of side 10 cm. 
Find the magnitude and direction of the intensity at D, the mid-point of BC. 

Solution; From the adjoining figure, we get 

20 4 


1) theintensity at D due to B= ==, 
0 j » 6 À 1020653 
dyne/e. s. u. along DB. 
E s 20 4 
(2) the intensity at D due to = sr 
dyne/e. s. u. along DB. 
A ; 120 B C 
(3) the intensity at D due to A—ADE eaa D S nn 
120 8 
=e =z dyne/e, s. u. along AD. EIR 


The intensity at D has two components— 
E,—2x 4 dyne/e. s. u. along DB 
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and E,—$ dyne/e. s. u. along AD. 
The resultant istensity at D is given by 
E=vy EP + Es? = V2x1$y—226 dyne[e. s. u. 
The angle @ between the direction of E and CB is given by 
E; : — 45° 
tan liac xim S000z45 
Example 14:12. A pith ball carrying a charge of 1 e. s. u. is suspended by 
an insulated thread of length 50 cm. Whena uniform electric field is applied 
in a horizontal direction, the ball is found to deflect by 2 cm from the vertical. 
If the mass of the ball is 0'5 gm what is the magnitude 
and direction of the electric field. U-4.T. 1973) 
Solution: Let P be the pith ball suspended from O. 
The field of intensity E is applied in the horizontal direc- 
tion from left to right of the figure, In the equilibrium 
position, thie forces are acting on the pith ball, viz. 
(1) the weight mg acting vertically down- wards, 
(2) the electric force F in the horizontal direction and 
(3) the tension T in the thread. 
If 0 be the angle between the thread and the vertical, 
then for equilibrium of the pith ball, we get, 
T cos 0—mg —0:5x 980 dyne 
and T sin 0=F=q.E=1 x E dyne 


_Tsind__ E 
le 9=F cos 490 
IS ae 2 ile 49) 
or, E=490xtan 0 490 X TRAC = —19'6 dyne/e, s. u. of charge. 


Example 14:13. An electron of charge l6x1079 coulomb and having a 
mass 9:1x 1079! kg travelling along the x-axis with a uniform velocity 109 m|sec 
ewters a uniform electric field of 10* volt[metre acting perpendicular to the 
x-axis. If the electric field extends over a length of 2 cm along the x-axis, what 
will be the deflection of the electron along the direction of the field on emergence 
from it. (Jt. Entrance '83) 

Solution: Here  E—10? volt / metre,  e--16x10-7* coulomb and 
m-91x10-kg. Within the field the electr@n is 
subjected to a constamt force F always acting per- 
pendicular to x-axis, Hence the path of the 
electron within the field is parabolic. Let y be the 
deflection of the electron from the x axis as it comes 
out of the field. Now F:-eE. 

Hence within the field acceleration of the electron 
perpendicular to x-axis is 


„eE 6x 1077? x 10° _ 1.758 x 1014 m/sec? 
fen pa ed 


P-11/19 
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However, along x-axis no force acts on the electron ; hence its velocity 
in that direction will remain constant. 


Let the electron remains within the field for ¢ sec, During this time the 


electron moves through a distance 2cm along x-axis with uniform velocity 
v=10° m/sec. 


DAI =2x 1078 sec, 


Along the perpendicular to x-axis the initial velocity of the electron is 
zero. Hence 


y=} ft? 4 x 1758 x 10" x (2x 10-8)}=3:516 x 107? m=3:516. cm. 


14-7. Lines of force. 


Just as in the case of magnetic fields, we can also visualise the electric field 
in terms of the lincs of force. Ifa free positive charge be placed in an-electric 
field, it will experience a definite force and will move under the action 
of that force. The path along which a free, positive, point charge would 
travel in an electric field is called an electric line of force. A line of force is 
always provided with an arrowhead indicating the direction of travel of the 
positive charge. 


Arguments similar to those given in the magnetic case ( vide Art. 10°10 ) 
lead to another definition of a line of force. An electric line of force is a 


line in an electric field such that the tan- 


INTENSITY. ATA gent to it at any point shows the direction 
LEA PRINS of the electric intensity at that point 

e FR AT B> [ Fig. 14:1]. Generally the direction 
Eg of intensity varies from point to point 


LINE OF FORCE in an electric field. The lines of force 
are, therefore, usually curved. 


Fig. 14:1: An electric line of force We should always remember that 


lines of force do not have real existence. 
he conceptis purely imaginary and was introduced by Faraday to provide a 
convenient way of studying the nature of an electric field, 


14'8. Maps of electric field in different cases. 


An electric field is mapped by drawing the lines of force through every point 
of it. This may be obtained experimentally by sprinkling very light particles 
of a conducting substance 


€, g. freshly powdered gypsum salt or clippings from 
a camel-hair brush, oa a suitable non-conductiug plate (say, glass) and by 
‘introducing the plate inside the field. The plate is then gently tapped 
when the particles will arrange themselves along the lines of force. This 
method is similar in principle to the iron-flings method described in magnetism 
( vide Art. 10:13). 
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We shall describe below the maps of electric fields for a few simple cases : 


(i) A point charge : 
straight and radial. 


(2). M it 


tion is 


For an isolated point charge, the lines of force are 
If the charge be posi- 
tive, the lines of force run straight out- 
ward from it in all directions [ Fig. 14:2 
be negative, the lines of 
force converge straight to it from all 
directions [ Fig. 142 (5b) ]. The explana- 
simple because a positive test 
charge placed anywhere in the field of a 


X% 


(a) (b) 
Fig. 142: Lines of force due to a 


point charge will experience either repul- (a! +ve charge, (b) —ve charge 
sion or atiraction always along the line joining the two. 


(ii) Two unlike equal charges : 


The lines of force due to two unlike equal 


charges are shown in Fig. 14:3. The lines start from the positive charge, curve 


Fig. 14:3 : Lines of force of two 
unlike equal charges 


around and converge to the negative 
charge. A test charge placed at any point, 
say A, will be simultaneously repelled by 
the positive charge and attracted by the 
negative one. It would therefcre be urged 
to move along the direction of the resul- 
tant intensity E. In the figure, E, E, 
represent the intensities due to the positive 
and the negative charges respectively. 
This explains the curved shape of the 
lines of force. 

It may be noted that the pattern of 
electric lines of force in this case is exactly 
the same as that of magnetic lines of 
force in the case of a bar magnet (vide 
Art. 10:14). 


(iii) Two like equal charges : Fig. 14'4 shows the lines of force due to two 


equal positive charges. All of them 
start from these charges. They must 
end somewhere. Usually they do so 
at the walls of the room or pass on 
to infinity, No line of force pass 
through the point marked x in 
between the charges. The inten- 
sities due to the two charges at this 
point are equal and opposite. Hence 
the resultant intensity is zero at this 
point. Such a point is called a 
neutral point in the electric field. 


Fig. 14:4: Lines of force of two 
like cquai charges 


We know that two unlike charges attract and two like charges repel each 
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other. In order to explain this, Faraday assumed two properties of lines of 
force, viz., 

(i) Lines of force tend to contract along their lengths and (2) lines of force 
repel one another laterally. 

It is obvious from Fig. 14:3 that if lines of force contract, the two unlike 
charges will be attracted towards each other. And from Fig. 14:4 it is clear 
that if lines of force repel one another laterally, the two like charges will be 
separated form each other i.e. the two charges repel each other. 

(iv) Uniform field: As in magnetism, the lines of force ina uniform 
electric field are a set of equidistant parallel 


us lines, Fig, 14-5 illustrates the field due to 
two oppositely charged parallel conducting 
j plates. We notice that for most of the 
x regions between the plates, the field is uni- 
RS Een. form. Near the edges, however the field 
Fig. 14:5: Lines of force due to pacamo nonunion; 
parallel conducting plates We should also note that the fields 


shown in Figs. 14:2, 14:3 and 1444 are all non-uniform. 


149. Properties of electric lines of force, 


(i) The electric lines of force always begin from positive charges and end 
on negative charges. They may also go out to or come in from infinity. They 
can not form closed curves. This property follows from the definition of a line 
of force because it represents the path in which a free positive point charge 
would move. 

(ii) Two lines of force can never intersect each other, 

If they intersect, then at the point of intersection, the intensity will have two 
directions along the two tangents to the two lines of force ; this is impossible. 

(iii) As assumed by Faraday, electric iines of force behave like stretched 
rubber cords under constant tension i.e. they always try to contract along their 
lengths. This property is attributed to explain the attraction between unlike 
charges. 

(iv) Electric lines of force repel one another laterally i.e. in a direction at 
right angles to their lengths. They are endowed with this property to explain 
the repulsion between like charges, 

(v) Electric lines of force always meet the surface of a conductor normally 
(vide Art. 14°20). 

(vi) No electric line of force can begin and end onthe same conductor 
(vide Art. 14:23), This property immediately leads to the conclusion that no 
line of force can exist inside a charged hollow conductor, otherwise they would 
begin and end on the same conductor which is not possible. 


It follows from this that there cannot be any electric intensity within a hollow 
charged conductor. 
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Differences between the properties of electric and magnetic lines 
of force; 


(i) Electric lines of force always meet or leave the surface of a conductor 
normally, But, in general, the magnetic lines of force do not leave or enter a 
magnet or a magnetic substance normally. f 

(ii) No electric line of force can exist inside a conductor whereas magnetic 
lines of force exist inside a magnetic substance. 


14:10. Tubes of force. 


Lines of force emanating from or converging ona charge are infinite in 
number. They can however by divided into a number of groups ; each such 
group is called a tube of force. It is obvious that such grouping may be done 
in an infinite number of ways. 


According of Maxwell, the grouping is so made that eo tubes ^ manate 


a 
from a charge q situated in a medium of permittivity k. Due to the 
same reasons as cited in the case of magnetic tubes of force, in the electric case 
also the tubes of force will be always referred to as lines of force. So we say 


that a lines of force come out of a charge q placed in a medium of permitti- 
vity k. 

Representation of the magnitude of electric intensity by lines of force : 

Let us consider a charge qina medium of permittivity k. We imagine a 
sphere of radius r drawn with the charge af‘its centre. Lines of force come out 
radially from the charge and all of them meet the surface of the sphere 
normally, Since the surface area of the sphere is 4r?, the number of 
2 1 : : | 4nq Ae 
lines of force passing through unit area of this sphere= > x Ad e 
Comparison with eqn. (14:4) shows that this is the intensity at any point on 
the surface of the sphere. So wecan conclude that in an electric field, the 
magnitude of intensity at any point is equal to the number of lines of force passing 
through unit area round the point, the unit area being held normal to the lines. 


14°11. Electric intensity near the surface of a charged conductor, 


Let us consider a very small area 4 of a charged conductor situated in a 
medium of permittivity k (Fig. 14:6]. Let 


us suppose that at any point on 4; the MEAM. Sica 
surface density of charge i.e., the charge per DIELECTRIC) acy of 


unit area iso, Then the charge on the area 
A=Ao units, Now each unit charge gives 


rise to E lines of force. Hence the number 


of lines of force emanating from the small 


area de A, Each of these lines of 


Mni 
MN 
HH 
Fig. 14:6 
force leaves the surface of the conductor normally. Let us now consider 
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another small area A’ lying immediately above 4 and jusi outside the 
conductor. The two areas are assumed to be equal, ie. A=A’. Since they 
are very close to each other, all lines of force starting from the area A on the 
conductor will pass through A’, Thus the number of lines of force passing through 


4104 | 470, since A=A’. This gives the intensity at any 


unit area of A'— A E 


point on A’. 


RO 


4 
.. Intensity close to the surface of charged conductor =-—— (14:6) 


This relation is known as Coulomb's theorem. 


14:12. Electric potential. 


Till now, we have described an electric field by using the coneept of electric 
intensity which we know is a vector, This method is similar to the use of the 
force concept in solving problems in mechanics. We shall now introduce in our 
discussions a new quantity, called electric potential which is a scalar and with 
the aid of which we can also describe an electric field. The concept of electric 
potential is based on energy consideration and often provides a simple method of 
describing an electric field. We shall also see that electric potential is intimately 
related with electric intensity. 


The concept of electric potential can be easily grasped by comparison with 
the gravitational potential energy of an elevated mass. We know that if a mass be 
raised through a certain finite height, work is done by an external agency against 
the force of gravity. This work is stored up in the body in its new elevated 
position as potential energy. If it is now allowed to move freely, it will move 
downwards uncer the action of gravity and thereby loses its potential energy 
which appears as equivalent amount of kinetic energy. This is consistent with 
the fact that when allowed to move freely, a body always tends to go to 
the position of minimum potential energy. 


In a region in which there is an electric field, an electric charge always 
experiences a force. If the charge be positive, the force acts in the direction of 
intensity at that point ; if it be negative, the force acts in an opposite direction. 
If the charge is moved in opposition to this force, work must be done by an 
external agency and the system gains potential energy. On the other hand, if 
the charge is free to move, it will be urged upon by the field to move in the 
direction of the fczce and its potential energy diminishes. To obtain a measure 
of the potential energy, this test charge is conventionally taken to be a unit 
positive charge. We should also remember that potential energy is always 
measured relative to an arbitrary zero. For example, in the gravitational case, 
the arbitrary zero of potential energy is taken at the earth’s surface. Similarly 
in electricity the arbitrary zero of potential energy is usually chosen to be at 
infinite distance from all the charges producing the field. These energy consi- 


derations allow us to define at every point, a new property of the field, called 
the electric potential at that point. 
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The potential at any point in an electric field is defined as the electrica! 
potential energy of a unit positive charge placed at that point. It is measured by 
the work done by an external agency to bring the unit positive charge from 
infinity to that point. This definition is in exact analogy with that of electric 
intensity as the force experienced by.a unit positive charge. In symbols, if W 
is the work done by an external agency to move a charge +q from infinity to a 
point P, then the potential V at the point P is given by 


rae M sie (14:7) 
or, W=Vq aie ds (14:8) 
ie. Work—Char£e x Potentia? 


Obviously, this amount of work done by the external agency is stored up as 
electrical potential energy of the charge. Hence 


Potential energy — Charge x Potential 


From the above discussion, it follows that potential is a scalar since both 
work and charge in the above relation are scalars. 


The above equation also shows that near an isolated positive charge, the 
potential is positive. This is so because in moving the unit positive charge from 
infinity, work must be done by an external agent for overcoming the force of 
repulsion between the two charges and hence Was well as V are positive, Near 
an isolated negative charge, the potential will be negative because in that case the 
unit positive charge will move due to the action of the attractive force between 
the two; hence work is done by the electric field so that JV as also V are 
negative. 

Potential difference : The potential difference between two points A and B 
in an electric field is the work done by an external agency in moving unit positive 
charge from A to B. So if W,» amount of work is performed by an external 
agent to move a charge +q from A to B, then the potential difference between 
these two point is given by 


Wis 


Vs—V,-— (14:9) 


Depending on whether the work done W,, is (a) positive, (b) negative, or 
(c) zero, the potential V, at B is (a) greater, (5) smaller, or (c) the same as the 
potential VA at A. Obviously, potential difference is measured in the same units 
as potential. 


Movement of charges in an electric field. 


Now if V42-V,, then greater work must be done by an external agent in 
moving a positive charge from infinity to B than that done in moving it from 
infinity to 4. In other words, this means that the potential energy of the 
positive charge is greater at B than at A. So if the said charge is free to move, 
it will travel from B to A under the action of the electrical forces due to th 


field. For a negative charge, it is obvious that the reverse will be true. W; 
can, therefore, conclude that 
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In an electric field, a free positive charge always moves from a region of higher 
to one of lower potential under the action of the electrical forces. Negative 
charges, on the other hand, tend to move from a region of lower potential to one 
of higher. 

The concept Of potential, therefore, provides us with the idea about the 
tendency of a charged body to move from one place to another in an electric 
field. Herein lies the importance of the concept. 


Let us consider two charged conductors 4 and B such that V> V, 
|Fig. 147 (a)) On establishing electrical contact between the two, positive 
charge will always flow from B to 4, even if the totai positive charge q, on 4 is 
greater than that on B, ie. gg. According to the modern concept, actually 
there wili bea flow of negatively charged electrons from the body at lower 
potential to that at higher one ie. from 4 to B. This Slow of charge is an 
electric current ; this current continues until the. potentials are equalised. 


Analogy of potential difference with other physical quantities. 


The above statement may, at first, seem to be perplexing, it can be casily 
FLOW OF POSITIVE CHARGE understood by analogy with other common 
ee physical phenomena. If two vessels 4 and 
N ELECTRON FLOW B containing liquid are connected by a tube 
) B jdn [Fig. 147 (5, then the jiquid will always 
flow from the vessel B in which its level is 
higher, to 4 in which its levei is lower. The 
total quantity of liquid in 4 might be greater 
than that in B, but that does not deter- 
mine the direction of liquid flow. 1t is 
determined solely by the pressure differcrice. 
Potential difference is, therefore, analogous 
to the pressure difference, while total 
charge to the total amount of liquid. 
Similarly, heat always flows from a body at 
a higher temperature say Ty, to another 
at a lower, say T, even though the total 
amount of heat (H,) in the second body may 
Ha be greater than that (H,j in the former 
(Fig. 14:7 (cj]. Hence potential difference 
is analogous to temperature difference and 
total charge to the total amount of heat. 
With respect to the gravitational analogy 
mentioned earlier, potential difference com- 
pares with the level difference. A free weight 
Fig. 14-2: Potential computed with always descends from a higher to a lower 
pressure and temperature level. It should be noted that all the above 
analogies hold true regarding the movement of positive charges. 
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The earth as a reference of potential. 


We should remember that in our study we are mainly concerned with the 
potential difference between two points which is more fundamental than the 
value of the potential at individual points. Actually the value of potential at a 
point can be fixed up only when we arbitrarily choose the value of potential at 
another point to be zero, In the definition of potential, this reference point was 
chosen to be at infinity, Any other agreed upon point can serve equally well as 
areference point, For many electrical problems, the earth itself is taken as a 
reference of potential and is assumed to have zero potential.* The justification 
for the selection is that the earth is a good conductor, and its size is so large 
that any charge given to or taken from it does not at all alter its electrical 
condition, so that its potential always remains the same. This may be compared 
with sea level which remains unaffected due to loss of water by evaporation or 
due to addition of water by rain. 

With such fixing up of the reference level, a body will be said to be at a 
positive potential if there is a flow of 
electrons to it from the earth when POSITIVE * NEGATIVE 
electrical contact is established between yigg POTENS 
the two [Fig. 14:8). A body is at a 
negative potential if, when it is grounded, 
electrons from it flow to the earth. In 
both cases, electron flow will continue 
until the potentials are equalised, the 
common potential being that of the earth, 
i.e., zero, *Earthing' a conductor, there- Fig. 14:8 : Positive and negative potential 
fore, makes the potential of the conductor concerned, zero. 


Potential difference is independent of path. 

The potential difference between two points does not depend upon the path 
followed in moving the unit positive charge between the two points. Whetber 
the charge is moved in a straight line or in any curved path from the first to the 
second point, the work done and hence the potential difference remains the same, 

To prove this important statement, let us consider any two paths ACB 

and ADB between the two points A and B 

C in an electric field [Fig. 14:9). Let a unit 

positive charge be taken from A to B along 

A p the path ACB and in doing 50, let the work 
done by an external agency be W, Let the 

unit positive charge be now taken back to 4 

D along the path BDA. Now work will be done 

by the field and let this be Ws. If W, and W, 

Fig. 14:9: Potsntial difference is — are unequal, let us assume that Wi Wi, 50 
sneer o pa that (W,—W;) amount of work becomes avail- 

able. But the charge has returned to its original position and all conditions 


* Thatthe potential of the earth is taken to be zero should not lead to the idea that it has 
nocharge. Accurate work has shown that the earth has a small negative charge. 
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of the system remain unchanged. We can, therefore, continuously produce (or 
destroy if“ W,<W,) energy by taking the charge round this’ closed path, 
This evidently violates the principle of conservation of energy. Hence 
(Wi-—W,) must be zero, i.e., W,— We, which proves our previous statement. 

ín an electrostatic fieid, therefore, the net work done in a round trip is zero, 
Hence electrical forces are conservative like gravitational ones. 

It may be mentioned that if the potential difference was dependent on the 
path followed between the two points then the potential at a point would not 


have a unique value, The concept of potential in that case would have served 
very little useful purpose. 


14:13, Units of potential, ; 

The ¢.g.s, electrostatic unit of potential may be obtained from eqn. 14-7 by 
putting W=] erg and q—1 c.s.u. of positive charge. Hence /he potential at a 
point is said to be one e,s.u; if an energy of one erg is expended in moving one 
e.s-u. of positive charge from infinity to that point. This unit of potential is 
therefore one erg per unit charge. Sometimes it is called by the name sratvolt (stv). 

This unit is found to be inconveniently large for practical purposes. The 
practical unit of potential is volt. It is also the m.k.s. unit of potential. 

The potential at a point is said to be one voli if one joule of work is done to 
move one coulomb of charge from infinity to the point considered. 

: _ 1 joule 
2d MEMBERS S 
But, 1 joule=10" erg and 1 coulomb==3 x 10° e.s.u, of charge. So 


10? erg sl 1l erg 
A wont 3x10%e,s.u. of charge 300^] €.s.u. of charge 


means of any apparatus) from the ground to the line. 
1414. Relation between intensity and potential. 

The electric intensity and potential at a point are related intimately to each 
other. We shall first obtain the relationship for the 


FO aang ae Sean simple case of a uniform field. 
B A Let us consider two points 4 and B which lie on 
OO 


the same line of force in a uniform field of inten- 

sity E ( Fig. 14:10]. Let the potential at these 

points be V, and Vg respectively with Va4^Va. A 

Fig. 14°10 unit positive charge placed in this field will experience 

a force equal to Ex 1—E, If this charge be moved by an external agency from 
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Ato B against the field, then work of amount Ex AB—Exd will be done 
by the agency. From definition this gives the potential difference between 
the points B and 4. Hence, 
y,-V,—Exd 0t, po Pa a (14:10) 
To obtain the relationship for the more general case in which the field is not 
uniform, let us consider two points 4 and B which are very close to each other 
at distance dx apart (Fig. 1411]. Let the electric 


intensity in the direction BA (or its compotent in this ———EÉ 
direction) be E. Let the potential at A be V and V+ Y 
that at B be V+dV. The force acting on a unit BEETA 
positive charge placedat A=E. Since the distance ` Fig 1411 


BA =dx is infinitesimally small, the intensity remains practically constant over 
this range. Hence the work done by an external agency in moving against the 
feld a unit positive charge from A to B (ie. a distance —dx) = --Edx. This 
by definition gives the potential difference between these points. Hence 


(V--dV)—V = — Edx or, p= ie vu (MA 


Hence the electric intensity in a given direction at a point in a field is the 
negative of the rate of change of potential in that direction. 

This relationship shows that the units of E are the units of potential 
difierence divided by the units of distance, ie, €5U. of potential/em in 
electrostatic unit or volt/metre in m.k.s. unit. 


14-15. Potential due to a point char£e. 


Let us consider a point charge +g to be situated at O in a di-electric medium 
of permittivity k, there being no other electric charge in the neighbourhood 
[ Fig. 14:12). Thus the electric field established in the region is solely due to 
this point charge. To find the electric potential at à point P distant x from O, 


Oo ij PES : Ph Q 
tq X X4 X2X5 Xn X 


Fig. 1412: Potential due to a point charge 


we have to calculate the work done byan external agency in bringing a unit 
positive charge from infinity to the point P against the repulsive force acting 
between the two charges. Let us join the line OP and produce it to infinity. © 
Let Q be any other point on this line at a distance X from O. We shall first 
calculate the difference of potential between P and Q. 

We imagine the path from P to Qto be divided into a very large number 
of infinitesimally short steps, PP; P1P» PsP... and P,Q, the points Ps, Py, Ps 
...P,, being at distances x1, Xs, Xa--Xn respectively from O. Now the force on unit 


tat = 4 
positive charge at P= and on that at P kx | 
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Since the step PP, is very small these forces are very nearly equal and as the 
unit positive charge is moved from P, to P, the average force acting on it may 
be taken to be equal to the geometric mean of the above two forces. Hence the 
average force acting on a unit positive charge as it describes the path P,P 


WEEER q * = 
kx? X à T ixx 


Therefore, the work done by an external agent in moving unit positive 
charge from P, to P=average force x omer 


= wë xı —x)= 2 (L—— 


Similarly, for the path P,P;, the work bea 


for the path P,P, the work ie z R^ 


Xg Xs 


for the path P,Q, the work done a(t -1) 
JS 


Hence the total work done between Q and P 


ph ryt 
eti EE G aterater) 
k\x -7 
By definition, this equation gives the potential difference between P and Q. 


.. Potential difference between Pand Q= £C -3 V (14:12) 


Now Q is any point along the line OP produced and we may consider Q to 
be atan infinite distance from O if we choose. Taking the zero of potential to 
be that at infinity, we get by putting X= œ, 


Potential at P=- 
kx 


So the potential V ata point distant x from an isolated point charge +4 
situated in a di-electric medium of permittivity k is given by 


o 
-4 9 s (14°13) 


* The relation can also be proved as follows: The average of the two forces 
el. i xix 
kx a+ E xix m. 


us ud rx les = 


as : —x2xx Merwe being very small d 


neglected compared to 2xx; 


XXX, 
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If the medium be air (or vacuum), k=1 


y- 4 Eos n : 

x (14:14) 
The potential at a point is therefore directly proportional to the charge and 

inversely proportional to the distance. 


If the charge is negative, then obviously the expression for potential becomes 


mix ol a . 
Mire cs is (14:15) 


Alternative method : The above result can be deduced in a simpler way 


by using calculus, The intensity E at P is given by E= £i 


Since E- — o, wehave dV—— ja” 


Xu (el ed 
V fie Fokus 


where c is the constant of integration. Taking the potential at infinity to be 


zero, we have at x—oc, V=0; hence c=0. ER vat 


1416. Potential due to a number of point charges. 


We know that potential is a scalar quantity. Hence the potential at a point 
due to several point charges may be obtained by simply summing the contribu- 
tions due to individual point charges with proper sign. Plus sígns should be 
attached to contributions from positive charges and minus signs to those from 
negative charges. So if there are a number of charges qı, qs, qs... etc. at distances 
Xp Xp Xa: etc. from a point P, then the potential at P is given by 

24a d y By. =1S LR 141 
kx, ks tb R k x aM (1539) 
where k is the di-electric constant of the medium. 


14:17, Potential and intensity due to a uniformly charged sphere. 


We have obtained the expressions for the potential and intensity due to a 
point charge. A charged body of finite size may be approximately considered 
asa point charge if its dimensions are negligible compared to the distances 
involved. But when this is not so, the expressions -for intensity and potential 
cannot be obtained for a charged body of any irregular shape. This is, however, 
possible when their shapes are regular. The deductions of the expressions in 
various cases are beyond the scope of this text ; we shall only mention the 
particularly interesting results for a uniformly charged sphere. 


The electric field produced by a uniformly charged sphere (€.g., a charged 
conducting sphere) is such that the potential and intensity at any point outside 
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and also at the surface of the sphere fs the same as when the total charge on the 
sphere is concentrated at its centre. 


For a charged conducting sphere, the intensity inside is zero while the 
potential is constant being equal to the value of the potential at the surface of the 
sphere. 

Subsequently we shall make use of these results, 


14:18. Electric potential energy. 


The electric potential energy of a system of point charges is defined as the 
work that must be done by an external agent to complete the system of charges by 
bringing them from Infinity to places where they are now existing. 


Let us consider the electric P.E. of two charges q, and qs situated at 4 and 
B respectively, separated by a distance AB=r 


qi ; q, [Fig 1413). Let us first imagine that g, is not 
hen T ^B there and only q, is present. Then the potential 


Fig. 1413: P.E. of two;charges at B due to q, is v= where k is the permitti- 


vity of the intervening medium. 
If gp is now brought on from infinity to its position at B, the work that must 
be done is given by W=q,V. 


By definition, this gives the electric potential energy U of the system. Hence 
ix dide UPS 3 
U-q,V us EM (14:17) 


Fora system consisting of a number of point charges, we must calculate 
the potential energy for every pair of charges separately and add them 
algebraically i.e. with proper signs. 


1419, K.E, acquired by a charged body in an electric field, 


Ifa body be allowed to fall freely under gravity, it gains kinetic energy in 
exchange for an equivalent amount of gravitational potential energy. 


Inan exactly similar way if a charged body be allowed to move freely in an 
electric field, it will gain kinetic energy losing at the same time an equivalent 
amount of electrical potential energy. 


Let a particle having charge q move under the action of an electric field from 
one place to another which differ in potential by V. Then the loss in its 
potential energy in this process=-qV. Hence the kinetic energy of it will 
increase by amount Ey given by 


ae. ies 3 (14:18) 
If v, and », are the velocities of the charged particle at the beginning and at 
the end of the path over which the potential difference V was applied, then 


Ex -$m(—vw) or, 4mw'-»w')-qv e (0419) 
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where m is the mass of the charged particle. If the particle starts from rest and 
acquires a final velocity v, then 


imy?=qV or, v= 2qV M 14:20 
E q A/ on (14-20) 


The above principle is extensively used for obtaining the velocities of high 
energy charged particles like electrons, protons etc. in many atomic and nuclear 
experiments. 


Electron-volt : The conventional units of energy viz., erg and joule were 
found to be inconveniently large and also unwieldy in expressing the energies of 
the particles like electrons, protons etc. So in discussions on atomic and nuclear 
physics, a new unit of energy, called the electron-volt, was introduced. 


The electron-volt is a unit of energy, equal to the work done when a particle 
carrying the charge of one electron moves through a difference of potential of 
one volt. 


The unit is usually written in the abbreviated form as eV. Since the charge 
of an electron is e —4:8 x 10-7? e.s.u. and 1 volt=,j, e.s.u. 


leV=lex 1 volt—48 x 1071? x 4 erg 
—L6x10-9 erg —1:6 x 1077? joule 


Larger multiples of electron-volt are widely used : 
1 kilo electron-volt (keV)—10? eV 
1 mega electron-volt (meV)= 108 eV. 


Example 14:14. Two charges A and B of magnitude +20 and —30 e.s.u. are 
pi ced 30 cm apart. Find the potential at a point C lying in between A and B on 
the straight line joining them at a distance of 10 cm from A. Find also the point 
of zero potential on the said straight line between A and B. 


Solution: Potential at C due to 4=+$3=+2 e.s.u. 
Potential at C due to B=—§$$=—1'5 e.s.u. 
Net potential at C=2+(—1:5)=0'5 e.s.u. 


Let the point of zero potential be at a distance x from A. Hence by question, 

20, —30 _ 

Xx DU-—» 

Hence, the point of zero potential lics between A and B at a distance of 
12 em from A. 


or, x--12cm. 


Example 14:15. The potential of a conductor is 220 volt. How much work 
must be done to move a positive charge of 5 coulomb from earth to the 
conductor ? 


Solution: Work done We=g.V=220 x 51100 joule. 
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Eample 14:16. Three small spheres each carrying a charge q are placed on 
the circumference of a circle of radius r to form an equilateral triangle. Find the. 
electric field and potential at the centre of the circle. U- I. T. 1968) 

Solution: The adjoining figure shows the spheres A, B and C placed on the 


circumference of the circle, so that AB=BC=CA. Let O be the centre of the 
circle, 


Now the electric field at O 
() due to A=Ex=4, along AO 


(i) due to B=E,= 4, along BO 


(ii) due to C-E,-4, along CO 


Resolving the intensities along and perpendicular 
to AO we get, 


2x1. lio 


: = 1 
Intensity along 40 —E, —Eg cos 60°—E, cos 60 -1—4 Xs 4X5 


Intensity along perpendicular to AO 
=E, cos 90* + Ey sin 60*— Eg sin 60*—0 4- sin 60*—4, sin 60°=0 
The resultant intensity at O—0 
Now, potential at Q—-2-4-.2 .- 4 34 wit. 
r r r r 


Example 14°17. Two equal point charges of 10 e.s.u. each are placed in air 
at some distance apart. Find the potential at a point lying 10 cm from each 
charge. What will be the value of the potential if the entire space in which the 
charges and the said point are situated is filled with a di-electric having di-electric 
constant ? 

Solution : The required potential when the space is filled with air is 

Vi—i$-4-18—2 e.s.u. 

When the space is filled with the said di-electric, the potential is 

10 10 
72x10 2x10 
Example 14:18. The intensity of a certain uniform field is 50 dynele.s.u. of 
charge. A point charge of —5 e.s.u. moves from a point in the field having 
potential 700 e.s.u. to another point 12 cm away. Calculate the work done and 
also find the potential at the second point. 

Solution: Let the potential at the second point be V e.s.u. Since the 


negative charge moves on its own from the first point to the second one 
V 100 e.s.u. , 


Vs =f e.s.u. 


;. The intensity of the field— ym 50 dyne/e.s,u. of charge 


or, V=1300 e.s.u. 
The work done=5 x (1300 —700) — 3000 erg 
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Example 14:19. The p.d. between two parallel conducting plates is 300 volt. 
If the distance between them be 2 cm, calculate the average intensity at a point 
between the plates. 
Solution; From eqn. (14:10) we get, the average intensity 
2.392.— 150 volt/cm. 
—450--0:5 e.s.u. of potential/cm. 


Example 14:20. A charge Q is distributed over two concentric hollow 
spheres of radii r and R where R>r such that the surfaee densities are equal. 
Find the potential at the common centre. (I. I. T. '81] 

Sotution: Let be the charge on the smaller sphere ; then (Q—g) is the 
charge on the bigger one. As the sunface densities of charge are equal, therefore 


q .Q—14 EG oe 

Wu TE on q^ RED 
4 R? 

0-1- fia 


As the potential on the surface of a uniformly charged sphere is the same as 
if the total charge is concentrated at the centre, therefore the potential of the 
smaller sphere due to its own charge =e Considering the bigger sphere, 
the potential inside is constant being equal to the value at its surface, Hence 
the potential of the smaller sphere due to the charge on the bigger one 

9-34... QR 
R RB 
^. Total potential of the smaller sphere  O(R--7) 
Rer 
Obvieusly this is also the potential at the common centre. 


Example 14:21, The p.d. between two parallel conducting plates situated 
10 cm apart is 3000 volt. A charge of +5 e.s.u. starts from the plate of higher 
potential and strikes the other plate.  Cakulate the K.E. of the charge just before 
the impact. What is the force on the charge ? 

Solution: From eqn. (14:18), the required K.E. is 

Eg —q.V —5 x 4-50 erg. 
3000 

300 x 10 
Force acting on the charge—qE-—5 dyne. 


The intensity E— =] e.s,u, of potential/cm, 


Example 14:22. An electron starts from a point at zero potential to a point 
at 1500 volt. Calculate its energy when it reaches the second point. Give the 
result in electron-volt and in erg. (Given, eharge of an electron—4:8 x 107? e,s.u.] 


Solution: The required energy, — E—1x1500— 1500 eV 
1500 
—4: -10 =O: -? erg, 
4:8 x 10 X300 2:4 x 107? erg 


P-11/20 
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Example 14°23. Electrons starting from rest and passed through a potential 
difference of 60 kV are found to acquire a velocity of L46x10'9 cm|sec. 
Calculate the ratio of the charge to the mass of the electron in coulomb per gram. 

[ Jt. Entrance '81 | 

Solution: Here v—1:46x10!? cm/sec=1°46 x 10* cm/sec and V=60 kV 

=60x 108 V. From eqn. (14:20), 


q_ Vv _(1'46 x 10°) 1.576, 1011 coulomb/k 
Phos AiR ie Taek [kg 


—1:776 x 108 coulomb/gm. 


Example 14:24. The distance between two parallel conducting plates is 
10 cm. The electric intensity in the space between the plates is constant and is 
equal to 1 dynele.s.u. of charge. An electron travels from one plate to ihe other. 
If the initial velocity of the electron be zero, calculate its velocity when it strikes 
the second plate. Given, charge|mass of an electron—5 27 x 10” e.s.u|gm. 

Solutiun ; Potential difference between the plates 

V —E.d-—1x10—10 e.s.u. 
Now, from eqn, (14:20), the required velocity 


y EE vc y e 
v= Lax 5:27 x 10 x 10 3-25 x 10? cm/sec. 


Example 14°25. A positive charge Q e.s.u. is located at a point. What is 
the wark done if a unit. positive charge is carried once completely around this 
charge along a circle of radius r about this point ? DESIT. 74] 


Solution: Since at all points on the said circle the potential is same and is 
equal to Q/r, hence the required work done is zero. 


Example 14:26. ABCD is a square each side being 20 cm. At points A, B 
and C are placed positive charges of values 6, 12 and 24 e.s.u. respectively. What 
work shall have to be done to transfer a unit positive charge from D to the centre 


of the square ? [ Jt. Entrance ’78 | 
Solution: In the adjoining fig, O is the centre of the square ABCD of 
side 20 cm. 
AC=BD= V201--209—204/2 cm. 
i = 204/2 WAS 
A(+oesu) D and AO = BO —CO——5-^ —102 cm, 


Now potential at D is 


prio Ad Ue 

= 3»vi'mx | 92 e.s.u. 

: 6. 12 24. 64-12-24 

and potential at O is aa A a aa AS 
po B aD co ye n 


B(+12e.s.u.) C(*24e.s.u) 
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Potential difference between O and D is 
Vo —V5—2:91—1:92—1:05 e.s.u. 
The required work done—(V, — Vp) x q—1:05x 1—1:05 erg. 


Example 14-27. A particle of mass 40 milligrams and carrying a charge 
5x 10-? coulomb is moving directly towards a fixed positive point charge of 
magnitude 1079 coulomb. When it is at a distance of 10 cm from the fixed positive 
point charge it has a velocity of 50 cm|sec. At what distance from the fixed point 
charge will the particle come momentarily to rest ? Is the acceleration constant 
during the motion ? [4. I. T. *75] 

Solution: The K. E. of the particle of mass 40 mg—40x10-* kg when 
it is at a distance of 10 cm—0:1 m from the fixed positive charge 
50! 2 
100 
5x 10-7? x 1079 

01 

Let the particle come momentarily to rest when its distance from the fixed 

charge is x m. Its K.E. at that point is zero. But now its P. E. 


5x107x107* 0:45x 10-6 
x x 


=i my? =} x 40x 1076 x ( —5 x 10-4 joule 


Its P. E. at this position=9 x 10° x 


=4'5 x 10° joule 


=9x 10°x joule 


From conservation of energy principle, 
5x 10-8 45 x 10-6045 x 10"* 


0°45 E 
x— m—4-73 cm. 

The acceleration (negative) will not remain constant during the motion of the 
particle. The force of repulsion being inversely proportional to the square of 
the distance will increase as the particle approaches the fixed charge. Hence 
its negative acceleration will increase in a similar manner. 


Example 14:28. Two equal point charges each of +100 e.s.u. are placed at A 
and B 20 cm apart. A particle of charge —100 e.s.u. is projected along the per- 
pendicular bisector of AB from the midpoint of the line AB, with a kinetic energy 
1000 erg. Find the maximum distance that the particle moves before it turns back. 


Solution ; Let the particle move upto D where it turns back again (see fig.). 
Also let CD—x cm. i 


AD=BD=vVx"4+10? cm. 
From the principle of conservation of energy, the initial K. E, of the particle 
must be equal to its P.E. at the point D when it turns back. 
Now, ignoring the sign, the P.E. of the particle at D due to the field of 4 is 
... 100 x 100 
Cy 


1 erg. 
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Also, that due to the ficld of B is 


__ 100 x 100 
-1008.54 ? Vx to 


is) 


Net P.E. of the particle at D 
12 100 
y x? +10 
2x 100 x 100 
Hence, —————10 
A 10cm.C 10cm. B ence, -7x24 10 


+100¢e.s.u 4100 e. S.V. or, x—104/3—17:3 cm. 


g 


14:20. Equipotential surfaces 


In any electric field we can usually find out a number of continuous points 
at which the potentials are all of the same value. A surface drawn through all 
points in an electric field having the same potential is called an equipotential 
surface. Thus an equipotential surface is a surface at all points on which the 
potential is the same. Any number of such surfaces can usually be constructed 
forany electric field, each of them corresponding toa different value of the 
potential, Sketching of equipotential surfaces, therefore, provides a graphical 
representation of the potential distribution in an electric field, 

Some important facts about equipotential surfaces are given below :— 

(i) The work done in moving a charge from one point to another on an 
equipotential surface is zero. 

This property follows directly from the definition of an equipotential surface, 
because the potential difference between any two points on a particular 
equipotential surface is always zero. From -eqn. 149, if V4—V,-—0, then 
Wra=0. The fact that the potential difference does not depend on the path 
between the two points, shows that this holds true even if the path connecting 
the points A and B does not lie entirely on the equipotential surface. 


(ii) Lines of force are, at all peints, normal to the equipotential surfaces. 


The electric intensity at any point on an equipotential surface, must be along 
the normal to the surface. if this were not so, the intensity would have a com- 
ponent lying in that surface. Then the work would have to be done in moving 
a charge over that equipotential surface. But this is impossible, and since the 
electric intensity is tangential to a line of force, it 
follows that the line of force must be at right angles E 
to the equipotential surface. In other words, lines of g 
force and the equipotential surface form a mutually 
perpendicular network. 

. The above conclusion can be alternatively proved S 
as follows :— 

Let us consider two neighbouring points 4 and B EC 
in an electric field [Fig. 14:14], the potentials at these- two points being 


ELECTRIC FIELD AND POTENTIAL 309 


y, and V, respectively. The two points lie on a surface S, Let the intensity 
E make an angle @ with the line 4B. .Then the work done in moving a unit 
positive charge from A to B is given by 
W „n= E cos 0x AB 
But Win=Va—Va 
i Va—Va =E cos 0x AB 
If the surface S be an equipotential one, then V a= Va. 
.. Ecos 0x AB=0 
But E40, ABO, .. cos 0—0, or 6=7/2 
Hence the intensity is always at right angles to an equipotential surface. 


(ii?) The surface of a conductor on which the electricity is at rest must 
necessarily be an equipotential one. 

For if this was not so, difference of potential would exist between different 
points on the surface producing a movement of charges along the surface. But 
this contradicts our postulate that the charges on the conductor are static. 


This property implies that the lines of force must meet the surface of a 
charged conductor normally if the charges on it are at rest. 

As examples of equipotential surfaces, we first consider the simplest case of 
the field due to an isolated point charge. From the expression for the potential 
(V=q|kr), we see that all points at the same distance from the charge have the 
same potential Hence the equipotential surfaces in this case are a series of 
concentric spheres described about the point charge as centre [Fig. 14:15(a)]. 
In the figure the equipotential surfaces have been drawn with full lines while 
the lines of force as broken lines with arrows. We should remember that 
actually the field is three dimensional. 


(a) (b) (c) 
Fig. 1415: Equipotential surfaces 


Figs. 14:15(b* and (c) show the equipotential surfaces and the lines of force 
for two equal and unlike point charges and fora uniform field respectively. In 
the latter case, th equipotential surfaces are obviously parallel planes perpendi- 
cular to the lines of force, 
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14-21, Potential and the gold-leaf electroscope. 


In the foregoing chapter, we have already seen that the divergence of the 
leaves of a gold-leaf electroscope indicates the presence or sign of an electric 
charge ; it also makes a rough measurement of the quantity of charge. It may 
be stated now that actually the gold-leaf electroscope is primarily a device for 
measuring potential rather than charge. The divergence of the leaves indicates 
and provides a measure of the potential difference between the leaves and 
the case. 


rtt 


(a) (b) (c) 
Fig. 14-16: Divergence of the leaves indicate p. d. between 
the leaves and the case 


Fig. 14:16 (a) illustrates the divergence of the leaves when a charged body 
(say, positively charged) is brought near the disc to conduct the usual test for 
the presence of a charge. The case is grounded and hence its potential is zero. 
The presence of the positively charged body above the disc has raised the 
potential of the leaves and the disc to a positive value. The net charge on the 
electroscope is zero because no transfer of charge to or from it has taken place. 
The divergence of the leaves, therefore, takes place due to the difference of 
potential between the leaves and the case. 

The electroscope is now placed on an insulating slab so that the case gets 
insulated from the earth, The disc is earthed so that the disc and the leaves 
are maintained at zero potential [Fig. 14:16 (5b)]. If a charged conductor, say 
a negative one, is brought near to, or touches the insulated case, it is found 
that the leaves diverge. The presence of the negatively charged conductor 
lowers the potential of the case to a negative value so that a potential 
difference is set up between the leaves and the case causing thereby the 
divergence of the leaves. 

Thirdly, the electroscope is placed as before on a slab of insulating material. 
The disc and the case are joined by means of a conducting wire as shown 
in Fig. 14:16 (c). -In this case, it is found that no divergence of the leaves occurs 
when a charged conductor is brought near the disc of the electroscope. The 
same phenomenon is observed even ifthe electroscope is charged by touching 
the disc with the charged conductor. The explanation lies in the fact that 
since the leaves and the case are connected electrically, they always remain at 
the same potential and hence the leaves do not diverge. 
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The above experiments, therefore, conclusively prove that the divergence of 
the leaves in a gold-leaf electroscope indicates the potential difference between 
the leaves (or disc) and the case. It is found that, the greater the said potential 
difference, the larger is the divergence. Hence the divergence of the leaves also 
provides a rough measure of the potential difference between the leaves and 
the case. 


1422. Electrostatic induction and potential. 


Earlier we have explained the phenomenon of induction from the concept of 
force between charges. To explain the phenomenon from the view point of 
potential, let us refer back to the Fig. 13:9, When the positively charged rod 
Ais presented near the uncharged conductor BC, the potential at the near 
point B due to the charge at A will initially remain at the higher value than 
that at far point C. Soa flow of electrons from the lower potential point C to 
the higher potential one B ensues. This current of electrons continues for a 
negligibly short time and ceases when the potential at every point of the 
conductor becomes the same. So the end B is left with an excess of electrons 
and hence becomes negatively charged. Obviously the far end C becomes 
charged positively. The original field of A gets distorted and BC acquires a 
positive potential less than that of A. BC still has zero net charge since it has 
not lost or gained electrons. 


Inasimilar way, the phenomenon of induction when the inducing charge 
on A is negative can be explained. 


14:23. The potential of conductors. 


We have already observed from theoretical considerations that a conductor 
with a static charge is an equipotential body i.e. all points on its surface must 
have the same potential. This immediately leads to the following important 
conclusions :— 


(i) Lines of force must always meet the surface of a conductor with static 
charge normally. 


(ii) No lines of force can begin and end on the same conductor. 

The explanation of the first conclusion has already been given. The second 
conclusion also follows immediately because if this was not so, then it would 
indicate that there is a difference of potential between the two points of a 
conductor joined by a line of force because a positive charge would move from 
one point to the other along the line offorce. This contradicts the fact that 
the conductor is an equipotential body. 

The second conclusion also shows that no line of force can exist inside a 
charged hollow conductor. Hence the field inside a charged hollow conductor 
must have zero intensity and the potential, therefore, must be uniform having the 
same value as that of the conductor. These conclusions can be experimentally 
demonstrated with the help of a gold-leaf electroscope as follows :— 

Demonstration Experiment: (i) A copper wire is connected to the disc 
of the electroscope. It is then wound two or three times round an ebonite 
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rod leaving a free end of the wire. The ebonite rod serves as an insulating 
handle. A conductor 4B onan insulating stand is placed at a large distance 
from the electroscope so that it produces 
no induetive action on the electroscope. 
A charged rod is brought near AB so 
that its ends get oppositely charged by 
induction [Fig. 14:17]. The free end of 
the copper wire is then made to touch 
AB. As itis moved over the surface 
of AB, it is found that no matter 
where the wire touches the surface of 
the conductor, the divergence of the 
Fi leaves always remains the same. This 
ig. 14 17 : : 

proves that the potential at ail points 

on the surface of the conductor 4B is the same, 


INSULATING 


(ii) A charged pear shaped conductor fitted on an insulating stand is taken 
We know that the surface density of 
charge on such a conductor is not uni- 
form ; greater concentration of charges 
occurs near the pointed end. As in the 
above experiment we move the free end 
of the copper wire over its surface and 
find that the divergence of the leaves 
remains the same [Fig. 14°18]. Hence 
the potential all over the conductor is 
uniform, 


(iii) A charged hollow metallic can is Fig. 1418 
placed on an insulating stand at a considerable distance from the electroscope. 
Holding the eboaite rod, the free end of the wire is gradually introduced within 
the can when the leaves are found to 
diverge gradually (Fig. 14:19). When the 
end is well within the can the divergence 


4 4 reaches a maximum value. If now the 
R end is moved to and fro inside the can 
to examine different regions, it is found 

+ t that the divergence remains unaltered. 
ee i The end of the wire is now made 
4 to touch the inside and' also the outside 

A of the can; yet no change in divergence 


= of the leaves is noticed. This shows 

Fig, 14:19 that the potential throughout the interior 

of a hollow conductor is uniform and equals that of the conductor itself. 
This also demonstrates that although no charge resides in the intericr of the 
aoitow conductor, the potvatials re the same on both inside and outside surfaces. 
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14:24, Electrical screening. 


The fact that no line of force can exist inside a hollow conductor shows that 
a closed box made entirely of metal will serve as an 
electrical screen. The charges outside the box can 
produce no clectrical effect inside it. All the lines 
of force get terminated at the outside surface of the 
hollow conductor. This is illustrated in Fig. 14720. 
The screen may be as thin as a sheet of foil or a 
coat of aluminium paint; it may even be made 
of a wire mesh; this makes no difference. The 
box may be preferably earthed. This method of 
electrical screening is widely utilised in protecting 
delicate electrical instruments from outside influence. 
If we look into a valve radio set we shall see that Fig. 14:20 
the valves are encased in metal cases and are thereby electrically screened. 


@ EXERCISE 6 


[A] Essay type questions. 


1. State Coulomb's law relating to forces acting between two charges and hence define 
unit charge aad dislectric constant of the medium. What is meant by intensity of an electric 


ficid ? [ 4.S.°78 | 
2. State Coulomb’s law of force between two electrified bodies, What definition of the 
unit of charge in e.s.u. has been derived from this ? [ H. S. *81, 82, °84] 
How is this related to the practical unit of electric charge ? [ H.S. 84] 


3. In what respects do electrostatic forces differ from the magnetic and gravitational 
forces? What are permittivity and dielectric constant ? Do they differ in any respect ? 

4. Define intensity of an electric field, Show that the electric intensity due to a point 
charge is directly proportional to the quantity of charge and inversely proportional to the 
square of the distance from it. 

Two identical charges, Q each, are at a distance r from each other. A third charge g, is 
placed on the line joining the above two charges such that allthe three charges are in equili- 
brium. What is the magnitude, sign and position of the charge q ? UELT 2] 

5. (i) What is one statcoulomb ? Can you apply Coulomb’s law to get the force between - 
two extended charged bodies? Explain. 

(ii) What do you mean by an electric field ? 

(iH) 1s the electric intensity a scalar or a vector quantity ? What do you mean by a test 
charge? What is the force experienced by a charge in an electric field ? 

6. Define electric lines of force. Two equal point charges of +q are placed r cm apart 
in air, Sketch the lines of force. State the properties of electric lines of force. 

7. How do you represent the magnitude of electric intensity by lines of force? How 
many lines of force would come out of a charge q placed in a medium of permittivity k ? Will 
you call them tubes of force? Why ? 

8. What do you mean by a neutral point ? Do such points exist in an electric field ? 
Sketch the lines of force of a uniform electric field. Explain the nature of the map. State 
the properties of electric lines of force and point out the differences with magnetic lines of 
force. 
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9. Obtain an expression for the intensity at any point close to a charged conductor. In 
what way does it vary at different points near the conductor, when the conductor is irregular 
in shape ? 

10. What is meant by electrostatic potential? What are the electrostatic unit and practi- 
cal unit of potential? How are they related 7 


Define intensity of the electric field. How is it related to the electrostatic potential ? 


[ H. S. '80] 
11. Define electrostatic potential and field streagth. Arethesescalars or vectors? State 
the unit of each in the M. K. S. system. [ Joint Entrance '83] 


12. In which direction doesa free positive charge move in an electric field ? Show that 
electric forces are conservative, Can a difference of potential exist between any two points 
in a region where there is no electric field ? 

13. What is meant by the statement that the electric potential at a point is 20 volt? Why 
is the earth taken as reference of potential? Find the expression for the potential due to a 
point charge. 

14. What aro the different methods of describing an electric field? Describe their 
relative merits and demerits, 


Derive an expression for the Ki, E. acquired by a charged body inan electric field. Define 
an electron-volt. What quantity does it represent ? Why is it introduced ? 

15. Whatis meant by an equipotential surface? Draw the equipotential surfaces for a 
uniform electric field. Show that the lines of force are always normal to the equipotential 
surfaces, 

16. Can lines of force exist inside a hollow spherical conductor ? Explain your answer 
aud desoribe an experimental test in its support. State one practical example based on the 
expected result. 

17.(i) Explain the phenomenon of electrostatic induction from the concept of potential. 

Gi) Describe an experiment to show that the surface of an electrified conductor is an 
equipotential surface. 


18. Show that the divergence of the leaves of a gold-leaf electroscope indicates and 
provides a measure of the p. d. between the leaves and the case. 


[B] Short answer type questions, 
1. Two point charges q, and qs are placed d cm apart (a) in air, and (b) in a liquid, In 
which case the electric force between the charges is greater and why ? 


2, What is permittivity of a medium? Does it depend upon the system of unit chosen ? 
If 90, how ? 


3. What is dielectric constant of a medium. Does it depend upon the System of unit 
chosen? If so, how ? 

4. What is the relation between permittivity and dielectric constant ofa medium? Show 
that in c.g.s., e.s.u. the magnitudes of the both are the same. Deduce the value of Permittivity 
of vacuum in m.k.s, system. 

5. Representfield due an isolated point charge by lines of force and indicate on it the 
equipotential surfaces. Draw sketches when the charge is (a) --ve (b) — ve, 

6. State the properties of electric lines of force which are attributed to them to explain 
attraction and repulsion between electric charges. 

7. Can two lines of force intersect each other ? Explain why ? 

8. “Electric lines of force always meet the surface of a conductor normally’’—Justify the 
statement. 


9. Cana line of force begin and end on the same conductor ? Explain your answer 
logically. 
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10. ‘No electric line of force can exist inside a hollow conductor.” Why? What does 
the statement signify in terms of potential and field ? 3 

11. “In the region in which there exists an electrical potential, an electric charge always 
experiences a force." Is the statement true? If not, write its correct form. Cite an example 
in favour of your corrected statement. 

12. What is the relation between electrical potential and potential energy ? 

13. Near an isolated positive charge, the potential is positive while near an isolated 
negative charge, the potential is negative. Justify the statement. 

14. The electric potential at a point in.an electric field is measured by choosing arbitrarily 
the value of the potential at another point to be zero, called the reference point. In the 
definition of electric potential where the reference point is assumed to lie? Does any other 
point serve equally well as a reference point ? If so, what is that point ? 

15. Prove that electrical potential difference between two points is independent of path 
followed in moving the unit positive charge from one point to the other. 

16. Distinguish between statvolt and volt, What is the relation between the two ? 

17. What iselectron-volt ? Express it in terms of joule. 

18. Distinguish between statcoulomb and coulomb, What is the relation between the 
two? 

19. Justify the following statements : 

(a) The work done in moving a charge from one point to another on an equipotential 
surface is zero. 

(b) The surface of a conductor on which the electric charges are atrest must bean 
equipotential one. 

(c) The lines of force do not have realexistance, yet the concept is introduced to 
provide a convenient way of studying the nature of an electric field. i 

(d) The potential inside a hollow charged conductor is uniform having the same 
value as that of the conductor. 

20. Name some of the quantities which can be measured by a gold-leaf electroscope fitted 
with a calibrated scale. Would the scale be uniform ? Why ? 

21. Whatisthe charge on an electron? Why it is important to know the charge on an 
electron ? [ H. S.'81] 

22, Can two equipotential line intersect each other ? Justify your answer. 

23. A hollow conducting sphere of radius a is charged with electricity to a potential V and 
the total amount of charge given is q. Answer the following questions :—(i) What is the 
electric field intensity at a point just outside thesphere? (ii) What isthe intensity at a point 
inside the sphere? (iii) What is the charge density on the internal surface of the sphere ? 
(iv) What isthe potential at a point distant r from the centre, r<a i.e., the point inside the 
sphere ? [ Je. Entrance '75 | 

24. A hollow conducting sphere is taken and a negatively charged sphere is placed inside 
without touching the former. (a) Will the hollow sphere become charged? (b) In what 
region of space, electric field will exist ? (c) The charged sphere is displaced inside the 
hollow one. Will there be any change in the electric field? If so, state the nature of the 
change, (d) Another charged body is brought near the hollow sphere. What will be the 
change in the field both inside and outside the sphere ? 

25. (i) A charged particle is free to move in an electric field. Will it always move along 
an electric line of force ? (ii) Two point charges +4 and —q are placed at a distance d apart. 
What are the points at which the resultant electric field is parallel to the line joining the two 
charges ? [Z I. T. 78] 

(ii) Two hollow conductors are charged positively. The smaller is at 50V andthe 
bigger is at 100V potential. How should they be arranged such that the charge flows from 
the smaller to the bigger conductor when connected by a wire ? [L I. T. '68, 76] 
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(iv) A metal sphere is held fixed on a smooth horizontal insulated plate and another 
metal sphere is placed some distance away. If the fixed sphere is given a charge, how will the 
other sphere react ? H. J. T. 68 | 


26. (i) A metallic bob is placed on an insulating stand, It is found that the bob has a 
positive potential with respect to the earth yet it has no net charge on it. Explain how this 
is possible ? 

(ii) Ina certain region, the electric intensity has zero value, Can electric potential at a 
point of this region be of a certain non-zero value? Can the potential be zero at a region 
where the electric field intensity is not zero. Give examples to illustrate your 'answer. 

27. Faraday performed an experiment in which he placed himself inside a large metal 
box and arranged for violent electrical discharges to take place all round the exterior of the 
box, He got no electrical shock. Explain the phenomenon. 

28. An electrostatic field has the form E=E,i+E,j+E;k, where E, E, and E, are 
contants, Is this field uniform? Write an expression for potential. 


29. (a) Two point charges e; and e, placed at a distance 4 are such that there is no point 
where the field vanishes. What can be concluded from this ? 
(b) Two conductors are at a very large difference of potential. What will happen if— 
(i) the conductors are connected by a metallic wire. 
(ii) the air between the conductors contain ions of both signs. 
(iii) there is vacuum in the space between the conductors, [ Jt. Entrance '82] 


[C] Simple Problems. 


1. The forces of attraction between two charges of +80 and —70 e.s.u. separated by a 
distance of 25 cm is found to be 4 dyne. Find the dielectric constant of the medium. 
$ (C. U. 65) | Ans. 2:24] 
2. Two negatively charged specks of dust repel each other with a force of 9 dyne when 
the distance between them is 2 mm. If the charge on one is four times that on the other, 
calculate the number of excess electrons on each speck. The charge of each electron is 
5x 1071? e,s.u. [ Ans. 6x108, 24x 10? e.s.u. J 
3. Inthe hydrogen atom, the distance between the electron and the proton is 5:3x 107? 
cm. Show that the gravitational force is negligible compared to the electrical force between 
them. Given, electronic charge and mass=4'8 x 10-1 e,s,u. and 9x 10-*5 gm, the proton being 
1836 times heavier than an electron. [ Ans. The ratio of the forces--4:3 x 10-4 ] 
4. Two identical spheres of mass 20 gm are placed at a distance of 1 m apart. Each of 
them is given a charge q. Determine the value of q if the electrostatic force of repulsion just 


balances the gravitational force of attraction, Neglect the radii of the spheres in comparison 
to the distance between them. [ Ans. 5:2x107? e.s.u. ] 


5. Two small insulated metal spheres of same size are charged with --40 and —10 e.s.u. of 
charge respectively. What is the force between them when they are kept 20 cm apart in air ? 

If they are put in contact and then separated, how far must they be placed so that the 
force betwecn them is of the same magnitude as in the previous case. [4ns. 1 dyne ; 15 cm] 
6. Two very small identical metal spheres having opposite charges are kept 2-cm apart. 
The force of attraction between them is 4 dyne. The spheres are then connected together by 
a conducting wire, which is then removed, If now the spheres repel each other with a force 
of 2:25 dyne, calculate the initial charges on them, [ Ans. 8 and —2e.s.u.] 
7. A pith ball of mass 0:05 gm carries a charge of 100 e,s.u. What must be the charge on 

a ball placed 10 cm directly above the pith ball which will hold the pith ball in equilibrium ? 
[4. I. T.'54] [ Ans. —49 e.s.u.] 
8. Two equal negative charges of 2 e,s,u, and a positive charge are placed in the same 
straight line. At what position and for what value of the positive charge the system will be 
in equilibrium ? State the nature of the equilibrium, [ Ans, 0'5 o.s.u. ; unstable] 
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9, Four charges, each of magnitude +4 e.s.u. are placed at the corners of a square of side 
10cm, What charge should be placed at the centre of the square so that the system remains 
in equilibrium ? [ Ans, —3:83e.u.] 

10. An electron of charge e and mass m revolves in a circular orbit of radius r about a 
nucleus of charge Ze. Find the velocity of the electron in the orbit. 

Calculate the numerical value of the velocity in case of a hydrogen atom. 

[ Given e—4:8 x 1071 e.s.u., m—9:1x 107** gm, r=1 x 10-8 cm] 
[ Ans. v= y(Zezfmr) ; 159x10% cm/sec) 

11, 64 similar drops of water, each of radius 2 mm and having a charge of 3 e.s.u. coalesce 
to form a single drop. Compare the surface densities of charge in the two cases. [ Ans, 1:4] 

12. Two point charges 10 and 20 e.s.u. respectively are placed 30 cm apart. Calculate (a) 
the electric intensity and (b) the potential at a point midway between them. 

[ Ans. (a) 0:044 dyne away from 20 e s.u. charge (b) 2 e,s.u. ] 

13. Two point charges A and B of +16 and —9 e.s.u. respectively are placed 7 cm apart 
in air, Locate the point on the line AB where the potential is zero. — [ Ans. 4:48 cm from A ] 

14. Two small charged bodies carrying +10 and +40 e.s.u. of charge respectively are 
situated in air 6 cm apart. Find where on the line joining them the electric intensity is zero. 
Also solve the problem with +10 e.s.u. charge replaced by —10 e s.u. 

[ Ans. 2cmfrom +10 e.s.u. in between the charges; 6 cm from — 10 e.s.u, on the side 
opposite to that of +40 e.s.u ] 

15. Three point charges 6, 14 and 18 e.s.u. respectively are placed at the three corners of 

a square. What charge must be placed at the fourth corner so that the potential at the 
centre of the square is zero. [ Ans. —38 e.s.u. ] 


16. Three charges +10, +4 and +4 e.s.u, are placed at the three corners A, R and C of 
an equilateral triangle of sides 2 cm. Find the potential and intensity at the middle point of 
BC. [ Ans. 13-77 e.s.u. ; 3:33 dyne away from A } 


17. Two equal charges of 5 e.s.u. are at a distance of 20 cm apart. Calculate the electric 
intensity both in magnitude and in direction at a point situated 20 cm from each of the two 
charges. 

What is the intensity when the two charges are of opposite sign ? 

[4ns. 0:0217 dyne along perpendicular bisector of and 0:0125 dyne parallel to the line 

joining the charges. ] 

18. A particle of mass 4 gm and charge 10 e.s.u. is placed in a uniform electric field of 
intensity 600 volt/cm. With what acceleration does it move ? [ Ans. 5 cm/sec? ] 


19. Two small metallic spheres, each of mass 0:5 gm are suspended from the same point 
by silk threads, each of length 30cm. The spheres are then charged with equal quantities of 
positive electricity so that when equilibrium is attained, the threads make an angle of 60° with 
each other, Calculate charge on each sphere. ( Ranchi '63 ) [ Ans. 5046 e.s.u. } 

20. Two particles each of mass m gm and charged with q units of positive electricity are 
suspended by light insulating threads of length 1 cm from the same point. In the position of 
equilibrium, each thread makes an angle of 45° with the horizontal. Prove that q= v2mg 
Where g is the acceleration due to gravity. ( Patna '54 ) 


21. At the eight corners of a cube of side a cm are situated equal charges of q units each, 
What is (i) potential (ii) intensity at the centre of the cube ? [ Ans. (i) 16/4/3a (ii) 0 ) 
22. To what potential must we charge an insulated sphere 10 cm diameter so that its 
surface density of charge is unity ? [ Ans. 62:8 e.s.u. | 
23. Accurate work has shown that the earth has a negative charge and the corresponding 
intensity at the earth's surface is found to be equal to 1:3 V/cm, If the radius of the earth is 
6400 km, what is the magnitude of this charge ? [ Ans, 5:92 x105 coulomb ] 
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24. A small pith ball of mass 0:3 gm is suspended by a weightless thread between two 
vertical parallel plates which are separated by a distance of 5 cm. The ball carries à charge 
of49e,.u, What potential difference should be applied between the plates so that the thread 
is deflected by 45° from the vertical ? (1.1. T. '70) | Ans. 30 e.s.u. } 


25. The potential at point A in an electric field is 400 volt and at a point B is 1000 volt. 
What work must be done to move a positive charge of 3x10-8 coulomb from point 4 to the 
point B ? [ Ans, 1:8x10^5 joule ] 


26. A small charged body carries a charge of +100 e,.u. What work should be done on 
a unit positive charge to carry it from a point 200 cm due east of the body to a point 100 cm 
due west of it ? [ Ans. 0°5 erg} 


27. Atthe corner A of a square ABCD of side 10 cm is placed a charge of +200 e.s u. 
Another chargé of —100 e.s.u, is located at the centre of the square. Find the work done in 
carrying a charge of +15 e.s.u. from the corner C to thecorner B of the square. (/.1.7.’72) 

[ Ans. 87:9 erg] 

28. Two points, A and B, are 15 cm apart. It requires 25 joule of work to move a charge 
of 5 coulomb from A to B in 3 sec. (a) What is the potential difference between 4 and B? 
(b) Which point is at the higher pcvential ? [ Ans. 5 volt, B] 


29. Ina uniform field of intensity 50 e.s.u of potentiallem, a point charge of —4 e.s.u. is 
placed at a point where the potential is 300 esu. Under the action of the field, the charge 
moves to another point 6 cm away. Calculate the amount of work done by the field and also 
find the potential at the second point. [ Ans, 1200 erg, 600 e.s.u. ] 


30, Three charges +g are kept fixed at the vertices of an equilateral triangle of side x. 
At a time t=0, they are released. Determine the total, kinetic energy of the charges after a 
long (‘infinite’) time. [ Ans. 3q*/x] 
31. Two point charges of value —20 e.s.u and +20 e.s.u. are placed on the axis at x=—10 
. em and at x=+10 cm respectively. Calculate (i) the potentials and (ii) the electric fields at 
the points P(x=0, y=10 cm) and Q (x=20 cm, -y=0). (iii) Find the work done in carrying a 
unit positive charge from P to Q along a straight line joining P and Q. (iv) Is there any path 
along which the work done is less than the above value ? Why ? (LUT. 74) 
{ Ans, \/) 0 and 1:33 e.s.u. (ii) 014 and 0-18 dyne]e.s.u. (iif) 133 erg (iv) No. Work done is 
independent of path. ] 
32, A and B are two points at à distance 15 cm apart lying on a line of force in an uni- 
form electric field having potentials 500 volt and 2000 volt respectively. A sphere of mass 
10 gm and charge 20 e.s.u. starts from Btowards A. Caleulate the acceleration of the sphere. 
[ Ans. 0:67 cm/sec? ] 
33. If electrons are caused to fall through a potential difference of 180 volt, determine 
their final speed if they were initially at rest. 
Given, mass of an electron=9 x 107?! kg. Charge of an electron —1:6x 10- coulomb, 
(Jt. Entrance’72) {Ans. 8x10* m/sec] 
34, Find the kinetic energy (in erg and eV) acquired by an electron in falling through a 
p. d. of 60 kV (kilovolt). Given charge of an electron=4°77 x 10729 e.s.u. , 
[ Ans. 9:54x407* erg ; 60 keV ] 
35, Inan electron tube the two electrodes at a difference of potential of 100 volt are 0'6 
cm apart. How long would an electron take, starting from rest at one electrode, to reach the 
other ? Given, electronic charge--4-77 x 107 e.s.u. and mass=9 x 107! kg. 
| Ans. 2:02x 107* sec ] 


36. AR electron starting from rest moves through a potential difference of 280 volt and 
attains a speed of 10° cm/sec. Determine the charge of the electron, given that its mass 


=8°9 x 107? gm. [ Ans. 477x10719 c.s.u. 
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[D] Harder Problems. 


1. Two particles are kept at a distance of 10 cm in air. Find out how a total charge of 
20 e.s.u. should be divided between the two particles so that the force of repulsion between 
them will be maximum. Justify your answer. Calculate the maximum force. What is the 
work done in reducing the separation between the two charges to 5 cm ? C I.LT. '69 ) 
[ Ans, 10 esu. 10 e.s.u, ; 1 dyne ; 10 erg] 
2. The period of a simple pendulum is 6 sec, The metallic spherical bob is of mass 2 gm 
andis negatively charged. The suspension is made of an insulating material, A positively 
charged plate is placed just below the bob when ths period of oscillation decreases to 2 sec. 
Determine the electrical force exerted on the bob. [ Ans. 16 gm-wt } 
3. Three charges +27, —125 and +64 e.s.u, are situated at the corners A, B and C respec- 
tively of a rectangle ABCD having sides AB=8 cm and BC=6cm, Find the force on a 
charge +5 es.u placed at D. Find also the potential at D. [ Ans. Zero, Zero] 
4. Four charges +g, +9, —4, —4 are placed respectively at the corners A, B, Cand D of 
square with side a, arranged in the given order. Calculate the electric potential and intensity 
at O, the centre of the square. If E and F are the midpoints of sides BC and CD respectively, 
what will be the work done in carrying a charge e from O to E and Oto F? (LLT. 77) 
[ Ans. 0,442 qla? along OF, 0, 4 eq (1— v5)/ v5a] 
5. An infinite number of charges each equal to q are placed along the x-axis at x—1, x=2, 
X«4, X-48..andso on. Find the potential and the electric field at the point x=0 due to this 
set of charges. What will be the potential and electric field if, in the above set up, the 
consecutive charges have opposite sign ? (LI. T.74) 
[ Ans. 2, 4q/3 in the —ve direction of x ; 29/3, 44/5 in the same direction if the nearest 
charge is --ve ] 
6. Acopper wire ring of radius ris given a charge e. Determine the intensity produced 
by this charge at (i) the centre of the ring; (ii) a point situated on the axis of the ring at a 
distance r from its centre. [ Ans. (i) 0 (ii) ev2/4r* 
7. Two fixed positive charges 4g and q are separated by a distance d. A third charge is 
placed on the same line so that the entire system is in equilibrium due to mutual electric forces 
between the charges. Find the magnitude, sign and position of the third charge. 
[ Ans. 4g[9 , negative ; d/3 from q } 
8. Anelectron with an initial velocity is projected in the space between two parallel plates 
at a point midway between the plates and parallel to the plates. Tne potential difference 
between the plates is 600V. The spacing between the plates is 4 cm and the length of each 
plate is 9cm, What is the maximum speed that the electron can have initially so that it does 
not come out of the plates? Given, charge and mass of an electron=1'6 x 107° coulomb and 
9x 10-5 kg respectively. [ Ans, 2:325 x 10? cm/sec ] 
9. Two identically charged spheres are suspended by strings of equal length. The strings 
make an angle of 30° with each other. When suspended in a liquid of density 0-8 gm/cc, the 
angle remains the same, What is the dielectric constant of the liquid ? 
The density of the material of the spheres is 1-6 gm/cc. (LLT. 76) [ Ans. 2) 
10. Two small conducting spheres having same mass and charge are suspended from the 
same point with two strings of equal length. The spheres remain at equilibrium with their 
centres 10 cth apart. Now, one of the sphere is discharged, What happens to the spheres 
after this ? Also find the distance between the spheres wh2n the equilibrium is reestablished. 
Assume that in both cases, the distance between the spheres is small compared to the length 
of the strings. [ Ans. Distance =10/(4)?=6:3 cm } 
11. A very small pith ball of mass 1 gm carrying an electric charge of 980 c.g.s. units is 
dropped on a charged sphere of radius 10 cm from a height of 1 m above the centre of the 
latter. It is found that the pith ball just comes to rest on the charged sphere before being 
repelled away again, Calculate the charge on the sphere. (LT. '67) 
[ Ans. 1000 c.g.s unit ] 
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12. A positively charged oil droplet remains stationary in the electric field between two 
horizontal parallel plates separated by a distance of 1 ¢m. If the charge on the drop is 
9:6x 10-1 e. s. u, and the mass of the dropletis 107! gm, what is the potential difference 
between the plates? Now, if the polarity of the plates be reversed, what is the instantaneous 
acceleration of the droplet ? (LLT. '74) [ Ans, 10:21 e.s.u ; 1960 cm/sec? ] 

13. Two equal point charges A and B each of +1090 e.s.u. are placed 200 cm apart in air. 
A particle carrying a charge of —1000 e.s.u. is projected along the perpendicular bisector of 
AB from the point C midway between 4 and B, with a kinetic energy of 10*erg. How far 
will the particle move before it turns back ? . (CLLT. 71) [ Ans. 173:2cm] 

14. Three charges, each of value q, are placed at the corners of an equilateral triangle. 
A fourth charge Q is placed at the centre of the triangle. (i) If Q——4, will the charges at 
the corners move towards the centre or fly away from it? (ii) For what value of Q will the 
charges remain stationary ? In this situations, how much work is done in removing the 
charges to infinity ? (LLT.'78) [Ans. Towards centre ; —q/ v3, zero } 

15. The outer one of two concentric metallic spheres having radii a and b (b>a) hasa 
charge q. If the inner sphere is earthed, what is the charge on it ? { Ans. —aqg|b] 

16. Two particles of mass m and charge e are suspended from the same, point by strings 
of length /, Prove that the inclination of the strings to the vertical is given by 

4mgl? sin*0 =e? cos 

17. Three equal small spheres each of mass m and each carrying a charge e are suspended 
by strings of length / from the same point. If d be the distance between a pair of spheres 
when the system is in equilibrium, show that 

9e —d*( m*g*d*--3e* ) 


18. A thin fixed ring of radius 1 metre has a positive charge 1x10-5 coulomb uniformly 
distributed over it. A particle of mass 0:9 gm and having a negative charge of 1 x 10-5 coulomb 
is placed on the axis at a distance of 1 cm from the centre of the ring. Show that the motion 
ofthe negatively charged particle is approximately simple harmonic. Calculate the time 
period of oscillations, (I.I. 7°82) [ Ans. 2/5 sec] 

19. A spherical ball of mass zi with charge q can revolve in a vertical plane at the end of 

_a string of length /. At the centre of revolution there is a second ball with a charge identical 
in sign and magnitude to that of the revolving ball. What minimum horizontal velocity must 
be imparted to the ball in the lowest position to enable it to make a full revolution ? 


LOVE 


1 5 CAPACITANCE 
CHAPTER 


15:1, Capacitance. 


When certain amount of water is poured in a vessel, the water comes up to a 
definite level in it. Similarly when some charge is given to a conductor, its poten- 
tial rises by a definite amount. Just as the level to which water rises is propor- 
tienal to the amount of water poured in, similarly the potential of the conduc- 
tor is proportional to the charge given to it. 

In symbols, if a charge q be given to a conductor, let its potential rise by an 
amount V. We shall see later that the magnitude of V depends on the size and 
shape of the conductor and on its positien relative to any neighbouring conduc- 
tors ; it is also dependent on whether these neighbouring conductors are insula- 
ted or earthed. 


Under any particular set of conditions, 
qcV 
or, j-— constant—G (say) Ds a. (051) 


This constant isa specific property ofthe particular conductor under the 
given conditions and is called the capacitance (or the capacity) of the conductor 
under the conditions specified, Its value is independent of the charge present 
on the conductor. So 

Capacitance (or capacity) = Se 

Thus the capacitance (or capacity) of a conductor under specified conditicns 
is the ratio of the charge on the conductor to the potential to which this charge has 
raised it. The capacity of a conductor is thus the charge required to raise the 
potential of the conductor by unit amount. 


15:2. Factors affecting the capacitance of a conductor. 

The capacitance of a conductor depends upon (i) its size, Gi) its shape, 
(iii) the presence of other conductors in the neighbourhood (especially earthed 
conductors), and (iv) the nature of the dielectric medium surrounding it. 

From the definition of capacitance, it follows that the factors which affect 
the potential of the conductor should also affect its capacitance, Lowering of 
the potential produces a proportionate increase in the capacitance and, vice-versa. 

A. Dependence of capacitance on the size and shape of conductors, 


For an isolated conductor (i.e. a conductor whieh is free from the influence 
of any other charged body), the capacitance depends upon its size and shape. 4 
P-1/21 
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conductor fof greater size has a larger capacitance. Similarly, an increase in the 
surface area of a particular conductor also increases its capacitance. 

Demonstration Experiment: (1) Two metal cans of identical shape but - 

of unequal size are placed on the discs of 

two identical electroscopes (Fig. 15:1). Or, 

quus better still, they may be placed oa insulating 

CHARGE stands and are connected electrically to the 

electroscopes by copper wires. At first, the 

cans and the electroscopes are uncharged. 

This is ensured by touching them with 

hand, Equal amounts of charge, say g, are 

then given to the cans. It will be found 

that the divergence of the electroscope leaves 

is smaller corresponding to the larger can 


Fig 151; Dependence of showing that its rise of potential is smaller. 
capacitance on size - The larger can, therefore, have a higher 
capacitance. 


The same experiment may be performed with hollow cans of different shapes 
to show the dependence of capacitance on the shape of the conductor. 

(2) The dependence of capacitance on the surface area of a conductor may 
be demonstrated beautifully as follows :— 
i One edge of a long rectangular sheet of tin foil is attached to a rod of insulat- 
ing material e.g. glass. The rod is supported horizontally on insulating stands 


[Fig. 15:2], By rotating this rod, the foil may be wound u Iled like 
a curtain. The other edge of the foil is j ER 


attached to a heavy metallic rod to main- ; doccia 
tain the foil vertical, The foil is connected 
to an uncharged electroscope by means 
of a wire, The foil is then charged 
by induction when rolled up. The diver- 
gence of the leaves provides an indication 
of the potential of the foil. The foil is 
then slowly unrolled. The divergence of 
the leaves diminishes showing a fall in 
its potential. If the foil is now re-rolled en capacitanca 
completely, the divergence of the leaves oenige aron 

again becomes the same as at first, thus showing that 

has: been lost during the experiment. Since the ip d dus 


unaltered, we can conclude that as the surface area increases, the capacitance 
of the foil increases, 1 


B, Dependence of capacitance on the presen 
NONU P ce of neighbouring 


As explained below, presence of conductors in the proximity of a charged 
conductor lowers the potential of the latter. Hence its capacitance increases. 
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The effect becomes much more marked if the neighbouring conductor is 
grounded. 

Demonstration Experiment: A plane metallic plate A is mounted verti- 
cally on insulating stand. It is connected by a wire to an uncharged gold-leaf 
electroscope. The plate is then charged positively by induction. The ieaves 
of the electroscope diverge, the amount of divergence indicating the potential of 
the plate [Fig. 15:3 (a)]. 


iA 
i 
H 
E 
+ 
+ 
LARGE SLIGHTLY SMALLER VERY SMALL | 
DIVERGENCE DIVERGENCE DIVERGENCE 
(a) 5 (c) 
Fig. 15:3 


An insulated second metal plate B which is uncharged, is then slowly brought 
very close to A in such a way that the two plates are parallel to each other, Care 
should be taken that B does not touch the first plate 4. It will be essen that the 
divergence of the leaves decreases slightly indicating a lowering of the potential 
of A (Fig. 15:3 (D]. If Bis withdrawn the divergence increases to the same 
value as before, showing that the total charge on A remains unaltered. Hence 
we conclude that the presence of P has slightly increased the capacitance of 4. 


The plate B is now earthed by touching it with the finger or by connecting it 
by means ofa wire toa nearby water pipe. If it is then taken as before to the 
close proximity of A, the divergence of the leaves gets sharply reduced indicating 
a large reduction in the potential of A [Fig. 15-3(c)]. On removing the earthed 
plate B, the leaves will diverge again to the same extent as at first, This shows 
that none of the charge has been lost from the electroscope. Hence the presence 
of the earthed plate B produces a large increase in the capacitance of A. 


The phenomenon can be explained as follows :— À 

The positive charge on A. induces negative charge on the side of B nearer to 
A and positive charge on the other side of B. The induced negative charge will 
produce a lowering of the potential of all neighbouring points and hence also of 
the plate 4. The induced positive charge gives rise to just opposite effect. But 
the induced negative charge being nearer to A, its effect will be more pronoun- 
ced, So the net result is that the potential of A is slightly lowered. 

When B is earthed, the induced positive charge being free escapes on to the 
earth, As there is now only the induced negative charge in B, a marked reduc- 
tion in the potential of 4 takes place, 


324 ELEMENTS OF HIGHER SECONDARY PHYSICS 


C. Dependence of capacitance on the nature of the medium. 


The presence of a dielectric medium near a conductor increases its capacitance. 
The effect increases with the value of the dielectric constant of the medium. The 
fact may be demonstrated as follows :— a 

Demonstration Experiment: As in the previous experiment, a charged 
metal plate A connected to an electroscope is taken [Fig. 15-4(a)]. A thick slab 
of dielectric e.g., glass or ebonite, is 
brought slowly near to A [Fig. 15:4(5)]. 
The divergence of the leaves decreases. 
This implies a. decrease in potential and 
hence a rise in the capacitance of A. 
Withdrawal ofthe dielectric slab restores 
the leaves to their original divergence, 


The phenomenon can be explained as 
before. Due to induction, the dielec- 
tric gets polarised and hence opposite 

(a) : (5) charges appear on its opposite faces, 
Ped Arguments similar to the previous case 
willexplain the consequent increase in the capacitance of A, 


N.B. The potential of a conductor depends upon the same factors as its 
capacitance. But itis obvious that the dependence of potential on the above 
mentioned factors is just the inverse of that of capacitanoe. 


A 


SLABOF 
DIELECTRIC 


LARGE DIVERGENCE SMALLER DIVERGENCE 


15:3. Capacitors or Condensers. 


An electric capacitor or condenser may be described as any arrangement by 
which the capacitance of a conductor can be increased. We have already seen 
in the previous article that the capacitance of a conductor is vastly increased 
by placing another earthed conductor in its proximity. This principle is utilised 
in practice for the construction of capacitors. So we ean also define a capacitor 
asan arrangement of two conductors held close to each other and separated by a 
nonconducting medium (known as dielectric). These conductors are also known 
as plates of the capacitor. Usually one of the two conductors is earthed and 
the other conductor is given a charge so that the first conductor acquires an 
equal and opposite charge. 

Actually all charged conductors are, in practice, capacitors because the floor 
or the walls of the room serves the purpose of earthed conductor. 

The term ‘condenser’ is also frequently uséd instead of ‘capacitor’. The 
latter is, however, preferred in modern usage, because nothing is actually ‘con- 
densed’ in a ‘condenser.’ 

If the plates of a charged capacitor are suddenly joined by.a conductor, 
electrons flow from the negative plate to the positive one till the potential 
difference is neutralised, The capacitor is then said to have been discharged. 

During the process of charging a capacitor, the potential difference between 
the plates increases continually. When this becomes too great the insulating 
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power of the dielectric may break down. A spark then passes between the plates 
thus discharging the capacitor. 


Capacitors are used for temporary storage of charge. The capacitance of a 
capacitor provides a measure ofits ability to store charge whena potential 
difference is established between the two conductors. This may be compared 
with the capacity of a container for storing water. The analogy is however not 
strictly valid because, in principle, there is no limit to the amount of charge that 
may be stored in a capacitor (or also in a simple conductor) as long as it can be 
properly insulated from its surroundings. On the other hand, a particular contai- 
ner has a definite capacity of storing water. A better analogy to a capacitor is 
an air tank, Any amount of air can, in principle, be forced into it by increasing 
the applied pressure ; the limit is imposed only from the practical consideration 
that the tank must be strong enough to withstand the pressure. 


The capacitance of a capacitor is defined as the ratio of ihe absolute magni- 
tude of charge on either conductor to the potential difference between the two con- 
ductors. Alternatively, it may also be defined as the charge required on one con- 
ductor to raise the potential difference between the two conductors by unity. So 
if q be the charge on either conductor of a capacitor and V be the potential 
difference between the two conductors forming the capacitor, then its capaci- 
tance, C is given by 


-4 TA . 
C y Pris (15:2) 
or, q=CV mae ase (15:3) 
xa Charge. 
Thus < Capacitance p rennal df enc 
or, Charge —Capacitance x Potential difference - 


Thus the amount of charge which can be stored in a capacitor is directly 
proportional to the potential difference between the two conductors, It should 
be noted that, considered as a whole, the net charge on a capacitor is zero 
because equal and opposite charges reside on the two constituent conductors. 
So by “the charge on a capacitor" we mean the charge on either conductor, 
without regard to sign. 


Capacitors are widely used in various electrical circuits. They find applica- 
tions in radio sets, all types of electronic apparatus, telephone and telegraph 
equipments and automobile ignition systems. 


15:4, Units of capacitance. 


The units of capacitance can be obtained from the defining. equations (15:1) 
and (15:2) Ff we put V—1 in these equations, then C—q. So 
1 e.s.u, of capacitance 1 e.s.u. of charge 
T e.s.u. of potential difference 


Hence a capacitor is sald to have one e.s.u. of capacitance when a charge oj 
one e.s.u. given.to one of the conductors (which is not earthed) produces a potential 
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difference of one e.s.u. between the two conductors. This unit is also called one 
statfarad. 

This unit is very small one, The practical unit of capacitance is the farad, 
so named in honour of the celebrated scientist Michael Faraday. The 
capacitance of a capacitor is one farad if a charge of one coulomb given io one 
of the conductors (which is not earthed) produces a potential difference of one volt 
between the two conductors. ; 


It is obvious from the definition that the farad is the m.k.s. unit of 
capacitance. 


Hence, 1 farad—1conlomb 


Since 1 coulomb —3 x 10? e.s.u. of charge 
and 1 volt—43, e.s.u. of potential difference 


3x10? _ 1 e.s.u. of charge à : 
i farad= = 0" e.s,u. of capacitance. 
So, farad Un Fea pé 9 x 10! e.s,u. of capi 


Since farad is a very large unit, its submultiples are ordinarily used for 
expressing the capacitance of capacitors. The units most frequently used are 
microfarad (107* farad) and picofarad (107? farad}. 


15:5. The principle of action of a capacitor. 


. To understand the principle of action of a capacitor, let us consider an 
isolated metal plate Æ which is electrically connected to a source of positive 

' charge at constant potential. The source may be the terminal of a battery or @ 
suitable eléctrical machine, The plate A will get positively charged and will 
acquire a potential same as that of the source [Fig. 15:5 (a)]. 


SOURCEOF CHARGE 


AT CONSTANT POTENTIAL 
id SCENE Rokckdd ++ 
A A A 
VAR i EN D UBL pike 
Ó— "A agg ++ B TUM CREAR 
(a) (b) (c) 


Fig. 15:5: Principle of action of a capacitor 


Now a second metal plate B is brought near to A. Then due to induction 
the side of B nearer to 4 will get negatively charged while an equal positive 
charge will appear on its other surface [Fig. 15:5 (b). The negative charge 
produces 2 negative potential in A. Superposition of this negative potential 
lowers the positive potential of 4. Due to similar reasons, the induced positive 
charge on B raises the potential of 4. But the induced negative cbarge being 
nearer to A, its effect will be greater than that produced by the equal 
amount of induced positive charge. Hence a net lowering of potential of A 
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takes place, So more positive charge flows from the source to A to equalise 
the potential. In other words, the capacitance of A is increased. 

If Bis now connected to earth, the induced free positive charge escapes 
[Fig. 15:5 (c). Since the plate B now has only a negative charge facing A, the 
potential of the latter is reduced much further. A larger amount of charge 
then flows from the source to A till its potential is raised to the original value. 
This again induces a greater amount of negative charge on B. This in its turn . 
further lowers the potentialof 4, and so on, Finally a fairly large amount of 
charge accumulates on Æ. This means that the capacitance of A has increased 
greatly. 

In the above three steps, the potential of A is maintained constant at the 
same value but its ability of storing charge at the same potential has increased 
successively, This explains the action of a capacitor, 

From the above discussion, it is evident that as B is moved nearer to A, the 
potential of A is reduced further because of the greater effect produced by the 
induced opposite charge on B. Hence the capacitance of the capacitor increases 
as the plates are brought closer together. 


15:6. Factors affecting the capacitance of a capacitor. 

The capacitance of a capacitor depends on (i) the common area of the 
conduetors, (ii) the distance between the conductors and (iii) the nature of the 
dielectric (medium) between the conductors. The dependence on each factor is 
discussed below : 

(i) Common area of the conductors: With increase in the common area of 
the conductors, the potential difference between them decreases producing an 
increase in capacitance. Decrease in the area of overlapping will produce just 
the opposite effect. This can be demonstrated as follows : 

Demonstration Experiment: Two flat metal plates A and B are mounted 
vertically on insulating legs. One of them, say A, is connected to an uncharged 
£old-leaf electroscope by means of a 
wire, while the other one 3 is grounded 
[Fig. 15:6], The two plates are placed 
very closely, one being parallel to the 
other. The plate A is then charged when 
the leaves of the electroscope will diverge. 
The amount of divergence indicates the 
potential of A. The plate B is then slowly 
drawn sidewise so that the area of over- 
lapping decreases, the distance between 
the plates being kept the same, The diver- 
gence of the leaves is found to increase, Hence the potential difference between 
the plates increases producing a corresponding decrease in capacitance. 

If the plate B is returned to its original place, the divergence becomes the 
same as before. 


(ii) Distance between the conductors: If the distance between the conduc- 


Fig. 15:6 
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tors becomes smaller, the capacitance increases ; increase in distance produces a 
decrease in capacitance, 

Demonstration Experiment : The experimental set up is the same as in the 
previous one. If now the plate B is taken 
nearer to A, the divergence becomes smaller 
[Fig. 15:7]. This indicates a reduction in 
the potential difference between the plates 
and hence an increase in capacitance. If B 
is moved away from 4A, the divergence 
increases. This corresponds to a decrease in 
capacitance, 

(iii) Dielectric between the conductors: 
Insertion of a dielectric between the con- 
ductors increases the capacitance. Larger 
the dielectric constant of the medium between the conductors, greater will be 
the increase in capacitance. 

Demonstration Experiment; With the same experimental arrangement, 
the plates are placed at a suitable fixed distance apart. A slab of solid 
dielectric, say glass, is introduced between 
the plates [Fig. 15:8]. The divergence of 
the leaves is found to diminish. This 
corresponds to a lowering of potential 
and hence an increase in capacitance. 
On removing the slab, the leaves get back 
their original divergence. 

On inserting slabs of different dielec- 
trics of equal thicknesses, e.g., ebonite, 
paper, polythene etc., the same effect will 
be noticed but the diminution in the Fig. 15:8 
divergence of the leaves of the electroscope will differ from one to other. Hence 
the increase in capacitance depends upon the nature of the dielectric. 


1577, Dielectric constant. : 

We have just seen that the insertion of a dielectric between the conductors 
increases the capacitance of a capacitor, the amount of increase being dependent 
on the nature of the dielectric. Careful quantitative investigations show that the 
capacitance of a capacitor with a dielectric completely filling the space between 
the plates is greater than that when the space between the plates is filled. with 
air (or vacuum) by a factor which equals the dielectric constant of the medium, 
This provides an aiternative definition of dielectric constant, 

The dielectric constant of a medium is the ratio of the capacitance of a 
capacitor with the medium between the plates to the capacitance with air (or more 
strictly vacuum) beiween the plates, Yn symbols, 


= ie . 
keg a (154) 


Fig. 15:7 


where, 
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C — Capacitance of a capacitor with the dielectric between the plates 
C,=Capacitance of the same with air (or vacuum) between the plates. 


Itis also called the relative permittivity or specific inductive capacity 
(S. I. C.) of the medium. Being a ratio of two similar quantities, it has no unit. 


The increase in the capacitance by the factor k can be easily explained 
from theoretical consideration, Expression for intensity shows that the intensity 
in the dielectric is less than that in air (or vacuum) in the ratio of 1: k. As 
potential difference is equal to the product of intensity and the distance between 
the plates it is obvious that potential difference between the plates is reduced by 
the factor k. Hence the explanation. 


15-8. Simple capacitors, 


We know that any two conductors separated by a dielectric constitutes a 
capacitor. The conductors may be of any shape or size, But in practice 
capacitors are made of conductors having the same and definite geometrical 
shape. Only in such cases, the value of the capacitance can be obtained 
theoretically, 


The simplest type of capacitors, called parallel plate capacitors, are 
constructed of two flat parallel metal plates separated by a dielectric, The 
plates may be square, rectangular, or circular in shape. When the capacitor 
consists of two concentric spheres with dielectric in between them, it is called a 
spherical capacitor ; if of two coaxial cylinders, it is known as cylindrical 


capacitor. 


15:9. Calculation of capacitance, 


(i) Isolated spherical conductor : Let us consider an isolated spherical 
conductor of radius r which is charged with q units of 
electricity [Fig. 15:9). Let the dielectric constant of the 
surrounding medium be k. Now the potential at the 
surface of the sphere will be the same as that produced 
by an isolated point charge q placed at the centre of the 
sphere (vide Art. 14:17). Hence if V be the potential of 
the sphere, 


a.d. 
then V: B 
. So the capacity of the sphere is (by definition) given by 
cot —kr is s.s (15:5) 
If the surrounding medium be air (or vacuum) then in e.s.u., k—1. Hence 
Cr ven oes (15:6) 


So the capacitance of an isolated spherical conductor situated in air (or 
vacuum) is numerically equal to its radius in centimetre. 
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On account of this, the capacitance in the c.g.s. system is sometimes 
expressed in centimetre. Hence a capacitance of 20 cm means 20 electrostatic 
units of capacitance. 


In the m. k. s, system k=} x 10 for air (or vacuum), So the capacitance of the sphere is 


Cu} x 10-%r œ 107r farad 


Therefore, a sphere having a capacity of 1 farad must have a radius of 10° metre. This 
may be compared with the radius of earth which is only 6° x10* metre, Thus farad is an 
extremely large unit, 


(it) Parallel plate capacitor : Let us consider a capacitor consisting of two 
AREA A. 


flat identical plates, each of area A, placed 


+q parallel to each other at a distance d 
Fig. 15:10 : Parallel plate capacitor 


M 
iN 


apart [Fig. 15:10). Let the dielectric 
constant of the medium between. the two 
7T bek. One ofthe plates is earthed and 
the other is kept insulated. 
Let a charge q be given to the insulated 
plate, Then the surface density of charge i.e. the charge per unit area of it is 
given by 


—= 


o=q/A S 


If we assume the plates to be Jarge compared to their separation, the field 
between them is uniform. The lines of force will then be a set of parallel 
equidistant straight lines as shown in the figure. The slight non-uniformity at 


the edges is neglected. Hence the intensity at all NOM between the plates is 
constant and is given by [vide Art. 14:11], 


^na 


k 


If V be the potential difference between the plates, then since the field is 
uniform [vide Art. 14-14], 


VeEd- e 
Ed= T daria 


A 
Let C be the capacitance of the capacitor. Then by definition 
cq ka 
c-fos a eS (157) 
If the medium be air (or T then in e.s.u. K=1, Hence 
c= y Eu ne (15:8) 


Eqn, (15:7), clearly brings out the facts discussed previously that the 


capacitance increases proportionately with (i) the increase in area A of the plates, 


(ii) the increase in the dielectric constant k of the medium and (iii) the decrease 
in the distance of separation d of the plates. 
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(iii) Spherical capacitor: It consists of two concentric metallic spheres 
A and B of radii a and b respectively (Fig. 15:11]. 
They are separated by a medium of dielectric 
constant k, The outer sphere B is earthed and 
a charge q is given to the inner insulated sphere \ 2 
A. Since all the lines of force coming out of 
A meet B, the charge induced on the inner surface 
of B will be —g. The positive charge induced on 
the outer surface of B being free will escape on = 
to the earth. t 

Now the potential of the inner sphere A will 
be due to its own charge +q and also due to 
the charge —g on the inner surface of B. Sinc- the potential on the 
surface of a uniformly charged sphere is the same as if the total charge is 
concentrated at the centre, we get that the potential of 4 due to its cwn 


B 
Fig. 15:111 Spherical capacitor 


charge — E . Again, since the potential due to a charge on a hollow conductor 


isthe same at all points inside it and equals the value at the surface, we get 
that the potential of A due to the induced charge —q on the inside of the outer 


sphere B—— i E 


Hence, the net potential of A is 


-&-8-16-9-16 


Since the outer sphere is earthed, its potential is zero. Hence V gives the 
potential difference between the two spheres. 


Therefore, the capacitance of the capacitor is, from definition, given by 


2d hb l ae AME 
c= 4 =e 0 (159) 
If the medium be air (or vacuum), then in e, s. u., k—1 
Cae ji |J (15°10) 
b—a 


The capacitance of an isolated spherical conductor may be obtained from the 
above relations by putting the radius b of the outer sphere to be equal to 
infinity. Then 

pees puis E: 
oc 


b 


Alternative method: The above expressions can be deduced by using 
calculus. Let P bea point in the space between the two spheres at a distance 


H 
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rfrom the common centre [ Fig. 1512]. Now intensity within a hollow 
charged conductor is always zero. The point 
P being within B, the intensity E at P is, there- 


fore, only due to the charge +g on A. This 
\ > is the same as that due to an isolated point 
Z charge +g situated at the centre of A. 
UK 
um 
But Em -x 
B r 
Fig. 15:12: Spherical capacitor Hence dv=— 4, dr 
| wet 1 b 
is Sf (lee Sc ncm eq Ua 
v= f av Í keit ETE: ab 
LJ 
__ 4 — kab 
E V b—a 


Example 15-1. A conductor of capacity 20 e. s. u. is raised to a potential of 
Se.s.u. What is the charge on the conductor? Another conductor having twice 
the capacity possesses an equal charge. What is its potential ? 

Solution: Charge on the first conductor q,—C,V,—20 x 5—100 e. s. u. 

Charge on the second conductor g,— 4, — 100 e. s, u. 

Capacity of the second conductor C,—2C,—40 e. s. u, 


Potential of the second conductor V,— ro =e «2-5 €, s.u. 
Example 15:2, Two spheres A and. B of radii 4 cm and 6 cm respectively 
are charged with 20 and 42 e. s. u. of electricity. Calculate their ( 1) capacitles, 
(2) potentials, (3) surface densities of charge. 
Solution : Capacity of 4-4 e, s. u. 
Capacity of B—6 e, s. u, 
Potential of 4—232.—5 e. s. u, 
Potential of B=42=7 e. s. u. 


Surface density of charge on 4— 2. —.— 20 o D 
y ge n A dni 3x Ax 16 0-1 e. s, u jem’. 


Surface density of charge on B= 


42 
4x3 lix —0"09 e. s. u. /cm?, 
Example 15:3. 4 charge of 3x 10-4 i 
cm in radius. 27 such drops are combined 
potential of this drop ? 
Solution: Let the radius of the large dro 
drop —27 x volume of each small drop, 
or, $zR!—27 x $r (01)* 
or R-—3x0:]1-—0:3 cm. 


€. $. u. is put on drops of mercury 0:1 
to form one large drop. What is the 


P=R cm.. Volume of the large 
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Capacity of the large drop— 0:3 e. s. u. 
Also, the charge on the large drop—27 x3x 10-4 e. s. u. 


Potential ofthe large drop= X9 193 x 107? e. s. u. 


Example 15-4. The insulation of air breaks down when the electric field is 
100 e. s.u. What is the maximum potential to which a metallic sphere, 5 metre 
in diameter, can be charged? What is the maximum charge stored in the 
sphere ? [7. I. T. 1970] 

Solution: Capacity of the sphere C—radius—2:5x10* e. s.u. Let the 
maximum charge stored in the sphere=q e. s. u. 


q==CV where V is the maximum potential to which the sphere can be 
charged. 
24. CV .,25xl0xy. 
0-137 3-7 (Q5x105i 
or, V=25x 10e, s. u. 
and Q—2:5 x 108 x 2-5 x 101—6:25 x 105 e. s. u, 


Example 15:5. A parallel plate, capacitor has two plates each of 10 cm 
square and separated by 2 mm of air. Calculate its capacity. 


. C—KA__1x10x10 _ 40, i 
Solution : so -4x03 7398! e. S, U, 


Example 15:6. The surface area of each of the two plates of a parallel plate 
condenser is 10 sq cm. If the plates are separated by 5 mm of mica, calculate 
the size of a sphere having the same capacity of the condenser. Given that the 
dielectric constant of mica=6. 

Solution: The capacity of the condenser 

kA iana 107. 1 dei eg 
4nd | 4x05 Scalise es 
The radius of the sphere—9 554 cm. 


Example 15:7. 4 parallel plate capacitor with air between its plates has a 
capacitance of 5 wf (microfarad). What will be its capacitance when wax is 
substituted for air ? (k for wax=2'8) - 


Solution : Capacitance with air between the plates: a uf. 


Capacitance with wax between the plates £4 —2:8x5—14 yf. 


Example 15-8, A parallel plate capacitor has two circular plates each of 
radius 2 cm separated by 1 mm of air. Calculate the p. d. between the plates 
if it is given a charge of 9 x 10-7 coulomb. 


Solution ; Capacity of the condenser, 


A TX2x2 i 1 1 
C=- = — = 
dad dod 10 e.*5. w= 10x >on 9x 10H farad 
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*. The required p. d, Vat 9x 107 x 9x 1010—81 kV. 

Example 15:9. Two metal plates, each of area 22 sq cm; of a parallel plate 
condenser are kept separated by a thin paraffin paper of thickness 1 mm. The 
specific inductive capacity of the paraffin paper is 2. Find the capacity and also 
the surface charge density on the plates when they are charged to a potential 
difference of 330 volt. [ Jt Entrance '79 ] 

Solution : Capacity of the condenser 

SUKA — 253x223 32 
Ced BaF Ee: -295'01 e. s. u. 
i5 380L 
~ 9x 104 
—3:89 x 107! farad. 
The charge q on either plate in given by 
q— CV 23:89 x 107! x 330 coulomb. 
The surface charge density 
3-89 x 107! x 330 


o=4 = RES AP ERAI x 10-29 coulomb/cm.? 


Example 15°10. The radii of the inner and outer spheres of a spherical 
condenser are 5 and 10 cm respectively. The space between the spheres is filled 
with air. Calculate its capacity. 


Solution : The capacity ck = 1X5x10 g e. 8, u. 
b—a 10—5 ` 


Examrle 15:11. Calculate the capacitance of a parallel plate capacitor the 
space bet en whose plates are filled up with two dielectric slabs of permittivities 
kı and k; 

Solution : Let us suppose that two dielectric slabs of permittivities k, and 

k, fill up the space between the parallel plates 


+9 ofa capacitor distance d apart and of area A. 
m Hi Il If the thickness of the dielectric of permittivity 


| kg be t, then that of the other is (d— i). 
MEL 


farad 


AREA.A 


YW If a charge q be given to the insulated plate, 


"m then the surface density of charge is o=q/A. 
- The intensity of the field within the two dielectric 


are given by Ree and Eyes respectively. 
1 2 


If V be the p. d. between the plates, then since the field is uniform, 
V —E(d—i)-4- Ey 


-9 


^d ki. ke 
"i ey ae 
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if C be.the capacitance of the capacitor, then 


A 


a aa i] 


Pob 


N.B. If the first dielectric be air, the k,—1. 
Putting k,—k, we get 


A A 


Ce a ce Anes 
D 7 aa 
dal (d j++ | dnl d ri x Jl 
Introduction of another dielectric medium of thickness ¢ within a parallel 
plate air capacitor, therefore, effectively reduces the distance between the plates 
by an amount ( -] 


Example 15:12, In the circuit shown, C is the capacitance of the capacitor. 
The e.m.f. of the cell is E and its imrernal resistance 
isr. Find the charge Q on the capacitor plates. 


Ey 


Solution: Evidently, no current flows in the 
branch ADB. Therefore, p.d. between the plates of 
the capacitor —p.d. between 4A and D=p.d. between 


A and B=p.d. across R= Ri 


E 
Retr 


=capacitance x p.d. =C Rs 
2 M E Retr 


15:16. Arrangement of capacitors, 


(i) Capacitors in parallel : A group of capacitor are said to be connected 
in parallel when one plate of each is connected to earth while all the insulated 
charged plates are connected together at a 
common potential. 


Figure 15:13 (a) shows three capacitors 
of capacitances C,, Ce C, connected in 
parallel. One plate of each is grounded ; 
the other plates are joined together to a 
supply at potential V. Hence all the 
capacitors have the same potential 
difference between its plates, viz. V. Let 
dv d» qa be the charges on the insulated 
plates of the respective capacitors. 


Then q,—C,V, qq—C;V, qa—C;V. 
Fig. 15:13: Capacitors in parallel Now let us replace these capacitors by 


a single capacitor of capacitance C so that all conditions remain the same. 
Thus if g be the charge on its insulated plate we have (g,--qa--4;) —q and the 
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potential difference between its plates is V [Fig. 15:13(5)]. Such a capacitor is 
called equivalent capacitor. Then 
q=CV 
But = g=q+42+ 9s 
CV=C,V +CV +CV 

Hence C=C,+C,+C; PN vee (15911) 
Thus, the resultant capacitance of a number of capacitors in parallel is equal 

to the sum of their individual capacitances. 
(ii) Capacitors in series : A set of capacitors is said to be connected in 
series when they are joined as shown in Fig. 15:14 (a). It is evident from the 
figure, that one plate of the last capaci- 


NE eic R (x) toris earthed, the rest of the system 
o] || Ike - being kept insulated. One plate of the 
EE ed €. first is joined to that of the second, 
eV V a oat Mari the remaining plate of the second is 
connected to one of the third and 

fesse ay ec m so on, 
i ! (b) If a charge q be given to the first 
+g l-g plate of the first capacitor, this will 
: c induce a charge —q on the other plate 
Fig. 15-14: Capacitors in series of this capacitor and a charge +g on 


one of the plates of the second capacitor and so on. Since the last plate is 
connected to earth, the final free positive charge q passes on to the earth. We 
thus see that all the capacitors have charges +g and —q on their plates. 


The potential difference between the plates of any individual capacitor is 
determined by the magnitude of charge q and by its capacitance. If the 
capacitances be Cı, Cy, Cs then the corresponding potential differences are 
given by 

V SAA ;V. ax RR ud 
RC; €, Vs (of 

If V be the total drop of potential across the series of capacitors then this 

must be equal to the sum of the individual potential differences, i. e. 


V=V,+V:+ Vs 
Since the last plate is earthed, V must be the potential of the first plate of 
the series. 


Let us now replace the three capacitors by a single one of capacity C so that 
all conditions remain the same. It is called an equivalent capacitor. Thus the 
charge given to its insulated plate will be q, the potential difference across its 
plates being V [Fig, 15:14 (b). Then 
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Since V=V,+V,+Vz, therefore 


or, oo Seine eC. way Sa (15:312) 


Thus, the resultant capacitance of a group of capacitors in series is equal to the 
reciprocal of the sum of the reciprocals of their individual capacitances. It follows 
that the resultant capacitance must, therefore, be less than'that of any of the 
individual capacitor comprising the system. s 

N. B. It should be noted that these two expressions are just opposite to 
those obtained for resistances connected in series and in parallel. 


Example 15:13. Three condensers of capacities 3,4 and 5 e.s.u. are connec- 
ted (i) in series and (ii) in parallel. Compare the equivalent capacities in the two 
cases. 


Solution: (i) When connected in series, the equivalent capacity C; is 
given by 


So C= $f e. s. u. 
(ii) When connected in parallel, the equivalent capacity 
Cy=34+4+4+5=12 e. s.u. 
Cy: 6,—$2 :12—5 1:47 


Example 15:14. Two condensers of capacities 3 and 7 muf are connected in 
series and a p. d. of 1000 volt is applied across the combination. Calculate 
(i) the equivalent capacity of the combination, (ii) the total charge on the combina- 
tion, (iii) the charge on each condenser and (iv) the p. d. across each condenser. 

Solution: C,=3ppf, Cy 7ppuf and V —1000 volt. 

(i) The equivalent capacity C is given by 

esc iut ae e gen, 
COM UBER 
or, C221 —2-1ppf —21 x 107? farad. 

(i) The total charge on the combination is 

q—CV—21x107x 1000—2-1 x 107? coulomb, 

Gii) Since the condensers are connected in series, the charge of each conden- 
ser is the same as the total charge i. e. 21x 10-° coulomb. 

2:1x107? 


(iv) The p.d. across C, is V7 19-79 volt 


is V, 4 21 X107 300 volt. 
and the p.d. across C; is V; Q^ Tx 10-® 
Example 15:15. Two capacitors of capacitances 40 and 60 pf are joined in 
parallel and the combination is connected across 240 volt. Determine (i) the 


P-1/22 
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equivalent capacitance of the combination (ii) total charge on the combination and 
(iii) charge on each capacitance. 

Solution: C,—40uf, C,—60yuf and V—240 volt. 

(i) The equivalent capacitance C—C,-4- C, 40 1 60—100,f. 

(ii) Total charge on the combination g—CV — 100 x 1075 x 240 

—2:4 x 107? coulomb. 
(iii) Charge on C,—C,V —40x 10"*x 240—9-6 x 107? coulomb. 
Charge on C,—C,V — 60x 10-*x 240 —1-44 x 10°? coulomb. 


Example 15:16. A condenser consists of 51 circular sheets of tin foil separated 
by mica of S.I. C. 6 and of thickness 0:1 mm. If the radius of each sheet be 
3 cm, find the capacity of the condenser in uf. 

Solution: A condenser of 51 sheets is equivalent to 50 condensers joined in 
parallel each having capacity 
kA _6xX7x3x3 _ 27 i 
"ot AEN x 10?.e. s. u. 

The capacity of the condenser 
C2 50x S-x 10? e.s.u. 
50x27x10 a. 14 
= san 1007 uf 7:5 x 10-?uf. 


Example 15:17. Three parallel plate capacitors X, Y and Z of capacitance 
10, 20 and 15 e.s.u. respectively are joined in series. The insulated plate of X is 
raised io a potential of 130 e.s.u. and one pee of Z isearthed. Find the p.d. 
across each capacitor. 

Solution: The resultant BL C of the VERO RUR is given by 

EAI pE £L ..13 : 
c i0 20 5 “60 vis 

The p.d. across the combination 7=130 e.s.u. 

<. The charge on the combination— CV —$9 x 130— 600 e.s.u. 

Since, the capacitors are joined in series, the charge on each capacitor 
—600 e.s.u. 

Jp. d. across ¥=492=60 e.s.u. 
p. d. across Y— 52$. —30 e.s.u. 
and p.d. across Z=49;=40 e.s.u. 


Example 15:18. From the given figure, find the value of the capacitance C 
if the equivalent capacitance between points A 


e 1 
2-1 eae ne and B is to be 1 mici i 
rofarad. All the capacitances 
8 6 4 are in microfarads. U. 1. T. 77] 


c= 


C-— 413 e.s.u. 


H Solution: From the figure, it is evident 
2 2 12 that the 65/ and 12uf capacitors are in series. 
So their equivalent capacitance C, is given 
B by 
Lp f 
c etn oe Ci=4 yf 
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But C, is in parallel with the 4f capacitor. Hence the equivalent 
capacitance C,—4-44-—8uf 
: T is in series with the lyf capacitor. So the equivalent capacitance C, is 
given by 


T PUE x 8 
Qu F + g n Cg uf 
Now the two 2j. capacitors are in parallel. So the equivalent capacitance 
Cy=24+2=4pf 


This being in series with the 8uf capacitor, the equivalent capacitance C, is 
given by 3 
p SIE $ 8 
c, 4*8 t C73 uf 
So the circuit now reduces to the form shown in the adjoining figure. ‘The 


last two capacitors being in parallel, their equi- 


valent capacitance oo : 


8,8 32 
C,—3t gT uf 
This is in series with C and by condition of ; “i 

the problem, their equivalent capacitance should be ipf. 

Foe 322.52 

cin! on Co55—l wf 
1511. Distribution of charges between two conductors at the same 

potential. 


der two insulated uncharged conductors 4 and B having 
C capacitances C, and C; respectively. They are 
: i C2 joined electrically by means of a wire (Fig. 
1515]. If a charge q be given to this system, 
it will get distributed between the two con- 
ductors. Let the charge acquired by A be 
q that by B being qe. -Since the conductors 
are electrically connected, each of them will 
have the same potential V. Then 


Let us conci 


Fig. 15 15 
q7-qit d; 
i qi. qu able Bs u^ (15:13) 
Cı C; Ct 2 C,*C; 
= l. 
CS 
and = C (xis 
Ci C, 
q Cy EN E (1515) 
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Hence the charge acquired by either conductor is proportional to its capaci- 
tance. 


15:12. Sharing of charges between two conductors at different potentials. 


Two insulated charged conductors 4 and B having capacitances C, and C, 
respectively are taken, Let the charges on them be q, and q; and their potentials 
be V, and y, respectively. 


dl — da 
Then Cnr; and V,— go 
the total charge 9—-q,-- q, — C, V; +CV: 

Now let the two conductors be electrically connected by a wire. Then positive 
charge will flow from higher to lower potential, till the difference of potential 
ceases to exist. Let the common potential of 4 and B be now V. On comple- 
tion of this process, charges on A and B are therefore C,V and Ca¥ respectively. 
Assuming that there is no loss of charge during this Bipores of charge sharing, 
we get 


Total charge before connection=Total charge after connection* 
ie, CyVi+C,Vas=CiV+ CV =(C,+Ce)V 
y CVt GV 


or, 15:16 
DOO de 
Hence the charges on the two conductors are respectively equal to 
Ci; tCWs ^ and c, x Lit es ; 
Cx = COELO T 2X C+, we (15:117) 


If initially 4 was at higher potential i.e., if V,— V, the amount of charge 
lost by A is equal to 
CLV, —CyV =C (V; — 
Gr. TG, 
i a CORO | 
CrCl V, ^n Vj) i 
Ci+ Ca ee (1518) 
It is obvious that this. also gives the charge gained by B. For, the latter is 
equal io 


CVC, = Oy (SEE AR -5J 
-GCV Lv 
ore Og 


Example 15:19. Two conductors of capacity 20 and 30 e. s. u. respectively are 
connected by a fine metallic wire of negligible capacity. A charge of 2000 e. s. u. 
is delivered to them. Find the potential of either conductor and the charge 
on each, 


* This principle is utilised in working out all such problems. 
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Solution: Potential of either conductor V= re E 
4-40 e, s. u. 
From eqn. 15:14, the charge on the first conductor (of capacity 20 e. s. u.) is 
20.0 aoe 
qı de EC; 00x HF 30 00 e. s. u. 
and that on the second conductor (of capacity 30 e. s. u.) is 
ete _ 30 12 
DISC, =2000x 55-39 =! 00 e. s, u. 


[ Or, q=C,V=20x 40=800e. s.u. and q,—C,V —30 x 40—1200 e. s. u. ] 


Example 15:20. A conductor of capacity 60 e. s. u. is charged to a potential 
of 40 e. s.u. and is then made to share its charge witha conductor of capacity 
20 e. s.u. What will be the final charge on each conductor ? 

Solution: Before sharing, the charge on the first conductor is 

q —60 x 40—2400 e, s. u. =the total charge 
After sharing, from eqn. (15:17), the charge on the first conductor 


60 
qı= 2400 x — $0420 =1800 e. s. u. 
and that on the second conductor 
20g 
qa=2400 x — — 60120 600 e. s. u. 


Example 15:21. In Ex. 151, if the two conductors are connected by a 
copper wire, what charge will flow along the wire and in what direction ? 
Solution: We have Q,—100 e. s, u., Q,—100 e. s. u., 
V,—5 e. s. u., Va=2'5 e. s. u., C,—20 e. s. u. and C,—40 e. s. u. 
Since V,>V,, the charge will flow from the first to the second conductor, 
From eqn. (15:18), the charge lost by the first conductor i.e. the charge 
which flows through the wire is 
CiCs(V, — V9) 20x 40(5 — ZINE 2,43 e. gni 
Cit Cs 20-r 40 
Example 15:22. In Ex. 152 calculate the potential and surface densities of 
charge on the spheres A and B after they are connected by a'conducting wire. 
Solution: Here C,-—4 e.s.u, C,=6 e.s.u., V,=5 e.s.u, and 
V7 e. s. u. 
After the spheres are connected, their common potential V as obtained from 
eqn. (15:16) is 
CECI, AX5-6X7. 656 su 
ROI WARS 
Charge on 4—4x62—24:8 e. s. u. 
and charge on B =6 x 6:2—3772 e. s. u. 


` 
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» ^ MEAE 2) ne E 
Surface density of charge on A Serie | 12 e. s. u./cm 
EET ie JR 
and that on B—ix314x36 =0'082 e. s. u./cm?. 


15.13. Energy ofa charged capacitor. 


Electrical energy is stored in a charged capacitor. This stored energy must 
be equal to the work done in charging the capacitor. 

Let us suppose that one plate of the capacitor is earthed and that initially 
the capacitor is completely uncharged. Let C be its capacitance and Q and V be 
the final charge and potential. Then V=Q/C. 

We can imagine the charging process to be carried out by bringing in succes- 
sion very small charges from infinity to the insulated plate. At any intermediate 
stage, the work done will be given by the product of the potential at that stage 
and the amount of charge brought. But the potential does ‘not remain constant 
during charging. It, however, increases linearly from the value zero to V and 
we may take the average potential during the entire charging process as equal to 
(04-V)/2—=V /2. The total charge Q is assumed to have been transferred at this 
average potential. Therefore, 


Energy of the capacitor=Work done in charging 


a Y 
ONE RUE 
2 
eiae 19 ond (15:19) 


This expression also gives the energy of a charged conductor. 

Alternative method; The above result can be obtained more accurately 
with the help of calculus. 

Let the charge on the capacitor at some intermediate stage during charging 
be q and its potential v, Then q—Cv. Work done in producing a further incre- 
ment of charge dq by bringing it up from infinity is, therefore, given by 


> dW=vdq 
Hence the total work done in charging the capacitor is 
Q Q 


if the capacitor is discharged by connecting its two plates by a wire, then this 
stored electrical energy is converted into-heat. If it is discharged by sparking, 
then the energy is converted into heat, light and sound energies. 


15.14. Energy loss on sharing charge. 


Two insulated charged conductors (or capacitors) of capacitances C, and C; 
and at potentials V, and V, respectively are joined electrically with the help of a 
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wire. Let their common potential after the sharing of charges be V. Then 
from eqn. (15:16), 
y= CVi+CW e 
C, Ci 


Now, the total initial energy C. V Ove 
and the total final energy -lovu$c. p 


KC Vat GAY 
(C, 4- C3) V* E IG 


Loss in energy— 5 (CV? +CV) — yen on 
1 2 


MCCC VH CoV I—(CV it CoV)? 
2 C+ C; 


ud 
EX 
1 


1 C,C(Vi— Vs) 
2 Cı+ Ca 
Iv this expression, C, and C, are essentially positive quantities and (V; — V} 
being a perfect square, is also positive. Hence there is always a loss of energy. 
The equation shows that when V,—V;, the loss of energy is zero ; but in that 
case the potentials being the same, no flow of charge takes place on establishing 
electrical contact between the two conductors, 
This lost energy is converted into heat in the connecting wire. Jf sparking 
occurs, then it is transformed into heat, light and sound energies. 


(1520) 


Example 15-23. How much work is done when a conducting sphere of 
diameter 10 cm is charged to a potential of 10 e. s. u. ? 

Solution: The capacity of the sphere=radius= 1$—5e.s.u. From eqn. 
(15-19), the work done=}CV*= 3X 5x 102—250 erg. 


Example 15:24. Calculate the energy stored in a condenser of capacity 540 
e.s.u. (a) when charged to a p.d. of 1000 volt, (b) when the. charge on each 
plate is 2x 107? coulomb. 

Solution : 540 e. s. u. of capacity— ae 4,76 x 1077? farad. 

From eqn. (15:19), 

(a) Energy=4CV?=4x6x 1071? x 1000 x 1000 

—3 x 10-* joule. 


1.,2x2x10-5 


(6) Energy LO c x 242 * ig m $3 X 107" joule. 


Example 1525. Of the two conductors A and B whose capacities are in the 
ratio 2:3, A receives a. charge and shares it with B. Compare the total energy 
of A and B with that originally possessed by A. 

Solution: Let the capacity of A=2C.  .". the capacity of B=3C. 
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Let Q be the charge received by A. From egn. (15:13), the common. poten- 
tial V of 4 and B after A shares the charge with B, is given by 


UN CRUEL. 
264-365 5C 

2 2 
Before sharing, the energy of A =! xg uo 


3 
After sharing, the energy of a=} x2Cx y= 2 


and the energy of B-- 1 x3Cxys* 230% 
2 50C 


After sharing, the total energy of 


2 Oh. 308 on 
Aand B= àsc "x7 c 
1 § 2 2 2 
the required ratios bal Sera ; 

Example 15:26. Two spheres of radii 5 and 10 cm respectively have equal 
charges of 50 e. s.u. each. They are connected by a thin conducting wire. 
Calculate the total energy of the spheres before and after connection. What is the 
loss of energy ? 7 

Solution : Capacity of the first sphere CSES a: 

and that of the second sphere C,— 10 e. s. u. 

Before connection, the energy of the first sphere— 3 x 59122.250 erg 

and that of the second —z x $2585 —125 erg. 
Before connection, the total energy =250+ 125—375 erg. 
After connection, the common potential of the spheres is given by eqn. 
(15:16) as 
C,V; +CV 50+50 20 
y Tex iU siege or T1973 esu. 

where C, V,=C,V,=charge on each Sphere— 50 e s.u. 

After connection, the energy of the first sphere 

=4X 5x 30— 1000 erg, 

and that of the second—3 x 10x 35x 282900 

After connection, the total energy «39^ 4 290^ _.333-3 erg. 


E 
-. Loss of energy —375.-333:3—41-7 erg. 


Example 15:27. 4 conductor of capacity 15 e.$u. is raised to a potential of 
40 e.s.u. ; it is then connected to an uncharged sphere and the common potential 
drops to 30 e. s.u. Find the diameter of the sphere. Find also the loss of energy 
in the process. 

Solution ; Charge on the conductor g=C,x V1—15x40- 600 e.s.u. From 
egn. (15:13 the common potential after connection is given by 


600 
do og RO- 
Ci+Ce, I5+C, 


G= Ste. s, u, 
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^. The capacity of the sphere—5 e.s.u. 

Hence, the radius of the sphere=5 cm and the diameter—5 x 2=10 cm. 
The initial potential of the uncharged sphere— V, —0 

From eqn. (15:20), the loss of energy - 


MB ge Ce TS 40x40 _ 
ELE ies ee ea x15x5x sas erg. 


Example 15:28. The figure shows two identical parallel plate capacitors 
connected to a battery with the switch S 


closed. The switch is now opened and 9 

the free space between the plates of the | 
capacitors is filled with a dielectric of MS X c 5 c 
dielectric constant ( or relative permitti- | | 

vity) 3. Find the ratio of the total 


electrostatic energy stored in both capacitors before and after the introduction of 
the diclectric. (I.I.T. *83) 


Solution: When the switch is closed the potential of both the capacitors 

becomes V. Hence, 
energy stored in each capacitor— 1 CV? 
Total energy in both capacitors E,—2x1CV*-— Cy? 

Now, when the switch is opened and the capacitors are filled with the 
dielectric of dielectric constant 3, the capacitance of boih the capacitors 
becomes 3C. Since the capacitor A is still connected with the battery, its 
potential remains V. Hence, 

the energy of the capacitor A=} x3Cx V?—8 CV? 

In case of the capacitor B, its charge Q— CV remains the same after the 

opening of the switch and introduction of dielectric. 


Hence, the energy of the capacitor B=! O ECP CEP 


230 2 3C ő 
«. Total energy Eu 3C, er - Deus $ cr 
Epp 3 
E, $cv* 5 


15115. Leyden Jar. 


This is one of the earliest types of capacitor. It owes its name to the fact 
that it was first constructed at the University of Leyden, Holland, as early as the 
middle of the 18th century. Though now obsolete, it played an important role 
in the growth of our knowledgé of electricity, 


The Leyden jar consists of a glass vessel coated about halfway up, inside and 
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outside, with tin foils (Fig. 15°16], These foils act as parallel plates ofa 


Fig. 15:16: Leyden jar 


Cj METAL KNOB 
INSULATING 
STOPPER 


capacitor with glass as the dielectric. A 
metallic rod passes through an insulat- 
ing stopper which closes the mouth of the 
jar. At the upper end, the rod ends ina 
metallic knob ; the lower end of the rod 
is connected to the inner tin foil bya 
metal chain. 


To charge a Leyden jar, the knob 
(and hence the inner coating) is connected 
with the suitable terminal of an electric 
machine. The outer coating may be 
connected with the other terminal of the 
machine or it may be grounded by hold- 
ing the jar in the hand. As the machine 
is run, Leyden jar is charged. 


To discharge the Leyden jar, a pair of discharging tongs is frequently used. 


It consists of two mutually connected bent metal 
rods R, and R, attached to an insulating handle H 
(Fig. 15:17). The knob at the end of one of them 
is made to touch the outer coating and that at the 
end of the other is touched with or brought close 
to the knob of the Leyden jar. In the latter case, 
sparking occurs, Electrical contact being thus 
established between the outer and inner coatings 
of the Leyden jar, it gets discharged, 

The capacitance of a Leyden jar is usually small 
but it has the great advantage that it can withstand 


high difference of potential without the insulation 
breaking down, 


15:16. Practical formas of capacitor. 
. Capacitors which are 


Fig. 15:17: Discharging 
tongs 


kinds, sizes and shapes, 


N 


TANN 


commonly used are available now-a-days in various 


We shall discuss only a few of them, 


(i) Multiplate Capacitor: In this 
type of capacitors, the capacitance is 
increased by using a large number of 
plates, each of large area. It consists of 
two sets of metal foils insulated from 
each other with mica filling the space 
between them [ Fig. 15:18 J. Two sets of 
alternate foils are connected, each toa 
Separate common terminal, The system 


Fig. 15:18: A multiplate capacitor thus consists of a large number of 
capacitors connected in paral'el| In recent designs, thin layers of silver are 
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sputtered or sprayed on both sides of a sheet of mica, This type is known as 
the silvered-mica capacitor, 


The paper capacitor: Paper soaked in paraffin or oil provides a cheaper 
dielectric than mica and is widely used. It has also the 
advantage of being able to be rolled so that a small, 
compact capacitor can be obtained. Such capacitors 
have, however, a disadvantage that the paper can not 
stend as high potential difference as mica can without 
breakiog down. . 

The capacitor is constructed by interleaving two long 
strips of aluminium or tin foils with two sheets of thin 
waxed or oiled papers [ Fig. 15:19]. These are then 
rolled up into a tight cylindrical form. The metal foils 
are provided with leads. The capacitor is then embedded 
in wax and kept inside a metallic container to prevent the WAXED PAFER 
entry of any moisture which would spoil the insulation of Fig. 1519: A paper 
the paper. 


TIN FOIL 


capacitor 


(i) The variable capacitor: It consists of iwo sets ( F and M ) of semi- 
circular aluminium or brass plates separated 
from each other [ Fig. 15:20]. Air between 
the plates acts as the dielectric. The two 
sets of plates must not touch one another, 
TO TERMINALS One set of plates (F) is fixed while the other 

CAPTION set (M) can be rotated beiween F by a knob K 
so that the area of overlap between the plates 
can be varied producing a consequent change 
in capacitance, The capacitance, therefore, 
can be varied at will from the minimufn value 
of zero to maximum, which is marked on it. 
Generally the maximum value is about 4000 pF. 


Fig. 15:20: A variable capacitor 


This type of capacitor is widely used in tuning radio sets. 


(iii) The electrolytic capacitor : ALUMINIUM PLATES 
In this type of capacitor, two alumi- 
nium plates are kept immersed in an 
ammonium borate solution. When a 
current is sent by means of a battery, 
electrolysis takes place and a very thin 


ANE euni: 4 FILM ZEH AMMONIUM 
film of aluminium oxide is deposited on UIT. E] BORATE 
the positive plate [ Fig. 1521) The OXIDE EE RILON. 


film acts as the dielectric; the ammo- 
nium borate solution merely serves as an 
extension of the other plate. A compact 
form of this capacitor is made by using two sheets of aluminium foil separated 


Fig. 15:21: Electrolytic capacitor 
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by muslin soaked in a solution of ammonium berate { Fig, i522). These are 


in an  insuiatin 
MUSLIN SOAKED IN aes eae a ea 9 ve 
AMMONIUM BORATE container, 


When using this type of capacitor, 
one must be careful so that the oxide- 
coated foil is always maintained at a 
7 positive potential with respect to the 
ALUMINIUM FOIL other foil ; otherwise the oxide film gets 
Fig. 15:22: A compact electrolytic damaged, The manufacturers, always 


capacitor carefully mark the anode terminal of the 
capacitor, usually by a + sign or a red spot near it. 


$ EXERCISE $9 
[A] Essay type questions, 


i. Define capacitance of a conductor and state its electrostatic unit, What is the practical 
unit of capacitance ? Obtain its relation with the e.s. unit, 

On what factors does the capacitance of a conductor depend and how do they affect it ? 
Describe experiments to show how the capacitance depends upon the factors stated above. 


2. Two flat metal plates 4 and Bare mounted vertically on insulating legs so that they 
constitute a closely lying parallel plates. One of the plates is charged and connected to a 
gold-leaf electroscope, while the other is grounded. Explain what happens to the divergence 
of the leaves and how are capacitance of the arrangement has been altered when (a) common 
area of the plate, and (b) the distance between the plates is changed, 

What happens further if a substance of dielectric constant greater than unity is inserted in 
between the plates ? Why ? 

3. What is a condenser ? Explain the principle of a condenser. Define capacitance of a 
condenser, State the factors on which it depends. [ H. S.'82] 

4, (a) What do you mean by the capacity of a capacitor ? 

(b) Explain on what factors and how the capacity of a capacitor depends. [ HU. S. 85] 

5. On what factors does the potential of a conductor depend ? State the natur 
dence and describe experiments for demonstrating this, 


6. What is a condenser and why it is so cal 
a parallel plate condenser, 

7. (a) “The capacitance of a condenser is 2 farad"— What does this mean ? 
(b) On what factors does the capacitance of a parallel plate condenser depend? [H.S. '80] 

8. : Calculate the capacitance of an isolated spherical conductor, 
capacitance of a spherical capacitor in which the outer sphere is earthed, 


9, (a). Two uncharged conductors are placed in electrical contact. A certain amount of 
charge is given to them, Show that the charge acquired by either conductor is proportional 
to its capacitance, 


(b) Two insulated charged conductors of different Capacities are at different potentials. 
They M into electrical contact, Show that the charge lost by one is equal to. that gained 
by the other. 


eof depen- 


led? Obtain the value of the capacitance for 


Hence obtain the 


Calculate the loss of energy in this process, What happens to this energy ? 
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10. Deduce an expression for the energy of a capacitor in terms of the capacity C and 
charge q. 

What type of energy is stored up in a capacitor ? What happens to this energy when the 
capacitor is discharged ? 

11, Find an expression for the combined capacity of three capacitors in (a) series, 
(b) parallel. 

12. Describe a Leyden jar and explain its actio... 

13. Write short notes on--‘a) multiplate, (6) variable, (c) electrolytic capacitor. 


[B] Short answer type questions, 


1, The capacitance of a condenser increases as the thickness of the dielectric is recuced, 
Why is it impossible for this separation to be indefinitely reduced ? 

2. Two concentric metal spheres are insulated from earth and from one another and a 
charge +g is given to the inner sphere. What will be the electrical condition of the outer 
sphere? How willit be changed (a) by connecting the outer sphere to earth momentarily, 
and (b) by afterwards connecting the inner sphere to earth ? 

3. Willa solid sphere hold a larger electric charge than a hollow sphere of the same 
diameter ? 

4. Define dielectric constant. What is its unit ? 

5. What do you mean by the statement that dielectric constant of turpentine is 2:3. 

6. The dielectric constant of distilled water is very high, almost about 80. Yet water is 
never used as the dielectric in a condenser. Why ? 

7. What is the capacitance of a short circuited capacitor ? 

8. What do you mean by the statement that the capacitance of a conductor is 5 cm. 

9. (i) A parallel plate air capacitor is charged to a certain potential difference. The 
space in between the plates is then filled up with a dielectric medium of S.I.C. k. What happens 
to its capacitance ? To the charge? To the potential difference ? 

(i), Different potential differences are applied across the plates of a capacitor and in each 
case the charge is measured. Draw two graphs showing the variation of charge and capaci- 
tance as a function of potential difference. 

10. Two identical condensers are to be charged by connecting them to a battery. Compare 
the relative total charges taken from the battery for the following cases: (a) only one conden- 
ser used, (b) each condenser separately charged, (c) condensers connected in series (d) conden- 
sers connected in parallel. 

11. Two equal spheres of water, haviog equal and similar charges, coalesce to form a 
larger sphere. If no charge is lost, how will the surface density of electrification change ? 
Compare the potentia!s of the spheres. ü 

12. If you were given two Leyden jars, a means of charging them at a constant potential, 
and a gold-ieaf elcctroscope, how would you determine which jar has the greater capacity ? 

13, In charging a Leyden jar the outer coating is (a) insulated (b) earthed. What diffe- 
rence does it make ? 

14. (i) Two copper spheres of same radii, one hollow and the other solid are charged to 
the same potential. Which, if any, of the two will hold more charge ? [LT T. '74] 

(ii) Cana metal sphere of radius 1 cm hoid a charge of 1 coulomb ? [4E TS] 

15. Justify the following statements :— 

(2) The capacitance of a conductor increases with the presence of neighbouring 
conductors. The effect becomes much more pronounced if the neighbouring conductors are 
earthed, ; 

(b) Theoritically there is no limit to the amount of charge that may be stored in a 
capacitor, But practically it is not so, à 
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(c) A circuit containing capacitors should be handled cautiously even when the supply 
has been switched off. 
(d) A paper capacitor has a higher capacitance than an air capacitor of same size. 
(e) Sometime the capacitance is expressed in centimetre. 
16. Two conductors contain same amount of similar charges, Can there be any potential 
difference between the two conductors ? 


17. One plate, A, of a parallel plate capacitor is at zero potential and the other plate B 
is at a potential --V. How does the potential at different points vary as you go from Ato B? 
Neglect end effects. ( Jt. Entrance '83] 


[C] Simple Problems. 
4. A conductor needs 5 x 10-9 coulomb of charge to raise its potential by 250 volt. Find 


its capacitance. ; [ Ans. 2x 10-19 farad } 
2. The p. d. between the plates of a capacitor is 240 volt. if the capacitance be 5 ppf, 
find the charge on each plate. [ Ans. L:2x10-? coulomb ] 


3. The radius of the earth is 6400 km. Calculate its capacitance in microfarad. 

{ Ans. Tilef) 

4. Show that the capacitance of an isolated sphere is increased by a factor n if it 
is enclosed within an carthed concentric sphere, the ratio of the radii of the spheres being 
n: (n—1). 

5. The radii of the inner and outer spheres of a spherical capacitor are 4and 12cm 
respectively. The space between the spheres is filled up with paraffin wax of dielectric cons- 
tant 2, Calculate its capacity. [ das, 12¢8.u.] 

6. An air-filled capacitor is charged by connecting it across a battery. The charge that 
flowsto one of the plates is found to be 300 yc. Without disconnecting the battery, the 
capacitor is completely immersed in an insulating oil. An additional charge of 450 pc is found 
to flow to the plate. What is the dielectric constant of the oil ? [4ns. 25] 


7. A refrigerator condenser having capacity 140uf is subjected to a p.d. of 220 volt. Find 
the energy stored in it. The condenser is discharged through a fine wire. Ifthe total energy 
is expended in heating the wire, calculate the amount of heat evolved. 

[ dns. 3:39 joule ; 0*8 cal] 

8. (a) A parallel plate capacitor consists of two plates each of area 70 sq cm and sepa- 
rated by 0:2 cm thick slab of glass. If the dielectric constant of glass be 5, calculate the 
capacitance of the capacitor. (b) If the capacitor is connected to a 200 volt source, calculate 
the charge on the capacitor, the surface density of charge on the plates and the energy stored 
IDA [ Ans. (a) 1393 e.s.u (b) 3:096 x 10-8 coulomb ; 4:42x 10-19 coutomb/cm" ; 

: 30:96 x 10-7 joule ] 
j 9. At what distance should the plates 10 cm in diameter of a parallel plate air condenser 
be placed to have the same capacity as a sphere of 100 cm in diameter ? [ Ans, 0:125 cm] 
4 1 0 A parallel plate air capacitor is charged to a certain difference of potential. The air 
inside the capacitor is now replaced by a dielectric, In order to attain the previous difference 
in potential it is now necessary to triple the charge on the plates, What isthe S.I. C. of the 
dielectric ? r Ans. 3] 

11. The thickness of air layer between the two surfaces of a spherical air condenser is 
2cm. The condenser has the same capacity as that of a sphere of 120 cm diameter. Find the 


radii of the surfaces of the spherical air condenser. [ Ans. 10cm; 12cm ] 
12 Show that when two equal condensers are connected in parallel, the system | as four 
times the capacity of that obtained when the condensers are joined in series. [C. U.*54) 


; 13. The capacities of three capacitances are in the ratio2: 3: 5, Their equivalent capa- 
city waea connected in parallel is greater than that when in series by 18, uf. . Calculate their 
individual capacities. [ Ans. 4, 6 and 10pf | 
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14. A large number of 1-Ozf capacitors are available, You are to connect together the 
minimum number of these capacitors so as to form a capacitance of 075 uf. How many are 
required, and how should they be connected ? [ Ans. six] 

15. Three capacitors each of 6 micro-farad capacitance are connected in series and a 
battery of 100 volt applied across the combination. Calculate the charge taken from the 
battery and the energy stored in the capacitors. ( €. U. 65) 

Į Ans, 2x10-* coulomb ; 10-* joule | 

16. Three equal condensers are joined in parallel and the combination is connected across 
a p.d. of 20 volt, If the total charge of the combination be 30 coulomb, then what is the 
capacity of each condenser 7 What will be the tota! charge when the condensers are joined 
in series ? Į Ans. 0:5 farad ; 3:33 coulomb ] 

17. Two condensers are in parallel and the energy of the charge is 8000 erg when the 
difference of potential between their terminals is 20e, s. u. With the same two condensers in 
series the caergy is 1500 erg for the same difference of potential between the insulated terminal 
and the earth. What are the capacities ? (London) [ Ans, 30 e.s.u. ; 10 e.s.u. ] 

18. Two capacitors of capacitances 5 pf and 10 p/'are joined in series and the resultant 
combination is connected across a p.d. of 300 volt. Calculate (a) the equivalent capacitance 
of the combination, (b) the total charge on the combination and charge on each capacitor, 
(c) the p.d. across each capacitor, (d) the energy stored in the capacitors. 

[ Ans. (2) 33pf (b) 107? coulomb; 10-5 coulomb ; (c) 200 volt 100 voit (d) 0°15 joule } 

19. Two capacitors C,—4uf and C,—12u/ are connected in parallel. This combination 
is connected in series with a capacitor C,=8yf and a battery of e,m.f. 200 volt, Find (u) the 
equivalent capacitance of the circuit, (b) the charge on each plate of Cs, (c) the voltage acioss 
C, (d) the voltage across the parallel circuit and (e) the charge on C; and Ca. 

[ Ans. (a) 5:33uf, (b) 1:066x10~%c (c) 133:3 V, (d) 66°7V, (e) 267 x 10-4 and 
SA 8:0 x 10-4c ] 

20. A fixed condenser of capacity 0:05 pf is combined in series with a variable condenser 
whose capacity can be varied from 0:0005 to 0:01 pf. Find the range of the combination. 

[ Aas. 0:00833 to 0:000495 pf} 

21. Nsimilar capacitors are joined in parallel to a potential difference V. The capacitors 
are then reconnected in series, their charges being undisturbed. What is now the potential 
difference ? [ Ans. NV] 

22. A parallel plate air capacitor, has two plates, each of radius 9 cm and separated by a 
distance of 3 mm; It is connected to battery and is given a charge of 6000 e.s.u. Determine 
the energy stored in the capacitor. 

The space between the plates is then filled up with à dielectric of permittivity 4. Find the 
new value of the energy stored (i) if the battery is first disconnected, (ii) if the capacitor 
remains connected to the battery. 

[ Ans. 2:67 x 105 erg , (i) 6:675x10* erg, (i) 10°68 105 erg] 

23. Twentyseven identical drops of mercury are charged simultaneously to the same 
potential of 10 volt. What will be the potential if all the charged drops are made to combine 


to form one large drop ? Assume the drops to be spherical. (LAT. 69) [ Ans. 90 volt] 
24. In problem 23, will the energy of the single large drop be different from the total 
energy of the smaller drops ? If so, by how much ? [ Ans 9times] 


25. 64identical oil drops having equal and similar charges unite to form a single drop. 
Corapare the value of capacity and potential after uniting. 
[ Ans, Capacity 4 times and potential 16 times that of smaller drop ] 
26. When the elcctrie field intensity immediately outside a surface is 100 e.s.u., electricity 
discharges from the surface into the air. To what potential can a conducting sphere of radius 
(i) 05 cm (ii) 50 cm be raised when surrounded by air ? What do these results suggest about 
the design of (i) lightning conductors, (ii) high-voltage apparatus ? ( Cambridge ) 
{ Ans. (i) 50 e.s.u. (ii) 5000 e.s.u.| 
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27. A condenser consists of 201 circular sheets of tinfoil separated by mica sheets of 
S.I.C. 6 and thickness 0*5 mm, alternate plates being connected together. If the capacity of 
the condenser be 0*4 yf, find the radius of the tinfoils. [ Ans. 7°75 cm) 


28. A parailel plate condenser of one microfarad capacity is to be built up using paper 
sheet of 0-05 mm thickness [S.L.C.—4j. Find how many metal foils of 20 cm diameter -will be 
needed for this purpose. ( Burdwan Univ. *64 ) į Ans. 46] 

29. A2 uf capacitor is charged to 50 volt and a 4 nf capacitor is charged to 100 volt, The 
capacitors are then connecte in parailel, plates of same polarity being connected together. 
Calculate the loss of energy due to connection. [ Ans. 1:67x10 * joule] 

30. Two condensers have capacitances of 10 and 15 units respectively. The first one is 
charged to 10 and the second one to 5 units of potential. Ifthe condensers are connected in 
parallel, what would be their common potential ? (H.S. °78) | Ans. 7 unit ] 

31. A conductor of capacity 4 units charged with 100 units of positive electricity is 
connected to another conductor of capacity 2 units charged with 20 units of negative electricity. 
What is the change of potential of each conductor ? 

(Jt. Entrance '81) (Ans. 11:67 unit ; 23:33 unit ] 

32. Two spheres of radii 4 and 8 cm respectively are charged to the potentials 120V and 
360V. They are connected by a conducting wire. Calculate (a) the common potential of the 
system, (5) the charge on each sphere, (c) the loss of energy after connection. How is the 
loss of energy accounted for ? [ Ans. (a) 280V, (b) 3:73e5s.u,; 7:46 e s.u. , (c) 0:85 erg ] 


33. A conductor of capacity 20 e.s.u. is raised to a potential o! 60 e.s.u. It is then 
connected to an uncharged sphere and the common potential drops to 40 e.s.u. Find the 
diameter of the sphere. Find also the loss of energy in this process. [4ns. 20 cm ; 12,000 erg] 

34, Two spheres of radii 8 and 12 cm are joined by athin wire. A charge of 600 c.s.u. is 
given to the system.. Find the charge on each sphere and their common potential. 

[ Ans. 240e.s.u.; 360 e.s.u. ; 30e. s. u.] 


35. A conductor of capacity 75 is charged to a potential 20 and is then made to share its 
charge with a conductor of capacity 25. What wili be the final charge and potential of each ? 
(Calcutta Univ. *53) [ Ans. 1125 and 375 unit ; 15 unit ] 

36, A parallel plate air capacitor having circular plates of diame‘er 8 cm and plate 
separation 2 mm has one plate earthed and the other connected to an isolated conducing 
sphere of radius 16 cm. What charge in coulomb must be given to the sphere to raise its 
potential to 10 kV ? [ Ans, 0'4 pc] 
37. Two exactly similar condensers are connected by a wire and a charge of 500 c. s. u. is 


given to them. If turpentine of S.I.C. 2:16 be poured into one of them, find how much charge 
flows from one condenser to the other. [ Ans. 91:8 e.s.u.] 


38. Two isolated conducting spheres of radii 2 cm and 4 cm are placed at a large distance 


apart. Each is charged positively with 300 €.5.u, Of charge. They are brought into contact and 


again placed at the same distance as before, Compare the forces of repulsion before and after 
the contact. [ Ans. 9:8] 


39. A parallel plate capacitor has two plates each of area 75 cm*, The distance between 
the plates is 2 mm and the gap is filled with a dielectric of permittivity 6. Calculate (a) the 
capacity of the capacitor (b) the energy stored in it when given a charge of 1000 e.s.u. and 
(c) the loss in energy when the plate to which the charge was given is connected to an uncharg- 
ed, insulated spherical conductor of radius 40 cm, 

{ dns, (a) 17914 e.s.u, (b) 2791-1 erg (c) 509-1 erg] 

40. Two capacitors A and B of capacities 1 and 2 microfarad respectively are each charged 
initially by connecting them, in turn, to a 12 volt battery. What is the final potential difference 
across the combjnation if the two capacitors are later connected in parallel such that (a) the 
positive plate of one is connected to the positive plate of the other ? (b)the positive plate of 
one is connected to the negative plate of the other ? (LIT. 771) [ Ans, (a) 12 V (5) 4 V] 
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41, Two spherical conductors have equal charges, Q, but the volume of one is twice that 
of the other. If the two are connected by a conducting wire, will a current pass through it and 
if so, from which conductor to which ? Find the final charge on each sphere. 

[ Ans. 1115 Q, 0885 Q] 
[D] Harder Problems. i 


1. A conducting sphere of diameter 16 cm is charged toa potential of 120 e.s.u. It is 
then placed inside another uncharged conducting sphere of diameter 24 cm.. The two spheres 
are then connected by a conducting wire. Find the potential of the outer sphere. 

[ Ans. 80 e.s.u, ] 


2. Glass of S.I.C. 6 is used as dielectric in a parallel plate capacitor, the distance between 
whose plates is £. The upper plate of the capacitor is now raised vertically through a distance 
t. What will be the effect on the potential difference and charge if (i) the plates are connected 
across a cell of e.m.f. E. (ii) the plates are charged and then disconnected from the cell before 
the upper plate is raised ? [ Ans. (i) the p.d. equals E and remains constant; the charge 
is reduced to 1/7 of its value, (ii) the charge is constant ; p.d. increases 7 times ] 

3. Two metal plates form a parallel plate condenser. The distance between the plates is 
d. Ametal sheet of thickness d/2 and of the same area is inserted completely between the 
plates. What is the ratio of the capacitances in the two cases ? (CH. FL. T. 76) 

[ Hint ; The electric field within the metal sheet is zero ] [A4ns. 1:2] 


4. A parallel plate condenser consists of two plates of area 100 sq cm each separated by 
a distance of 1 cm. A square glass slab of thickness 1 cm and side 5 cm is placed between the 
plates, Find the capacity of) the condenser. S.I. C.ofglass—10. (Agra) [ Ans. 25:87 e.s.u. } 


5. Two capacitors 4 and B, each having a dielectric of permittivity 4 are connected in 
series, When they are connected across a 250 volt d.c. supply, it is found that the p. d. 
across A and B is 150 volt and 100 volt respectively. If the dielectric in the smaller capacitor 
is replaced by one for which the permittivity is 6, what will be the new values of p. d. across 
each ? [4ns. 125 V across each ] 

6. Two condensers PQ, RS of capacitances Inf and 3f respectively are joined in series, 
plate Q being joined to R, and charged by a 100 volt supply. Calculate the charge given and 
energy stored in the combination. The condensers are then disconnected from the supply and ` 
from each other and joined in paralleli, P being joined to Rand Qto S. Calculate the poten- 

tial difference between the plates and the new value of stored energy. ( London Uniy. ) 
; [Ans. 75x10-* coulomb, 3:75x 10-* joule; 37:5 volt, 2:8125x 10-* joule | 


7. Two metal spheres, each of mass 1 gm and radius 05 cm are placed on a smooth, 
horizontal, insulated plate such that their centres are 15 cm apart. One is charged to a 
potential of 500 volt and the other to 1000 volt, What is the velocity of each sphere when 
they drift away to a distance of 30 cm between their centres? (I. I. T. 63.) [Ans. 0:3 cm/sec] 


8. A sphere of radius 12 cm is charged with 36 e.s.u, of electricity. Calculate the work 
done in giving to it 6 additional unit of charge. [ Ans. 19°5 erg] 


"amer. 
.9, Find the capacitance of a system of identical (a) 
capacitors between the points Æ and B as shown in 


Figs. (a) and (5). The capacitance of each capacitor is C. 
[ Ans. (a) 3G (b) C] 


P-T1/23 
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— — 10. An infinite circuit is formed by the repetition 
of the same link consisting of two identical capacitors, 
each of capacitance C, asshown inthe figure. Find its 


EIE. capacitance. [4ns. (v5—1) C/2] 


11, The section AB of a circuit is shown in the figure, The e.m.f. of the source is E=10V 
and the capacitances are Ci=lpf and C,e2yf. The 


p.d. be'ween A and B is V,—Va—5V. Find the p.d. o ARONS 


across cach capacitor. (das. 10V ; 5V) 


16 ELECTRIC MACHINES 
CHAPTER 


161. Introduction. 

Any mechanical device which ensures a continuous supply of electricity is 
called an electric machine. Electric machines are used to produce large amount 
of electric charge and high potential. These are generally of two types— 
(a) Friction machines and (5) Induction machines. The friction machines are 
not very satisfactory and have become obsolete after the invention of induction 
machines. In this chapter we shall discuss two electric machines of induction 
type viz., the electrophorus and the Van de Graaff generator. 


16:2. The electrophorus. 


The electrophorus invented by Volta in 1775 is the simplest of all electric 
machines. This instrument works on the principle of electrostatic induction. 
It consists of a circular ebonite slab P ( Fig. 161 (a) ] resting on a metallic 


(b) 
Fig. 16:1: Action of electrophorus 


(c) 


disc $ known as sole. The sole is generally earthed when the instrument is in 
use. Another metallic disc C, known as cover,is provided with an insulating 
handle H. The disc is slightly smaller in size than the ebonite slab P. A 
metallic knob K is also attached to the cover C, 

To use the instrument, its constituent parts are first warmed to free them 
from moisture. The ebonite slab is then given a negative charge by rubbing it 
vigorously with a piece of fur. The cover C is then placed on P. As the 
ebonite slab is never perfectly flat, contact takes place between the slab and the 
cover only at a few points so that practically none of the negative charge on P is 
transferred to C by conduction. We may, therefore, suppose that there is a gap 
between the ebonite slab and cover. This results in the induction of positive 
and negative charge on the lower and the upper surface of the cover respecti- 
vely, The cover is now earthed by touching it momentarily by hand so that the 
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free negative charge passes on the earth | Fig, 16:1 (5) ]. In some instruments, 
such earthing is effected automatically by using a metal pin attached to the sole, 
The pin passes through and ends at the upper surface of the slab. When the 
cover is placed over that slab, tue pin touches it and conducts the free negative 
charge on it to the earth. ( 


The cover is now taken off the slab by the insulating handle H. It is found 
to be positively charged [ Fig. 16'1(c)]. This charge may be transferred toa 
suitable body or a condensers. The knob K helps in such transfer. For example, 
it may be put inside a hollow can so that the whole charge of the plate is 
communicated to the can. A spark may also be obtained from the knob, 

The inducing charge on the slab is not appreciably diminished in the above 
process, Allowing for the inevitable slight leakage of the charge from the slab, 
the cover may b» charged a considerable number of times by placing it again 
and again on the slab according to the process described above. 

Two important facts need to be mentioned here ;—(i) The charge available 
ata single operation may be proportionately increased by increasing the area of 
the electrophorus. (ii) A particular conductor may be charged upto a limit by 
the above process, Thelimit isset by the fact that when the potential of the 
conductor becomes equal to that of the charged cover, no transference of charge 
to the conductor will be possible. 

Action of the sole: The negative charge on the slab also induces positive 
charge on the upper surface of the sole, the free negative charge passing away 
to the earth, This induced positive charge on the sole keeps the negative charge 
on the slab bound by drawing it slightly within the slab. The leakage of the 
charge from the slab is thus reduced. 


Source of electric energy obtained from an electrophorus : 


At first sight it may appear that this repeated supply of electrical energy 
from the cover is created out of nothingand this violates the principle of 
conservation of energy. But this is not correct. When the cover is in contact 
with the slab, the charge induced on it is: bound by the negative charge on the 
slab and possesses no available energy. No spark can be obtained from the 
cover in this position. 

In order to obtain electrical energy from the cover (e.g. in the form of spark) 
it should be pulled away from the slab. To do this, mechanical work must be 
done against the force of attraction between the positive charge on the cover 
and the negative charge on the slab and this work is converted into electrical 
energy of the cover. In this connection, it may be mentioned that in earlier days 
of experiments with statical electricity, some electrophorus were made having 
covers of diameter about 2 metre. Each time the cover of such an electrophorus 
s pulled away from the charged slab, quite a lot of work had to be done. 


Changes in the potential of the cover : 


When the cover Cis placed on the negatively charged slab P, its potential is 
negative being situated in the field due to the negative charge. When it is 


a 
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earthed, its potential becomes zero. As it is gradually raised, its potential 
becomes more and more positive and reaches the maximum positive value when 
it is removed from the influence of the negative charge on the slab P. 


16:3. The Van de Graaff Generator. 


In electrophorus and in other electric machines, charge is generated and 
multiplied by induction. But Van de Graaff generator is rather a. collector of 
charge than a generator. It makes use of the principle that charge applied to 
the inside of a hollow conductor goes entirely to the outer surface no matter 
how high the potential of this conductor may be. It is generally used to provide 
potential difference of a few million volt. 


The principle of the generator is illustrated in a highly simplified diagram 
[ Fig. 162). Gis a large hollow smooth metal shell insulated from the ground 
by a tall tubular insulating stand. An endless band of silk or other insulating 
substances passes round two pulleys A and B, of which the upper one Alies inside 
the shell G. When the lower pulley B is driven by a motor M, the band revolves 
continuously in the direction indicated by 
the arrows. A spraycomb C, which 
consists of a series of sharp metallic 
points, is fixed in position at a small 
distance from the moving band. It is 
connected to the positive terminal of a 
high volage D.C. supply, the negative 
terminal being earthed. Thus the spray- 
comb acquires a high positive potential. 
Consequently positive charge is sprayed 
off the comb by point action and gets 
attached to the band. The band carries 
the charge upwards inside the shell, Here 
the charge is removed from the band by 
another spraycomb D connected to the 
inside of the shell and transferred to the 
shell (again by point action). The charge M 
distributes itself over the outer surface [VOLTAGE 
of the shell, The uncharged band moves TUN 
round to C again when the action is 
repeated. Thus as the band rotates the 
shell acquires more and more positive = 
charges and its potential grows corres- Fig. 162: Van de Graaff generator 
pondingly, However, the potential of the 
shell is limited by the break down voltage of the shell when its charge passes into 
the surrounding atmosphere in the form of discharge, the corona discharge—as it 
iscalled. The shell G is, therefore, made perfectly smooth to increase this 
breakdown voltage. For the same reason, the belt must be smooth and made 
of a very good insulating material. To obtain very high voltages the whole 
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arrangement is therefore enclosed in a pressure vessel and the air is pumped out 
and replaced by a gas, such as nitrogen or freon, at very high pressure, 

In modern form of this generator, two shells are charged side by side with 
positive and negative electricity. Potential difference upto 10 million volt 
between the shells can be obtained. The instrument is widely used in nuclear 
research for obtaining high energy beam of charged atomic particles. It is also 
used for the production of high energy (hard) x-rays, 


€ EXERCISE © 
(A] Essay type questions. 
1. What do you mean by an electric machine? Name the different types of electric 
machine. ; 
“Electrophorus is a friction type machine while Van de Graaff generator is an induction 
type machine"—Comment on the statement. 
2. Describe a Van de graaff generator and explain how it works. 


LH. 8.79] [ Jt. Entrance '79,'81) 
Mention some of its uses. 


3. Describe the action of the electrophorus, and explain, in brief, why the amount of 
charge that can be obtained by means of it is unimited. Show that this does not violate the 
principle of conservation of energy. 


[B] Short answer type questions, 

l. Discussthe action of the sole and the changes in the 
electrophorus, 

2. Ina Van de Graaff generator, 


(a) Why the shell is a perfectly smooth sphere ? Can we use a shell of the shape of 
an inverted V ? 


(b) What would happen if the band becomes wet ? 


(c) Can we perform experiments by sitting inside the shell whose potential is, say, 
5 million volt ? 


(d) Explain the action of points in its working. 


potential of the cover of an 


3. Whyisthere a limit to the amount of charge that can be gi i 
e con- 
duster po do eee anes given to an insulated 


_ 4, What factors set an upper limit to the potential of the shell of f genera- 
or? How can you raise this limiting potential ( breakdown voltage — de Graaff ge 


— 


CURRENT 
ELECTRICITY 


ELECTRIC CURRENT 
AND 
ELECTRIC CELLS 


171. Introduction. 


In electrostatics, we have studied the phenomena exhibited by electric 
charges at rest. In the present chapter of current electricity we shall devote 
ourselves to the discussion of phenomena which are produced by electric charges 
in motion. Electric charges in motion constitute what is krown as an electric 
current. Understanding and application of these phenomena have brought 
about a radical change in our lives. Industrial prcduction depends almost 
entirely upon the use of electric current. Communication by telephone, telegraph, 
yadio etc. requires the use of electric current. Our homes are lighted by 
electric bulbs. We use electric fans, air conditioners, refrigerators, heaters and 
many other electrical appliances in our everyday life. In short, we can say 
appropriately that we live in an age of electricity. 


17:2. Electric current. 

We have already seen that when two insulated conductors at different 
potentials are connected by a wire, positive charges flow through the wire from 
the conductor at higher potential to the other at the lower potential. Negative 
charges flow in the opposite direction. The flow continues until the potential 
difference that existed at first between the ends of the wire becomes zero ; the 
flow stops as soon as the potentials are equalised. If, however, the potential 
difference between the two conductors be somehow maintained constant, then the 
flow of charge will also continue at a constant rate. As has been stated earlier 
such a continuous flow of charge constitutes what is known as an electric 
current, 

The above discussion may be clearly understood by analogy with the flow of 
a liquid, say water. Let us consider two vertical 
cylinders, 4 and B, joined near the bottom by a pipe 
provided with a stop-cock S [Fig. 171]. The cylinders 
contain water standing at different levels in the two, say 
higher at A. On opening the stop-cock, water will flow 
from A to B and this flow will stop when the water 
level becomes the same in both cylinders, there being 
now no longer a difference of pressure. If electric 
current be compared with the flow of water, then 
obviously potential difference is analogous to the pres- 
sure difference and the act of opening the stop-cock to 
that of joining two charged bodies by a wire. The  {Fig. 171 : ‘Hydrostatic. 
pressure difference and hence the flow of water can analogy ee 
be maintained if we use a pum» as shown in the figure 
and keep pumping water from B into A just at the same rate as that at which 


PUMP 
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water is entering into B from A. The water thus flows in a complete continuous 
path aslong as we wish to maintain it. By expenditure of mechanical energy, 
the pump supplies the energy necessary for maintaining the flow of water. 

Similarly, in order to maintain the potential difference and hence the current, 
the positive charges that come to the conductor at lower potential must be 
removed at the same rate and returned back to the conductor at higher potential 
by some other path than that followed by the current. A constant current, there- 
fore, flows in a complete, continuous path. This iscalled an electric circuit. 
Justlike the pump in the case of flow of liquid, some sort of external device, 
which converts other forms of energy into electrical energy, is necessary to supply 
the energy required for maintaining the electric current in the circuit, Such 
external device may be an electric cell, a dynamo etc. An electric cell converts 
chemical energy into electrical energy. The dynamo produces electrical energy 
at the expense of mechanical energy. Some other examples are a thermocouple, 
a photoelectric cell etc. The former converts heat energy and the latter light 
energy into electrical energy. 

The nature of electric current: Flow of charged particles constitutes an 
electric current. But depending upon the nature of the conductor, these particles 
may be of various kinds, We know that a metal contains a large number of free 
electrons. When a potential difference is established between two ends of a 
metallic ccaductor, these electrons, being negatively charged, move from the 
point of lower potential to that at higher potential giving rise to an electric current. 
In a conducting liquid or gas, the electric current may be due to flow of charges 


of both signs, positive charges moving in the direction of decreasing potential 
and negative charges in the opposite direction, 


Direction of electric current : 
direction is completely equivalent r 


The flow of negative charges in a particular 
egarding its external effect to the flow of 


ELECTRIC CELL Positive charges in the opposite direction. Con- 
+h- 


ventionally, the direction of current is taken to 
be that in which the positive charges flow i.e., 
currenr from higher potential to lower potential. Ina 
DIRECTION metal, we know that the electric current is due 
to the flow of negatively charged electrons and 
not due to the flow of any positively charged 
Fig. 17:2 Particle. Hence, in a metal, the direction of 


: the current and that of the flow of electrons 
are opposite to each other [ Tig. 17-2 ] 


17-3. Discovery of electric cell ; Voltaic pile. 

In 1790, Luigi Galvani, an Italian anatomist, made 
an accidental manner. He was experimenting with 
which were hanging from brass hooks attached to 
amazement, he noticed that whenever the legs touched 
thrown into vigorous muscular convulsions. 
phenomenon of electricity but made the erro 
resided in the frog's leg. 


an interesting discovery in 
freshly dissected frog’s legs 
an iron railing. To his 
the iron railings, they are 
He correctly Suspected that it was a 
neous conclusion that the electricity 
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Alessandro Volta, a friend of Galvani, did not agree with the above explana- 
tion. He held the view that electricity is produced due to contact of two dissimlar 
metals, the frog’s leg merely serving as a conducting medium for the flow of 
electricity. He carried on a series of experiments and showed that if two 
dissimilar metals are immersed in a liquid which acts chemically upon one of 
them, a constant difference of potential is maintained between the two metals. 
He took two plates of copper and zinc kept separated by a piece of cloth 
moistened with acidulated water and showed by means 
ofa modified form of gold-leaf electroscope that the 
copper plate was charged positively and the zinc 
plate negatively. In order to increase the effect, 
he arranged in a vertical column a large number 
of such pairs of copper and zinc: plates separated 
by cloths soaked in acidulated water. This is known 
as the voltaic pile [ Fig. 17:3], after the name of 
the discoverer. A large difference of potential is 
established between the topmost copper plate and the 
lowest zinc plate. On joining them by a wire, a continuous electric current was 
found to be flowing. If the two plates were touched simultaneously, a tingling 
sensation was felt, the human body serving as the conductor. Volta further 
showed that identical results were obtained by using other metals and solutions 
of various salts and acids. 


COPPER 
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Fig. 17:3: Voltaic pile 


174, The simple cell or Voltaic cell. 


Description: A simple cell was constructed onthe basis of the results of 
Volta’s experiments. It is also called Voltaic cell in honour of his name. A 
simple cell consists of any two dissimilar con- 
ducting substances immersed in a liquid which 
acts chemically upon one of them. Usually it 
consists of a copper plate and a zinc plate both 
dipping into a dilute sulphuric acid solution 
[ Fig. 17:4]. 

Development of e. m. f.: It is well known 
that whenever two dissimilar conducting subs- 
tances come into contact with each other, some 
electrons pass from one of them to the other. As 


BUBBLES OF a tesult, at the point of contact both the neigh- 
HYDROGEN bouring substances become charged and a 
Fig. 174: A simple cell potential difference is created between them. 


This is known as contact potential difference. In a simple cell the copper 
plate, the zinc plate and dilute sulphuric acid—all of them being conducting subs- 
tances, a potential difference is created at each ofthe two places of contact— 
between copper and sulphuric acid at one place and between zinc and sulphuric 
acid at another. It is found that the potential of copper is higher than that of 
sulphuric acid by 0°46 volt and the potential of sulphuric acid is greater than that 
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of zinc by 6°62 volt. Hence the potential of copper is higher than that of zinc 
by 0'46+0:62=1:08 volt, This potential difference between the plates of the cell, 
when it is not driving any current through a circuit, is called the electromotive 
force or in short e.m.f. of the cell. When the two plates are connected by a wire, 
a current flows from copperto zinc through the wire outside the cell, ‘The 
copper plate is called the positive polc and the zinc plate the negative pole. The 
dilute sulphuric acid solution is called the exciting liquid. A current, however, 
always flows in a closed circuit. In this case the current flows inside the cell from 
the zinc plate to the copper plate through the solution. 

The action inside the cell: According to the Arrhenius’ theory of electrolytic 
dissociation, wheu an electrolytic substance is dissolved in a suitable liquid, 
some-not all-of the molecules of the solute are immediately dissociated into oppo- 
sitely charged ions.* These ions move about at random within the solution, So in 
the dilute sulphuric acid solution in a simple cell, some of the neutral H4SO, 
molecules dissociate giving rise to positively charged hydrogen ions (H*) and 
negatively charged sulphate ions (SO,-~) within the solution. This dissociation 
process may be represented by the equation 

HSO, = 2H*--SO,7 - 
where cach plus or minus sign indicates a charge equal to the electronic charge. 
The solution as a whole remains electrically neutral because there are equal 
numbers of both kinds of charges. 

As has been stated earlier, in a simple cell, when the copper plate and the zinc 
plate are connected by a wire a current flows outside the cell through the wire 
from copper plate to zinc plate and inside the cell through the liquid from zinc 
plate to copper plate, In the wire electrons (negatively charged particles) are the 
carriers of electric charges. They travel from zinc to copper, this negative 
current being equivalent to a positive current from copper to zinc. Inside the cell 
the charged ions are carriers of electric charges. H* ions move in the direction of 
the current. On reaching the copper plate they give up their positive charge to 
the cop per plate and most of them stick to the copper plate as hydrogen bubbles. 
This process can be represented as 

At the copper plate— 

Cu = Cut*+2e (e=electron) 
2Ht +2e-=H, 4 à 
‘The SO,77 ions also move but they move in the opposite direction towards 
the zinc plate. On reaching the zinc plate they give up their negative charge to 
the zinc plate and combine with the zinc forming zinc sulphate. This is 
represented by 
At the zinc plate— 
Zn = Zn** +2e 
Zn** c SO,7- = ZnSO, 

So the net chemical action in the cell may be represented by the equation 
Zn+H,SO, == ZnSO, +H; 


* Anion is an atom or a group of atoms which carries an electric charge. 
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Thus the net result of the passage of the current is the gradual dissolution of 
zinc into sulphuric acid solution. The energy liberated by this reaction maintains 
the current, 

17:5. Electromotive force and potential difference. 

Whenever any body is forced to move, there is always a driving force causing 
the body to move. In a similar way when a current is generated by a cell (or by 
a dynamo), we think ofan electromotive force (or e.m.f.) which maintains the 
flow of charges. ‘he term ‘force’ is, however, unfortunate because the electro- 
motive force is not in any way linked with the concept of force. Rather its idea 
may be formed from the stand-point of energy. 


We know that in a cell (or ina dynamo) some form of energy is converted 
into electrical energy. Thisis a general characteristic of any source of e.m.f. 
We can therefore assert that if in any part of an electrical circuit, some other form 
of energy is converted into electrical energy, an e. m. f. is said to exist at that 
part of the circuit. The magnitude of the e. m. f. (E) of a source is given by 
the amount of energy converted when unit charge passes through the source. If 
the energy is expressed in joule and the charge in coulomb, then the unit of 
e, m. f, is joule/coulomb i. e., volt—the same as that of potential difference, 

Thus there is an intimate relation between e.m. f. and potential difference. 
The two quantities are measured in the same unit. But they are not identical. 

From the above discussion it is clear that the existence of a source of e. m. f, 
in a part of a circuit gives rise to the potential difference at that part. 
Thus we can say that e. m. f. is the cause and potential difference is its effect. 


Moreover, potential differences exist not only in sources of e. m. f. but also 
in other parts of the circuit. Existence of the potential difference gives rise to a 
current in that part of the circuit where electric energy is converted into other 
forms of energy. For example, ifthe part of the circuit be a wire of a certain 
resistance, then there electrical energy is converted into heat energy. The reverse 
is not true ; if we heata resistance, no electric current will be produced. Hence, 
in general, we can say that—if im amy part of a circuit, electrical energy is 
irreversibly transformed into other forms of energy, a potential difference exists 
across that part of the circuit. 


17:6. Defects of a simple cell, 


A simple cell suffers from two common defects :—(1) Local action and 
(2) Polarisation. i 

Local action: The zinc used in a simple cellis commonly ofthe impure 
cominercial variety containing carbon, arsenic, lead, iron etc.* On placing the 
zinc electrode in dilute sulphuric acid, these impurities together with zinc form 
tiny local cells, A current is thus set up between every impurity and the surroun- 
ding zinc. Due to these local currents the zinc gradually dissolves in the acid, 
bubbles of hydrogen being given off from the impurities. This defect is known 


* Pure zinc is not used because it is costly. Morcover pure zinc ts not acted on by dil. 
H,S0,. j 
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as local action and is obviously present even when no external current is drawn 
from the battery. 


To prevent local action, the zinc is amalgamated with mercury. This is done 
by rubbing thezinc surfase with mercury with the help ofa brush. The zinc 
amalgam so formed covers up the impurities which are therefore prevented from 
coming in contact with the acid. Thus local action is avoided. 


Polarisation: When a simple cell drives a current through a circuit, it is 
found that its e. m. f. gradually falls and consequently the current through the 
circuit decreases. This is due to the defect called polarisation. We know that 
when a current is drawn froma simple cell, hydrogen bubbles stick to the 
copper plate. Thus after some time, a layer of hydrogen bubbles is found to be 
formed on the surface ofthe plate. This produces a two-fold effect : first, by 
covering up the copper plate partially, the hydrogen layer increases the resistance 
offered to the flow of current; the current, therefore, gets diminished. More- 
over, hydrogen possesses the chemical properties like a metal. The layer of 
hydrogen in contact with the acid solution is found to acquire a potential lower 
than that of zinc. The zinc plate therefore behaves like a positive one with 
respect to the layer of hydrogen and so an additional e. m.f. is set up. This 
e. m. f. called polarisation e. m. f. or back e. m. f., tends to drive a current in 
the opposite direction through the external circuit from the zinc plate to the 
hydrogen layer on the copper plate and hence opposes the main e. m. f. Thus 
the strength of the current is reduced. Gradually with the increase of hydrogen 
bubbles on the copper plate, the polarisation e. m. f. increases. Ultimately it 
corapletely neutralises the original e. m. f. and the current stops altogether. 

Polarisation can be prevented or removed by adopting one of the following 
methods : 

(i Mechanical: The bubbles of hydrogen may be removed from the 
copper plate by brushing it from time to time with a small paint brush. Such 
a remedy is neither convenient nor practical and its effects is only temporary. 

(ii) Ghemical: An oxidising agent is used to oxidise hydrogen into water 
(cf. Leclanche cell) The positive plate is surrounded by such aa oxidising 
agent, e. g. manganese dioxide, potassium dichromate etc. 

(iii) Electro-chemical ; In this case two solutions are used. The hydrogen 
can not reach the positive plate, but on reaching the second solution liberates ions 
of the same metal as that of the positive plate (cf. Daniell cell) or produces some 
other gas which does not give rise to polarisation. 


The chemicals used to prevent the defect of polarisation are called depolarisers 
or oxidisers. 


17:7. Different types of cells. 


Various electric cells in which the defects of a simple cell are eliminated have 
been devised by different investigators. These may be broadly classified into 
three types: (i) Primary, (ii) Secondary, and (iii) Standard cells. 
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Primary cells supply electrical energy by direct conversion of chemical energy. 
The materials of such a cell are gradually used up and ultimately the cell ceases 
to function, The cell is then discarded or fresh materials are ir troduced. 

The secondary cell differs from a primary cell in one very important point. 
When it produces a current for sometime some chemical changes take place 
within the cell. It can, however, be restored to the original condition and a fresh 
supply of current may again be obtained from it by sending a current from an 
external source through the cell in the opposite direction. The electrical energy 
spent thereby remains stored as chemical energy in cell. The cell is then said 
to be charged. When it is discharged, i.e., when a current is drawn from it, 
this stored chemical energy is converted back to electrical energy. In the 
case of a primary cell, however, this is not possible. When a primary cell 
sends a current for sometime it.cannot be brought back to the original condition 
by passing a current from an external source in the opposite direction. Thus, 
unlike a primary cell, a secondary cell may be used again and again, A secondary 
cell is also called a storage cell or an accumulator. 

A standard cellis never used asa source of current. It provides a source of 
constant e, m. f. which may be used for comparing the e. m. f.s of other cells or 
for calibrating ammeters, voltmeters etc. 

178, Primary cells. 

In the following sections we discuss a few common types of primary cell. 

(i) Daniell cell: This type of cell was invented in 1836 by John Daniell, 
Professor of Chemistry at King’s College, London. The schematic diagram of a 
Daniell cell is shown in Fig. 17:5. The 
copper vessel C serves as the + ve terminal, 
the amalgamated zinc rod Z serving as 
the —ye one. The vessel contains a satura- 
ted solution of copper sulphate which acts 
as the depolariser. CuSO, crystals are 
kept in a perforated shelf attached to the 
upper portion of the copper vessel or they 
are dropped to the bottom of the vessel, so 
that the solution always remains saturated. 
The amalgamated zinc rod is immersed 
in dil. sulphuric acid contained in the 
porous unglazed earthenware pot P. This Fig. 17:5: Daniell cell 
pot is placed inside the copper vessel. 

'The porous pot preventsthe mixing of the two solutions, but allows charged 
ions to move freely through the pores when a current is drawn. 

Action : When the terminals of the cell are joined by a wire, a current flows 
from the copper to the zinc rod outside tle cell, Zinc ions go into solution and 
combine with the sulphate ions of the dil. H,SO, solution to liberate hydrogen 
ions. These hydrogen ions pass through the porous pot and combine with the 
sulphate ions of the CuSO, solution to form H,SO,. The copper ions so liberated 
travel towards the copper vessel and get deposited on it by giving up their charg 
So, asa current is drawn from the cell, the zinc rod is used up while the coj 


SATURATED 
CuSO; SOLN. 


DIL.H2S04 
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vessel gets coated witha fine layer of copper; the copper sulphate solution 
gradualiy loses its strength. The CuSO, crystals however get dissolved to 
maintain the solution saturated. 


These chemical changes in the cell may be written as 
Zn+H,SO,=ZnSO,+ Hy 
H,+CuSO,—H,SO,+ Cu 
Hence the resultant chemical changes in the cell is 
Zn+CuSO,=Cu-+ ZnSO, 

The chemical energy liberated from this reaction is converted "ato electrica! 
energy. It should be noted that no gases are liberated in this cell. As copper 
is deposited on the copper plate, polarisation is completely absent. Thus polarisa- 
tion is removed in this cell by the electrochemical method, the CuSO, solution 
acting as the depolariser, The e. m. f. of the cellis 1:08 volt and it possesses a 
conside.able internal resistance. During use, both remain practically constant. 
The cell is, therefore, useful in obtaining a small but steady current. The cell is 
also frequently used as a rough standard of e. m. f. 

If the cell is left unused, CuSO, soln. diffuses through the porous pot and 
inactivates the zinc rod with copper coating. Hence the cell should be dismantled 
each time after use. This is the chief disadvantage of the cell. 3 


(ii) Leclanche cell: This type of cell was devised by Georges Leclanche 
in about 1865, It consists of a glass vessel B which contains a saturated solution 
of ammonium chloride (NH4CI) serving as the active liquid [Fig. 17:6]. The 
cathode is an amalgamated zinc rod Z dipped partially in this solution. The 

+ anode is a gas carbon rod C placed within 

aporous pot P which inturnis also dipped 

partially in this solution. The space between 

the carbon rod and the potisfilled with a 

cian mixture of powdered charcoal and manganese 
NH,GI sow, dioxide, the latter serving as a depolariser. 
Manganese dioxide is a very poor conductor. 

CHARCOAL Hence charcoal is added to provide a con- 
: *Mn0;, ducting path. The ammonium chloride 
B 


solution diffuses through the porous pot and 
: BIE the mixture of charcoal and manganese 
Fig. 176: Leclanche cell dioxide to reach the carbon rod. The top 
of the pot P is sealed with pitch. The seal is 
provided with a hole to.allow the escape of ammonia gas formed within the pot. 
Usually the upper inside part of the glass vessel is coated with a suitable black 
paint. This is done because with evaporation, small crystals of ammonium chlo- 
ride are formed on the jar which tend to ‘creep’ up the sides of the jer. This is 
prevented by the coating of paint to which the crystals do not stick. 


Action: On completing the external circuit, the current flows from the 
carbon to the zinc rod outside the cell. Zinc ions pass into solution and combine 
with the CI” ions of the NH,CI solution to form zinc chloride, The NH} ions 
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travel towards the carbon rod and get discharged there forming ammonia and 
nydrogen. The ammonia gas escapes while the hydrogen is oxidised by manya- 
nese dioxide into water, 

The resultant chemical change in the cell may be written as 

Zn+2NH,Cl=ZnC)}, +2NH3+ H, 

Hydrogen is oxidised by the manganese dioxide as follows 

Hy+2MnO,=Mn,O;+ H,O 

So when a current is drawn from the cell, the zinc rod is used up and the 
manganese dioxide is reduced. The resulting Mn,O, is however slowly oxidised 
back to MnO, by oxygen of the atmosphere. 

2Mn,O;-4- O= MnO, 

The e. m. f. of the cell is about 1*4 volt and is not steady. Being solid, the 
action of the depolarising agent i.e., manganese dioxide is slow, If the cell is in 
continuous use, especially when a large current is drawn from it, the manganese 
dioxide becomes unable to oxidise the hydrogen as fast as it is formed.  Polarisa- 
tion then takes place and the e. m.f. of the cell drops gradually. If the 
celi is then allowed to rest for sometime, manganese dioxide oxidises the 
accumulated hydrogen and the c. m.f. ofthe cell is then restored to the origi- 
nal value. This isthe main disadvantage of the cell. The Leclanche cell is, 
therefore, suitable only when an intermittent supply of current is required e. g. in 
operating electric bells, in telegraph and telephone circuits etc, The main advan- 
tage of the cell is that it works for a very long period and requires very little atten- 
tion—only some water should be occasionally added to the ammonium chloride 
solution to make up for loss by evaporation. 

(ili) Dry cell: This type of cell is essentially a Leclanche cell. As ammo- 
nium chloride solution is a liquid, a Leclanche cell can not be transported easily 
from one place to other and can not be used in any position. In a dry cell, the 
solution of ammonium chloride is dispensed with and a paste of NH4,Cl, MnO,, 
C (graphite) and a little water is used instead. — 1t should be remembered that the 
cell is not really *dry' but is termed so 
because the amount of water present is very 
small. 


A zinc can Z serves as the negative 
electrode [Fig, 17:7]. A carbon rod C placed 
at the centre is the positive electrode. It 
is fitted at the top with a brass cap B. The 
carbon rod is insulated at the bottom from 
the zinc can with a cardboard washer W. W 
The inside of the zinc can is lined up with a 
thin sheet S of blotting paper. Upto about Fig. 177 1 Dry cell 
three-fourth height of the cell, the space between the zinc can and the 
carbon rod is filled up with the paste mentioned previously. To prevent 
the drying up of the pasie, the top of the cell is sealed with pitch P. 
A smallhole is pierced through the pitch so that gases may come out from 


P-11/24 


B NH,CI,Mn0, 
LE C'(GRAPHITE), 
WATER 
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within the cell. The e.m.f. of the cell is 1-45 volt. When the zinc container 
is eaten away, the cell becomes dead and is thrown away. Due to the presence 
of the local action which can not be completely eliminated, the zinc is used up 
even when the cell is nct in use. This type of cell is widely used in torches, in 
operating radio sets, signalling equipments, telephones, telegraphs etc. 


17:9, Secondary cells or Accumulators. 
These are discussed later in chapter 21 (vide Art. 21:12). 


17:10. Standard cell. 


The e.m.f. of the cells described so far is never completely steady. As a 
current is drawn from the cell, its e.m.f. generally falls off slowly. For accurate 
measurement of potential difference, current etc., for calibrating ammeters, 
voltmeters (as will be described later), a cell is required whose e.m.f. remains 
constant and is accurately known. This type of cell is called a standard cell. No 
current is drawn from such a cell even for a short time, For ordinary purposes, 
a Daniell cell provides a satisfactory standard but for accurate work, it is not 
useful. We shall now discuss in short an accurate standard cell, viz. the Weston 
cadmium cell. 

The cellis illustrated in Fig. 17:8. It consists of a H-shaped gless vessel 
whose one limb contains pure mercury placed at the bottom. This serves as the 
r positive pole. The negative pole is an amalgam 
of mercury and this is placed at the bottom 
of the other limb. A paste of mercurous 
sulphate is placed over mercury and a satura- 
ted solution of CdSO, is kept in both the 
limbs, the surface of the solution reaching 
above the horizontal tube connecting the two 
limbs. Two platinum wires fused at the 
bottom of the two limbs are in contact 
respectively with Hg and the amalgam of Hg 
and Cd and these, serve as the terminals. 

Fig. 178: Weston cadmium cell To keep the CASO, solution always in the 
saturated condition, a few crystals of CdSO, are placed in each limb. As 
the cell is sensitive to light, it is kept enclosed in a light-tight box (not shown in 
the figure). 

The e.m.f. of this cell is 1:01830 V at 20°C. With rise in temperature, the 
e.m.f, slowly decreases according to the relation E=1-:01830—0-0000406 (t—20). 


17:111, Distinction between Primary and Secondary cells, 


(i) Electrical energy is obtained from a primary cell by direct conversion of 
chemical energy. -After use, a primary cell can not be brought back to the 
original condition by passing a current through it from an external source in the 
opposite direction, On the other hand, a secondary cell may be charged ie. 
restored to the original condition by sending a current through it in the opposite 
direction from an external source. The electrical energy spent in this process 
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remains stored as chemical energy in the cell. During discharge, this stored 
chemical energy is transformed to electrical energy. 

(ii) During use, the materials of a primary cell are gradually consumed and 
ultimately the cell becomes exhausted. The cell is then discarded or fresh 
materials are introduced to reactivate it. The use of primary cell is, therefore, 
costly. But a secondary cell may be used again and again by repeated charging. 
Hence its use proves to be cheaper. 

(ii) The internal resistance of a secondary cell is much less than that of a 
primary one. Hence in comparison to a primary cell, a secondary cell can provide 


more intense current. 


1712. Some important points about cells, 


(i) The e.m.f. of a cell does not depend upon its size but is determined by 
the nature of the active liquid and the electrodes, Cells of different sizes but 
made of the same materials have the same e.m.f. 

(ii) The total quantity of charge that can be supplied by a cell is determined 
by the amount of reacting chemicals in the cell ; greater this amount, larger is the 
charge obtained from a cell. 

(iii) The main electrochemical actions occur at the surfaces of contact 
between thé active liquid and the electrodes. 

(iv) The internal resistance (cf. Art. 18°6) of a cell depends upon the distance 
between the electrodes, their areas and the nature of the active liquid. Smaller 
the distance between the electrodes and larger the area of them, smaller will be 
the internal resistance of the ceil. 


1713. Summary of different cells, 
Important features of different cells are summerised in the following table :—~ 
Active ] E.M.F. 

Nil 1:08 


ve —ve 
ee pa 
Cu Zi dil. H,SO, 
dil. H,SO, 


Remarks 


Voltaic n 


Suitable for small but 
steady current 


Daniell CuSO, 


. Suitable for small but 
intermittent current 


MnO, 


Leclanche NH,Ci soln. 


Weston cad- CdSO,soln|  Hg;SO, Suitable as standard 


mium 


Suitable for large 
current 


dil. H,SO, | Direct and 
reverse che- 


mical action 


Lead-acid 
accumulator 


Alkaline KOH soln. Do 


accumulator 
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1714. Effects of electric current. 


When an electric current flows through a closed circuit it produces in the main 
the following three effects : 


(i) Heating effect: When a current flows through a wire, the wire becomes 
heated. 


(ii) Magnetic effect; A magnetic field is produced in the region surrounding 
the current. 


(iii) Chemical effect : When an electric current flows through a conducting 
liquid e. g., acidulated water, solutions of salts like CuSO,, AgNO, etc., solutions 
of acids and bases, molten salts etc., chemical docomposition of the substances 
takes place. This is known as the chemical effect of current or simply electrolysis. 


Demonstration Experiment. 


Ail these three effects can be demonstrated simultaneously by constructing the 
circuit shown in Fig. 17:9.. A battery E is connected through the key K to a 
high resistance R, a suitable electric bulb B, and the two terminals a and c which 
protrude inside a vessel W containing 
water to which a few drops of sulphuric 
acid has been added. Two test tubes 
filled with water are inverted over a and c. 
A magnetic needle M is placed below the 
wire of the circuit, 


On closing the key K, an electric 
current flows through the circuit in the 


K E direction shown. It is found that the 
Fig. 179; Demonstration of three resistance R gradually becomes warm, the 
effects of electric current filament of the electric bulb is so heatcd 


that it begins to glow, the magnetic needle gets deflected and bubbles of gas 
evolve profusely at both the terminals a and c. The gases are collected in the 
test tubes. Tests show that the gas evolving at a (the +ve terminal) is 
oxygen and that evolving at c (the —ve terminal) is hydrogen. Since these are 
the constituents of water, we can conclude that water gets decomposed by the 
action of the electric current. Hence ali the three effects are simultaneously 
demonstrated. 


We can mention a number of other effects of electric current, but all these 
can be shown to be combinations of the above three main effects. As for example, 
the glowing of an electric bulb or fluorescent light, an optical effect, is due chiefly 
to the heating effect. When a person experiences an electric "shock," a physio- 
logical effect, this takes place due to a combination of heating and chemical 
effects. ; 


ELECTRIC CURRENT AND ELECTRIC CELLS 373 


@ EXERCISE @ 
[A] Essay type questions 


1, What is meant by electric current and electric circuit ? How does the current flow in 
(a) metal and (b) a conducting liquid ? 

2, What is a simple voltaic cell? Explain its action. 

3. Wharare the principal defects of a simple voltaic cell? How can these defects be 
remedied ? 

4. What do you understand by eiectromotive force ? Discuss the factors on which the 
e.m.f. of a cell depends. Distinguish between e.m.f and potential difference. Write a short 
account of polarisation in a voltaic cell. Di:cuss the means by which polarisation may be 
reduced. 

5.(a) How is a potential difference developed between Copper and Zinc electrodes when 
they are dipped in dilute H,SO, ? 

(b) What are the principal defects of a simple voltaic cell? Describe with diagram the 
construction and the action of Daniell’s.ceil, Howis the polarisation removed in this cell ? 

LH. S. '82] 

6. What are the different types of cells ? Distinguish between them. 

Deseribe a Leclanche cell and explain its action. Mention its advantages and disadvantages. 

7. Draw a sketch of a dry cell, labei its different parts and explain its action. In what 
respects itis similar to a Leclance cell? Why it is called a “dry ’ cell? What is the kind of 
work for which it is suited ? 

8. What do you mean by a standard cell? Describe the action of a standard cell. 

9. What are the factors on which e.m.f., the internal ;esistance and the total charge deliver- 
ed by a cell depend ? 

Mention the different effects of electric current. Describe an experiment to demonstrate 
some of the effects, 


[B] Short answer type questions 


1. Ina metal the current direction is opposite to the direction of flow of charged particles, 
—Explain the statement. 
2. Explain the following : 
(i) A Daniell celi is used as a rough standard of e.m f. 
(ii) The role of copper sulphate solution in a Daniell cell. 
dij) Tbe role of manganese dioxide and charcoal in a Leclance cell. 
(iv) A Daniell cell is dismantled each time after use. 
(v) Theupper iriside part of the glass vessel of a Leclance celi is coated with a black paint. 
(vi) The e.m.f, of a Leclance cell drops gradually while the cell is in continuous use. 
3. A torch light, switched on continuously, shows a decrease of intensity. After being 
switched off for some time and switched on again the light regains its intensity. Explain 


this, [ Jt. Entrance, '80] 
4. In what way does the passage of electric current through electrolyte differs from conduc- 
tion of current through metal ? [ Jt. Entrance '85 | 


5. Answei the following questions :— 
(i) What is contact potentia] difference? What are its values between copper-sulphuric 
acid and zinc-sulphuric acid ? Hence indicate the seat of e.m.f. in a simple voltaic cell, 
(ii) Electromotive force is not in any way linked with the concept of force, —Explain. 
(iit) E.m.f. and potential difference are measured in the same unit, but they aie nol 
identical.—Justify the statement, 
(iv) Why the zinc electrodes of cells are amalgamated ? 
(v) A standard cell is never used as a source of current. Why? 
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(vi) Can you increase the e.m.f. of a cell by increasing the amount of the active liquid 
and the size of the electrodes ? Justify your answer. 
(vii) On what factors the total quantity of charge that can be supplied by a cell depend ? 
(viii) What will be the effect of increasing the size of the electrodes of a cell and decreasing 
the distance *«tween them ? 
(x) Why the zinc electrode of a voltaic cell is called its fuel ? 
(x) A dry celi is not really **dry"—Comment on this. 
6. What is the seat of e.m.f. in a cell ? 
7 ‘Bon. is the cause and potential difference is its effect.'—Explain. 
8. You are given two Daniell c9:«. the size of one being double that of the other. What 
will be their e.m.f s? 
9. What isthe essential difference buiwcen a primary cell and a secondary cell ? 


18 | RESISTANCE : OHM'S LAW 
CHAPTER | 


18:1. Magnitude of current. 

In the preceding chapter we have discussed the electric current from qualita- 
tive point of view, as the flow of charge (usually electrons) through the 
conductors. To have the quantitative aspect of current we shall now introduce a 
term magnitude or strength of current. The strength of current in a conductor 
is the quantity of charge flowing through any cross-section of the conductor per 
unit time. Thus if Q amount of charge flows through the cross-section ofa 
conductor in time f, then the strength of current i is given by 

;i- 9 Aa i (18 1) 
t 
or, Q-it Se WS (182) 

À current whose direction does not change with time is called a direct current. 
A steady current is à direct current whose magnitude also remains constant during 
the period of current flow. Evidently, when a steady current flows through a con- 
ductor of non-uniform cross-section, the quantity of charge flowing in unit time 
remains the same in all the cross-sections of the conductor. Otherwise charge 
will accumulate in some regions of the conductor ; this is obviously impossible. 
For the present we shall limit ourselves to the discussion of steady current only. 

Now, from eqn. (18:1) we get, when Q—1 and t=1,i=1. Thus when unit 
quantity of charge flows through any cross-section of a conductor in unit time, 
the current set up in the conductor is said to be of unit strength. 

In c.g.8,, e.8.u. the unit of strength of current is simply called e.s.u. of 
current, When charge flows through any cross-section of a conductor at the rate 
of one e.s.u. of charge per second, the strength of current in the conductor 
is said to be one e.st. Now-a-days this unit is also cailed statampere. 

Thus, ! e.s.u. of current=1 e.s.u. of charge/sec. 

The. practical unit of strength of current is ampere, after the name of the 
French physicist Andre Marie Ampere. It is the current when a charge of one 
coulomb flows through any cross-section of a conductor in one second. This is 
also the unit of cur.ent strength in m.k.e. system. 


coulomb à 
Thus, ampere=— o — et (18:3) 
or, coulomb=ampere x sec et (18:4) 


Smaller units e.g. the milliampere (107? amp) and the microampere (107* 
amp) are also used. 

Now, ~ 1 coulomb=3 x 10? e.s.u. of charge 
s. 1 ampere—3 x 10? e.s.u. of current. 


. 
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There is another unit known as the c.$.s., e m.u. of current. This is 
defined in Art. 223, The relation between ampere and e.m.u. of current is 
1 ampere —4, e. m. u, of current. 


Example 181. A steady current of 5 amp maintained through a. wire for 
2 hr. What charge flows (a) in m. k. s. unit and (b) in c. g. s. electrostatic uni! ? 
(c) An ampere-hour is defined as the amount of charge which flows in I hr 
through a conductor carrying a current of 1 ampere. Give your answer also in 
ampere-hour. 

Solution: (a) Q—5x2x60 60=3°6 x 10‘ coulomb, 

(b) 1 amp=3x 10° e.s u. of current. 

O=5x3x10°x 2x 60 x 60—1:80x 104 e.s.u. 
(c) Q=5 amp x2 hr=10 ampere-hour. 


Example 18-2. The charge of an electron is equal to 6x 107*. coulomb. 
Calculate the number of electrons crossing in one second through the cross-section 
of a wire which carries a current of 1 ampere. 


Solution: The quantity of charge flowing through the cross-section of the 
wire in one second 


Q=it=1x1=1 coulomb. 


The required number of electrons = ! use 
charge of an electron 
1 


“Tex 1029 
18:2. Ohm's law : Resistance, 


=625x 104 


We have seen earlier that an analogy may be drawn between the electric 
current through a conductor and flow of water through a pipe. Just as more 
water per second flows through the pipe when the difference in pressure between 
the ends of the pipe is larger, the electric current through a conductor also 
increases with the increase in potential difference between the two ends of the 
conductor. In 1827, Ohm carried out a series of experiments on the flow of 
electric current through a simple conducting wire with different potentials applied 
at the two ends, On the basis of these experiments, Ohm enunciated a law which 
is now known as Ohm’s law for electrical conduction. The law states— 

Temperature and other physical conditions remaining constant, the electric 


current flowing through a conductor is directly proportional to the potential 
difference between its ends. 


i Let V, and V, be the potentials at the ends A 
A j B and B respectively of a conductor 4B [Fig. 181]. 
' x j Let į be the current flowing through AB. Then 
oe CEU ! according to Ohm's law 

Fig. 181 io (V,— V») 
V,— Vg 2 
Or, —^ — B..R (a constant) 
I 
V 


ie. — =R e Jn (18:5) 
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where V,—Vs-- V (say). 
Eqn. (18:5) can also be written as 
V—iR "e "s (18:6) 


SE ; 
and i=, 2 we (18:7) 


Eqns. (18:5), (18:6) and (1877) are known as mathematical forms of Ohm's 
aw, 

The proportionality constant R is called the resfstance of the conductor, It 
remains constant so long as the temperature and other physical conditions of 
the conductor do not alter. For different conductors, the value of R also 
depends on their dimensions and materials. . 

From eqn. (18:7), it is evident that for the same p.d. applied across a 
conductor, an increase in the resistance of the conductor lowers the current 
through it and vice versa. Thus 

the resistance of a conductor may be defined as that property of the conductor 
by virtue of which it opposes the flow of electricity through it. It is expressed 
quantitatively as the ratio of the potential difference across the conductor and the 
current flowing through it. 

The practical unit of resistance is called ohm and is generally expressed by 
the symble @ (omega). The resistance of a conductor is 1 ohm if the current 
flowing through it is 1 ampere when the potential difference between its ends is 


1 volt. This is also the m.k.s. unit of resistance. It follows that =e 
_ volt obm T: E (18:8) 
ampere 


The ohm as defined above is also known as absolute ohm. Two larger 
units viz. kiloohm (10° ohm) and megohm (108 ohm) and a smaller unit viz. 
microohm (1079 ohm) are also in regular use. 

The c,g.s. electromagnetic unit of resistance is given by 


lem esistance--l e. n. u. of potential 
Te, m. u. of current 


Since — 1 volt=10* e, m, u. of potential 
and 1 ampere=10-1 ©, m, u. of current 


10* e, m. u. of potential 109 e, m, u, of resistance. 
10-! e, m. u. of current 


Itshould be mentioned here that for steady current flowing through an 


ordinary metallic conductor, the resistance of the conductor does not depend upon 
the direction of the current, i-e., it remains the same whether the current is flowing 
in one direction or the other. 
Conductance: Eqn. (18-7) can be written as 
i=kV S NY (18:9) 


where kt, is called the conductance of the conductor. Hence conduc- 


tance measures the ease with which a current flows through the conductor. Just as 


1 ohm= 
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resistance, the value of the conductance depends on the dimensions and the 
material of the conductor. For a particular conductor, the conductance depends 
on its temperature and other physical conditions. 


The practical unit of conductance is mho (letters of ohm written in reverse 
order). 


los i ampere 
1 volt 


Micromho (10-* mho) is generally used for very low conductances, 


Limitations of Ohm’s law: Ohm’s law is found to be valid for a wide 
range of current and potential in all metallic conductors 
and also in certain other materials. Hence electrical 


resistance may be regarded as one of the- physical 
properties of metals. 
i A plot of V vs. i for metals is shown in Fig. 182 


which, at par with Ohm's law, is a straight line 

passing through the origin (0,0). The law, however, 
Ne cannot be applied to conduction of electricity through 
vacuum tubes, to electrical discharge through gases at 
low pressure and to devices which use poor. conduct- 
ing materials such as semiconductors, 


18-3. Resistance—the electronic theory. 


In the preceding section we defined the resistance of a conductor as the 
constant of proportionality between the potential difference at its ends and the 
current through it. We had also mentioned that for metals, the electrical 
resistance may be treated as one of the physical properties. It must, therefore, 
have a physical significance. 


Fig. 182: V—i graph for 
metallic conductors 


We have seen earlier that the motion of free electrons within a metallic 
conductor in a particular direction constitutes electric current through it, the 
direction of, flow of these electrons being from the'end at lower potential to that 
at higher potential. In the absence of any p.d. between its ends, these electrons 
behave in the same way as the molecules of a gas confined within a vessel. Due 
to thermal motion they move randomly within the conductor, so that number of 
them ‘crossing a section of the conductor in any direction is equal to 
that in the opposite direction, the net electric current through the conductor 
being zero. The average thermal speed of these electrons at ordinary tempera- 
ture is about 10%cm/sec. But when a p.d. is established between the two ends 
of the conductor, the resulting electric field superimposes a very small drift on 
the enormously greater random thermal motions of the free electrons, Ordinarily 
this drift would have been an accelerated motion under the influence of the 
electric field ; but in tbis case the drifting electrons collide frequently with the 
relatively fixed atoms of the metal and ultimately acquire a very small constant 
drift velocity of the order of a few mm per sec towards the higher potential 
end. These collisions that hamper the drift of the electrons along the conductor 
are the cause of the resistance of the conductor to the flow of the current. It 
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may be inferred therefore that the resistance depends on the dimensions i.e., 
length and cross-section of the conductor, as well as on its material i.e., 
composition and structure, which determine the frequency of such collisions. 
Similarly important is the temperature of the conductor, because an increased 
thermal motion of the electrons and atoms may influence the number of 
collisions. 

Velocity of current: A few words about the ‘velocity of current’ through 
a conductor will perhaps be not irrelevant here. It is often said, not very strictly 
but only illustratively, that current flows through the conductors with a velocity 
comparable with that of light (3x 10° cm/sec). The ‘velocity of current’ 
should not be confused with the drift velocity of the free electrons which, as 
stated earlier, is only a few mm per sec. What happens actually is this; as 
soon as a p.d. is established between the ends of a conductor, an electric field is 
set up within the conductor. It is this electric field (the impulse as it is called) 
travels within the conductor with an enormous speed which may be as great as 
the velocity of light in some cases. The free electrons at a particular portion of 
the conductor starts to drift as soon as the impulse reaches there. Thus by 
‘velocity of electric current’ we actually mean ihe velocity with which an electric 
field propagates within the conductor, not the drift velocity of the electrons. 

To illustrate this by mechanical analogy, let us consider a long pipeline filled 
with water and joining two stations, say, 60 km apart. Let a pump be started 
at one of its ends so that the pressure of water increases there, The increased 
pressure will propagate through the pipe with a high velocity, say, about 1 km 
per sec. Thus in 1 sec, water particles 1 km away from the pump will start to 
move,in2sec,2 km away and so on. Thus in 60 sec water will begin to 
flow out ofthe pipe in the second station. But the actual velocity of the water 
particles is much less ; several hours may elapse before a particle of waier in 
the first station reaches the second. Here the ‘velocity of electric current’ 
corresponds to the velocity of propagation of pressure along the pipe line and 
the ‘drift velocity of electrons’ to the velocity of the water particles, 


184, International ampere, ohm and volt. 

For convenience of measurement ampere, ohm and volt have been defined by 
international agreement as follows :— 

International ampere is that steady current which flowing for one second in 
a silver voltameter deposits 0001118 gm of silver. 

International volt is 1/1:0183 of the e.m.f. of a Weston cadmium cell at 
20*C. 

International ohm is the resistance offered to a steady electric current by a 
column of mercury (kept at the temperature of melting ice) having & mass of 
14-4521 gm, a length of 1063 cm, the cross-section of the column being 
uniform. 


Example 18:3, An electrical heater operates at 220 volt. Its resistance is 
55 Q. Find the current through the heater. 
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Solution; V=220 volt, R=55 Q 


oP: 220 
current i= k =4 amp. 


Example 18:4. An incandescent lamp draws a current of 05 amp when 
connected to 200 volt mains. What current will flow through it when a p.d. of 
150 volt is applied across it ? 


Solution; Let R ohm be the resistance of the lamp. Then 


200 


200 
0 5-7R or, Regg ohm. 


When the applied potential difference V = 150 volt, 
current ji—189—0:375 amp. 


Example 18:5, Find the potential difference across a resistance of 50 ohm 
when a currant of 100 mA (milliampere) flows through it. 


Solution: V--iR-100x 1075 x 50=5 volt. 


18:5. Factors affecting resistance of a wire at constant temperature: 
Resistivity. 

At any temperature the resistance R of a wire depends on its (a) length 1, (b) 
cross-section A and (c) material. The nature of dependence is as follows : 

(a) Dependence on length: If the cross-section be uniform then for wires 
of same material and of same crosss-section, the resistance varies directly with 
the length, i.e. 

Rei when A is constant qu (18:10) 

(b) Dependence on cross-section : For wires of same material and 
length, the resistance varies inversely with the area of cross-section, i.e., 


1 : 
Ro = when | is constant us 5 (18:11) 


(c) Dependence on the material ; Resistances of the wires of same length 
and cross-section depend on their materials. 


From eqns. (18:10) and (18:11), we get for wires of a particular material and 
at a particular temperature 
l 


; l 
Ræ i 1. e. Ro e e. ni (18:12) 


The constant of. proportionality p is called the resistivity or specific resis- 
tance of the material of the wire. Its value does not depend on the length or 
on the cross-section of the wire. However, for a particular wire its value depends 
upon the material of the wire and the temperature of the wire. 

Now, when /=1 and 4—1, R=p. 

Thus we can define resistivity or specific resistance of a material as the 
resistance of a specimen of ihe material having unit length and unit cross-section 


or as the resistance between opposite faces of a unit cube made of the material. 
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If we express Rin ohm, / in cm and A in cm’, then from eqn. (18:12) we 
get 


pa R (ohm) x A(cm*) _ RA 
FR 


Tem) ohm-cm. 


Hence the unit of resistivity is ohm-cm. 

Thus by the statement that resistivity of copper is 1:6x10-* ohm-cm, we 
mean that the resistance between the opposite faces of a copper cube having 
side 1cm is L6x10-9 ohm. This is why sometimes the resistivity is also ex- 
pressed: as ohm per centimetre cube [ohm per (cm)*]. But it should be noted that 
it is absolutely incorrect to read this unit as ohm per cc. 

Conductivity: The reciprocal of the resistivity of any material is known as 
its conductivity and is usually represented by the letter c. The unit of 
conductivity is mho per cm. 


Example 18:6. Find the resistance of a copper wire 30 m long and 1 mm in 
diameter. Given resistivity of copper=1°7 x 107° ohm-cm. 


Solution ; R=p} — 101x XC 065 ohm. 


Example 18:7. The resistance of a wire 2:5 m long and 0'9 mm in diameter 
is 0°07 chm. What is the resistivity of the material of the wire ? 
7 X (009)14 
2:5x i0* 
—1:8x10-* ohm-cm. 


Solution : p=R4 =0-07x 


18:6. Factors affecting resistance, 


Various physical factors may influence the resistance of a conductor. Some 
of them are discussed below : 

(a) Effect of temperature: The resistances of all conductors change with 
change in temperature. The resístances of pure metals and most alloys increase 
with temperature, the increase being 40—50% in pure metals heated by 100°C and 
less in alloys. 

Certain special alloys, notably manganin and constantan, show negligibly 
small rise in resistance with temperature. For this reason these alloys are exten- 
sively used for making standard resistors and also in the construction of different 
electrical appliances where constancy of resistance is important. 


Resistance of certain substances decrease with rise of temperature ; they are 
carbon, electrolytes and certain insulators such as glass and vulcanised India 
rubber etc. 

It has been found that if the temperature is not very large, the resistances 
of metallic conductors hold aproximately linear relation with temperature, The 
relation is given by 

RR AMO et e (18:13) 
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where R, and R, are the resistances at 0°C and 1°C. respectively. The factor 
« is a constant and its value depends upon the nature of the metal. It is 


called temperature co-efficient of resistance of the conductor. 
From eqn, (18:13) we get 
= Ri Re 
SCR 
Thus the temperature co-efficient of resistance of the material of a con- 
ductor is defined as the fractional increase in its resistance per degree centigrade 
rise in temperature. The unit of « is per degree centigrade as evident from 
eqn. (1814). 

it should be mentioned that when the change in temperature is large, the 

resistances of metals vary according to the parabolic formula of the type 
R;SR( +4t+ Be") 

where R, R, are the resistances at °C and0°C and «, B are constants for the 

metal. 

While resistances of most metals decrease uniformly with decreasing tempera- 
ture, a number of metals show an unusual behaviour at very low temperatures 
within about 20* ofabsolute zero. At about 49K. the resistance of mercuty 
abruptly drops to Zero ; the same also happens to lead at about 7°K and so on. 
The metal in such a state of no resistance is said to become superconducting, 
it is interesting to note that a current started in a superconducting metal ring 
continues to flow for months with undiminished strength although there is n9 

- cell or source of e.m.f. in the circuit. Both experimental and theoritical studies 
on superconductivity are still a topic of active research, 


(18:14) 


The increase in the resistance of pure platinum with temperature is utilised in 
the construction of a thermometer known as platinum resistance thermometer: 

(b) Effect of light; Light has also influence on resistances of some 
metals. It has been found that the resistance of an element selenium decreases 
abruptly when exposed to light, This property of selenium was utilised by Sit 
Graham Bell in the construction of photophone, an instrument by which speeches 
can be transmitted to a long distance. : 

(c) Effect of magnetic field; Resistances of certain substances, especially 
of bismuth, increase when placed in a magnatic field, Such increase is sometimes 
used to measure tbe strength of a magnetic field by placing a bismuth spiral 
into it. 

(d) Effect of pressure; The resistance of most metals decreases under 
pressure ; however for certain metals viz. Li, Ca, Sr, Bi the resistance increases 
with pressure. 


Example 18'8. The resistance of a coil of copper wire is 5 ohm at 25°C. 
(a) Determine its resistance at 0*C. (b) Hence find its resistance at 100°C. Given 
that temperature co-efficient of resistance of copper=4°3 x 10-8/°C, 

Solution. (a) From eqn. (18:13) we have 

Ry = RA 4x25) 


——MPJ(— 
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or, 5=R,(1+43x10-* x 25) 
R,—4:516 ohm, 
(b) Rioo=R,(1-+«x 100) 
Or, Ryo =4°516(1 +4°3 x 10-3 x 100) = 6-459 ohm. 

N. B. In the eqn. (1813), R,—R, (' +42), R: is the resistance at °C and 
R, is that at 0°C. Hence R, should never be taken as the initial resistance at 
any initial temperature other than 0°C and ¢ as the difference of temperature 
between the initial and final temperatures. Calculation of Ryog in that way gives 

Rigo=5 X [1--4:3 x 10*8 x (100—25)] —6:613 ohm. 
which is obviously an incorrect result. 


18:7. Ohm's law applied to a complete circuit. 


In Art. 18:2, we have discussed Ohm's law in connection with a part of the 
circuit which does not contain a cell or other sources of e,m.f. However it can 
be as well applied to a complete circuit containing a cell E and a resistance R as 
shown in Fig. 18:3. 


When the circuit is 


; 3 3 
open (Fig. 183 (a) ], 
then by definition, the E E 
e.m.f. of the cell sets up I ‘I 
a potential difference | 

be = 
E between the ter R A 


minals of the cell, the 

positive terminal being Fig. 18:3 

at a higher potential, Jn closed circuit (Fig. 18:3 (b) ], the cell drives a current 
I through the resistance R, Since the circuit is closed, the same current also 
flows through the cell from its negative to the positive terminal, 


The portion of the electrolyte in the cell between the two electrodes offers a 
resistance to the passage of current through it. This resistance is called the 
internal resistance of the cell. Tts value (a) increases with increase in distance 
between the electrodes and the specific resistance of the electrolyte and (b) 
decreases with increase in area of the electrodes dipped in the electrolyte. 

Now let r be the internal resistance of the cell, Then by Ohm’s law, the 
p.d. required to drive the current J through the cell is rf. Thus a portion r7 of 
the e.m.f. E of the cell is used to maintain the current through itself. Hence 
the balance (E—r/) is available to drive the current through the external resis- 
tance R. Since, according to Ohm’s law, the p d. across R is RI, we have 


RI-E—rH es vs (1815) 
j E 
SERERE: EE e 18- 
us R+r (18:16) 
ie. current —- e,m.f. 


External resistance + internal resistance 
This is the Ohm's law as modified for a complete circuit, 
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In eqn. (18:15), RI isalso the p.d. between the terminals of the cell when 
the latter is delivering a current I through the external resistance R, the 
resistance of the connecting wires being assumed to be zero. Hence, whenever 
a cell gives a current. J, the p.d. between its terminals gets reduced by an 
amount given by 

E—RI-rl x (18-17) 

Thus the difference between the e.m.f. and the terminal p.d. of a cell deliver- 
ing a current is equai to the p.d. required to drive the current through the cell. 
This difference is called the inner drop of potential of the cell. Itis also 
called lost volt, because when a cell is put into closed circuit, this portion of 
its e.m.f, is not utilized to drive the current through the external circuit. 

The above equations are also applicable to other sources of e.m.f. such as an 
electric generator. 


Alternative definition of e.m.f. 
Fromeqn. (1815) we have E=RI+rI 
or, E=V+v e aes (18:18) 
where V=RI isthe p.d. between the ends of R and y=ri is the p.d. required 
to drive the current J through the internal resistance of the cell. 


Mow by definition, the work done in taking a unit positive charge through a 
p.d. Vis V. Hence the total work done in taking the unit positive charge 
completely round the circuit is (V+). This by eqn. (18:18), is equal to E, the 
e.m.f. ofthe cell, Hence we can also define the e.m.f. of a cell as foliows : 


The e.m.f. of a cell is the work done in carrying a unit positive charge com- 
pletely round a circuit containing the cell. 


Importance of internal resistance. 


From eqn. (18:16) we find that for a given external resistance R, the current 
I available from a cell depends not only on the e.m.f. E of the cell but also on 
its internal resistance r. To obtaina large current from a cell, its internal 
resistance must therefore be small. 

The internal resistance of a Leclanche cell varies from 1 to 5 ohm, its e.m.f. 
being about 1-5 volt. The maximum current is delivered by such a cell when 
its terminals are connected by a thick copper strip of negligible resistance 
(R=0). This maximum current is of the order of 0:3 to 1:5 ampere. Hence 
very large current cannot be obtained from such acell, On the other hand 
accumulators (storage cells) have internal resistance of the order of 0°00! ohm 
and e.m.f, 2 volt. Thus these cells can deliver large current without appreciable 
fall in voltage. 


Example 18:9. A battery of e.mf. 12 volt and internal resistance 1:5 ohm is 
connected across a resistance of 4:5 ohm. Determine (a) the current in the 
circuit (b) the potential drop across the external resistance (c) the lost volt (d) 
the terminal potential difference of the battery (e) the reading of a voltmeter 
connected accross the battery terminals in open circuit. 
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E 12 
Rr 45415 
(b) V=IR~2x45=9 volt. 
(c) Lost volt=r/=2 x 1:5—3 volt. 
for, lost volt= E— V—12—9—3 volt] 
(d) Terminal potential difference— E— rI— 12—3—9 volt. 
[ This is evidently equal to the potential drop across the external resistance. ] 
(e) The resistance of the voltmeter may be safely assumed to be very 
high so that it draws negligible current. Hence the voltmeter reading in open 
circuit is equal to the e.m.f. of the battery i.e., 12 volt. 


Example 18:10. A cell have e.m.f. I:5 volt and internal resistance 0:5 
ohm. Compare the currents delivered by the cell (a) when it is short circuited and 
(b) when it is connected to a resistance of 4 ohm. 


Solution: (a) I= =2 amp. 


Solution: (a) Here R=0, hence he Bas amp. 
This current is also called the “short circuit current” of the cell 
EScncq bs tns 
(D hex ro duoi cg D 
sf A3 =9 
L 4 


Example 18:11. Two batteries of e.m. fs. 15 volt and 9 volt and internal 
resistances 0°9 ohm and 0°6 ohm respectively, are connected with 10°5 ohm 
resistance as shown in the adjoining figure. Calculate the current in the circuit. 

Solution: The cells are connected in opposi- 
tion. Since E,>E,, the direction of current 7 in 
the circuit is clockwise, 


E,=15V E,=9V 
r= 9a 75220662. 


The net e.m.f, acting in the we p—* 
=£,—E,=15—9=6 volt. I I 
The total resistance of the DS 
=r, +r R-—0:9--0:64-10:5—12 ohm. R-105a 


Current [— $$, —0:5 amp. 


Example 18:12. The positive poles A and C of two cells are joined by a 
uniform wire of resistance 8 ohm the negative poles B and D by another uniform 
wire of resistance 10 ohm. The mid point of BD is earthed. What is the poten- 
tial at the mid point of AC ? Given, the e.m.f. of the 


4vi eu 
ar 5 cell AB is 4 volt, its internal resistance 1 ohm; the 
emf. of the, cell CD is 2 volt and its internal 
805M 10.0. 55 1l resistance is also 1 ohm. 
c; Dp - Solution: The circuit is shown in the adjacent 
Qn, 1a figure. Now, total resistance in the circuit 


—1--84-14-10—20 ohm, Effective e.m.f. in the circuit—4—2—2 v: 't, 
Current in the circuit, i=2/20=1/10 amp. 
This flows in the direction ACDB. 


P-II/25 
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Mis the midpoint of AC and N, that of BD, Nis earthed. Considering 
the portion MCDN of the circuit. 
Vo —Vn=4i+ li+5i+2=10i+2=1+2=3 volt. 
N being earthed, Vy=0 
Hence the potential of M, Vu=3 volt. 


18:8. Combination of resistances. 


In practice, electric circuits never consist of a single conductor of definite 
resistance connected across a cell; it is often necessary to connect several resis- 
tances in a circuit, This can be done in two ways—(a) in series and (b) in parallel. 
When a circuit contains resistances both in series and in parallel, the combi- 
nation isa mixed one. However, the combination of resistances can be replaced 
by a single resistance connected across two points to which the terminals of com- 
bination were connected previously, so that neither the total current nor. the p.d. 
between the said two points are affected, This resistance is called the equivalent 


resistance of the combination, 
(a) Resistances in series, 


A number of resisiances are said to be connected in series when they are 
connected end to end so that the same current flows through each of them in turn. 

Let three conductors AB, BC and CD of resistances R,, R, and Ra respec- 
tively are joined in series between the points 4 and D as shown in the Fig. 184 
(a). Now if a potential difference V is applied across A and D, the same current, 
say I, will flow through each of the resistances. Let V,, Vp, Vo, and Vp be the 
potentials of the points A, B, C and D respectively. Then obviously 


V—V,—Vy 
Now, applying Ohm's law, we get, 
VA—Va IR, 
Va—Vo-1R, | (18:19) 
Vo—Vs--IR; 
Addition of above equation gives 
V,—Vy-—V-I(R; t Rs-- R$) d (18:20) 
BOR R2 Ra A Now, if the three resistances be 
SV replaced by a single one R [ Fig. 184 
wt M —— pee that the same current 7 flows 
| gh it and its terminals have the 
I r R I same potential difference V, then we have 
s ca MAMANS V=IR (18:21) 
M LM -——————& By definition, R is the equivalent 
(b) : ’ resistance in this case. Combining eqns. 
Fig. 18:4; Resistances in series (18:20) and (18:21) we get 
IR-I(Ri t Rot Rs) 
R—R RR e roc (22 


This result may be extended to any number of resistances jeined in series. 
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Thus, equivalent resistance of a set of conductors joined in series is equal 
to the sum of their individual resistances. 


(b) Resistances in parallel. 


When a set of resistances are arranged side by side with their corresponding 
ends connected to common terminals so that 
the same potential difference acts across each 
of them, they are said to be in parallel. 

In Fig. 18:5 (a) let Rj, Re, Ra be three 
resistances joined in parallel between two 
points A and B. Let 7 be the current flowing 
in at A and out at B. At A, the current 7 
branches off into three components /;, J, and 
J, flowing through R,, Rp and R, respectively. 
Hence, 


I-II] et (18:23) 

Let V be the p.d. between A and B. y. j 
Considering the three resistances separately, avai ! 
we have (b) 

V=LRı =R= 1R; ts (18°24) Fig. 18°5 : Resistances in parrallel 


Let the three resistances be now replaced by a single resistance R [Fig. 
18:5 (b)] connected between A and B maintained at the same p.d. V, so that the 
whole of the current J flows through R. 

Then, 

V=IR s 1 (18:25) 

Hence, by definition, R is the equivalent resistance in this case. Combining 
eqns, (18:23), (18:24) and (18:25) we get, 

Ine bh eR. +k 
] xe ore! S 
ER Re ns 5t (18:26) 

The above result may be extended to any number of resistances joined in 
parallel, Thus, the reciprocal of the equivalent resistance of a number of 
conductors joined in parallel is the sum of the reciprocals of their 
individual resistances, 

N. B. (1) If Gy Gs, Gs, be the conductances of the three conductors, and 
if G be the equivalent conductance of them joined in parallel, then from eqn. 
(18:26) we have 

G=G,+G,+Gs 

In other words, the conductance of a set of conductors in parallel equals the 
sum of their individual conductances. 

(2) Ifall the conductors be of equal resistances, the equivalent resistance is 
equal to the resistance of a single conductor divided by the number of conduc- 
tors. For example, if three resistances, each of 15 ohm, are joined in, parallel, 
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their equivalent resistance will be R—2&—5 ohm, The actual deduction is left 
for the students as an exercise. 
Also, from eqns. (18:24) and (18:25) we get, 


KG phe. re 
hale s hei h T (18:21) 


It follows that when the component resistances are equal, the current is 
equally divided between them. 

(3) The equivalent resistance of a set of resistances joined in parallel is less 
than the smallest resistance of the set. For example, if three resistances 
of 5, 10 and 15 ohm are joined in parallel, then their equivalent resistance R is 
given by $ : 

ie CST Ea bee ui 
R 8'10 15 30 
$ R=}}=2ġ ohm i.e., R< 5 ohm. 

For two resistances R, and Rẹ joined in parallel, the above statement can be 
proved as follows: | 

If R be the equivalent resistance, then 

dh $ 1 As RR: R. 


pa ruts J ESRB ETRAS 
R R R ; Rit+R, 14+R/Rs 
As the denominator of the R. H. S. of the last equation is always greater 


than 1, hence R<R,. Similarly if we write R= it follows that 


R<R;. 

(4) Ina parailel combination, if one of the resistances be very small com- 
pared to the others, the equivalent resistance can safely be assumed to be equal 
to this small resistance, For example, if two resistances 0°01 ohm and 100 ohm 
are joined in parallel, equivalent resistance R is given by 

1 1 1 10001 


R001 TH 100 


m. M 
LERÍR * 


100 
74 R= 90! ohm (practically). 


(5) For two resistances R, and R, joined in parallel, the equivalent 
resistance R is given by 


RR 

SRIK fas 5 (18:28) 
Also in this case, from equ. (18:24) we get. 

Lh. R y 

rR he M (18:29) 


ie. the currents in the two branches are inversely proportional to their 
resistances. 
Again we have from eqns. (18:27) and (18:28), 


ad R: Ri A 
H yy and I, TR ER rs (18:30) 


RESISTANCE : OHM'S LAW 389 


Equation (18:30) may be remembered as 
Current through any other resistance 
one resistance sum of the two resistances 

Eqn, (18:30) is frequently used to calculate the current in each of two 
resistances joined in parallel, 

(6) In Art, (18:5) we have stated that the resistance of a wire varies directly 
as its length and inversely asits cross-section. These two facts can be easily 
justified from theoretical stand-point as follows : 

(a) Suppose that the length of a wire is doubled, Then its resistance will 
also be doubled, because twice the length of the wire is equivalent to two equal 
resistances joined in series. Similarly if its length is increased ten times, its 
resistance becomes ten times the previous values and so on. 

(b) A thick wire of cross-sectional area 24 may be regarded as equivalent 
to two thinner wires, each of cross-sectional area A, joined in parallel. Hence 
the resistance of the thicker wire will be half of that of each thinner wire. Thus 
doubling the cross-section of a wire halvesthe resistance. Similarly, if the 
cross-section of a wire is increased ten times, its resistance becomes 4, of the 
previous value and so on. 


18:9. Simplification of electrical circuits containing series and parallel 
resistances. 

Circuits containing both series and parallel resistances are of frequent occur- 
tence. Fig. 18:6 shows, the steps followed in simplifying such a complex circuit 
into an equivalent elementary circuit containing a source of e. m. f. (cell) and a 
single resistance. The steps are : 

(1) The parallel branches in the circuit are first replaced by their equivalent 
resistances [ Fig. 18:6 (5). 


= main current x 


184, 


(o) 


Fig. 18:6 


(2) -Then all the resistances, including the equivalent resistances for-parallel 
branches, are added to arrive at the resultant resistance (Fig. 18:6 (9). : 

The figures are self-explanatory ; the actual caleulation for equivalent resis- 
tances are left for the students as exercise. 

ExampleJ18-13. Find the equivalent resistances of three resistances 4, 6 and 
8 ohm when joined (a) in series and (b) in parallel. 
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Solution: (a) R=4+6+8=18 ohm. 


E 
| 24 


Example 18:14, Three resistances 2, 5 and 7 ohm respectively are joine 
in series and connected to a 15 volt battery of internal resistance 1 ohm. Calculat: 
(a) the current delivered by the battery, (b) the potential drop across each of 2, 5 
and 7 ohm resistances and (c) the inner drop of potential in the battery. 

1 : E. e. m. f. e 15 Ed ; 
pecie aos Total resistance 2+5+7+1 Lum 
(b) Potential drop across 2 ohm—2x 1—2 volt. 

» » » 5 ohm=5x1=5 volt. 
n » » 7 ohm-—7x1-—7 volt. 
(c) The inner drop of potential--1x 1—1 volt. 


Example 18:15. Three resistances 3, 4 and 8 ohm are joined in parallel. 
A potential difference of 24 volt is applied across the combination. Find (a) the 
current through each resistance and (b) the total cnrrent in the circuit. 
Solution: (a) Current through 3 ohm=3t=8 amp. 
” > 4 ohm=34=6 amp. 


m » 8 ohm=%4=3 amp. 
(b) Total current —84-6--3217 amp. 


Example 18:16. In the adjoining figure, a battery of e. m. f. 12 volt and 
internal resistance 0°6 ohm is connected'to a parallel combination of three resis- 
tances of 6, 9 and 18 ohm and to a 24 ohm resistance in series, Determine (a) the 


(b) it +4 +4 R=}4=1'846 ohm. 


B=12V current in the circuit (b) the current in each parallel 
r= 06a resistance (c) the terminal potential difference of the 
lili I battery when it delivers current. 


Solution: (a) The equivalent resistance R of 
the parallel combination is given by 


I 6.; 18.0, iud de 6 
R 6*9 ]8 18 
du or, R=3 ohm. 
xs Total resistance in the circuit—3--2:4--0:6—6 ohm. 
Current in the circuit 7 DB... 13 fU PRI amp. 


(b) P. D. across the parallel combination-- 7. R=2 x 3—6 volt 

Current through 6 ohm —$—1 amp. 

Current through 9 ohm—$—3 amp. 
and Current through 18 ohm=,;—} amp. 
[Check.: 1+}+}=2 amp. i. e., sum of the currents through the parallel 

resistances —circuit current] 
(c) Terminal p. d. —current x total resistance in the external circuit 
=2 x (84-2:4) 22x 5:4—10*8 volt. 
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[Alternatively, terminal p. d. —e. m. f—internal resistance x current 


Example 18:17. 


—12—0:6x2—10:8 volt] 


Determine the current delivered by the battery in each of 


the three circuits shown in Figs. (a), (b) and (c). 


Solution: (a) 4 and 12 ohm 
resistances are in parallel; their 
equivalent resistance R, is given by 

l1 

Ry 4510592 

Now R, 1:2 ohm and 0:8 ohm are 
in series. 

Therefore, equivalent resistance of 
the entire circuit is 

R-—3--12-4-0:8—5 ohm. 

Hence, current ‘delivered by the 

battery 


ve R23 ohm. 


E5125 


(b) 2,7 and 9 ohm resistances are 
in series ; their equivalent resistance 
R,=2+74+9=18 ohm. 


Ec-25V = 
r=08ao> 


(@) 


Es15V Æ 
rza TF 


(b) 


E=30V= 
r= = 
(e) 


3a 654 8a 


Now, R, and 6 ohm are in parallel ; their equivalent resistance R, is given by 


eee ot ee 
R, B 6 18 


R,=4'5 ohm. 


Again R, 2:4 and 0:6 ohm | resistances are in series. Hence the equivalent 


resistance of the entire circuit is 


R=4:5+2:4+0°6=7'5 ohm. 


; E 15 
.. The required current 1-877572 amp. 


(c) 7 and 8 ohm resistances are in series ; their equivalent resistance 
R,=7+8=15 ohm. 
Now, R, and 5 ohm are in parallel ; their equivalent resistances R, is given by 


) doc 
R13 478 


Rag 375 ohm. 


Again Rs, 1:75 and 6:5 ohm resistances are in series ; their equivalent resis- 


tance R, -3:75--175--6:5—12 ohm. 


Also, R, and 6 ohm are in parallel; their equivalent resistance R, is 


given by 


R= 24 ohm. 
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Lastly Ry 2, 3 and 1 ohm resistance are in series. Hence, the equivalent 
resistance of the entire circuit ; 


R=4+2+3+1=10 ohm, 


; eos 3671 
The required current I—-870 3 amp. 


Example 18:18. An electric current of 5 amp is divided into three branches 
forming a parallel combination. The lengths of the wires in the three branches are 
in the ratio 2, 3 and 4; their diameters are in the ratio 3, 4 and 5. Find the 
current in each branch if the wires are of the same material. ( 7. I. T. '75) 


Solution: Let the lengths of the three wires be 2/, 3! and 4/ and let their 
radii be 3r, 4r and Sr respectively. If the specific resistance of the material of 
the wires be p, then their resistances will be 


4 


gs * 


[dd Lane ud Se S 
Re nI 9 SM ba zl6r? is^ Rer qà5r* 
where k= pl[nr?. 


If the equivalent resistance be R, then 


idi) sodes 
Hence from eqn. (18:27), 

ED Roux 40 amp 

h- a X =1°66 amp 

atk 3K =1:94 amp 


Example 18:19. Five resistances are;connected AN 
as shown in the diagram. Find the equivalent m y 


resistance between the points A and B. v. 2 
, 3nd SM $52 

(1.1. T. 76 ] i AV = 

Solution: The circuit in the question can be EU 

redrawn as shown, Now the 3Q and the 72 Á 10.0 B 
du Win 52 resistances are in series, Hence their equivalent 
resistance is 3--72 109. This is in parallel with 
the 10Q resistance. So their equivalent resistance 


is 5Q. This being in series with the 5Q resistance, 
their equivalent resistance is 5+5=1092. So 
A 10.0 P between the points A and B, two 10Q resistances 


are in parallel. Hence the equivalent resistance between A and B is 59. 
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Example 18:20. In the circuit shown in the figure, a voltmeter reads 30 volt 
when it is connected across the 400 ohm resistance. 300.0. 400.5, 
Calculate what the same voltmeter will read when 
it is connected across the 300 ohm resistance. 


[ 7. 7. T. '80) 
Solution: The p. d, applied is 60 volt. When 50 Volt. 
the voltmeter is connected across the 400 ohm resistance, it reads 30 volt, This 
means that the equivalent resistance of the 400 ohm resistance and the 
voltmeter (in parallel) must be equal to the other resistance i. e. 300 ohm 
connected in series with the combination. If R be the resistance of the 
voltmeter, then 
400 R 
X400 =300 
When the voltmeter is connected across the 300 ohm resistance, the equi- 
valent resistance will be 
300 x 1200 
“300+ 200 


-. R=1200 ohm 


Mosa oe a SOU, Nu 
Then current through the circuit — 004240 32 amp. 


p. d. across the combination -3 x 240—22:5 volt— voltmeter reading. 


18:10. Shunts. 


Galvanometers, specially the moving coils ones, are designed to detect only 
small currents, Passage of a larger current may damage a galvanometer. To 
protect against such damage, a low resistance is connected in parallel with it so 
that the greater fraction of the current passes through the alternative path 
provided by that resistance and the remaining small fraction flows through the 
Salvanometer, A resistance used in this way is known as a shunt. 

Let S bethe resistance of the shunt used with the galvanometer whose 

E resistance is G [ Fig. 18:7]. Let i be the 
main current aud i, be the current through 
the galvanometer ; then (i—j,) is the current 
through the shunt. If 4 and B be the two 
terminals to which the shunt is connected, then 
we have 


Fig. 18:7: Shunt 
V,—Vg— iG = (i—ig) S 
or, ig(G+S)=iS 
"M. S : 
A nicer. ove (1831) 
ie. the current through the galvanometer 
shunt resistance 


«main our total resistance 
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Hence a small but known fraction S/(S+G) of the main current flows 
through the galvanometer, Obviously a shunted galvanometer can be used to 
measure comparatively large currents. This principle is utilised in the construc- 
tion of ammeters. 

The multiplying factor or power of a shunt is defined as the factor by 
which the galvanometer current should be multiplied to give the main current, 
If we denote it by n, then 


i=nk 
From eqn. 18°31, it follows that 
s) EB zs (18:32) 
S 
s PS C i 
& Sev gs (18:33) 


For example, if we want to reduce the current through the galvanometer 
to = th of the main current i. e. if i,=i/10, then n=10, S=G/9; to reduce it 


$ 1 th of the main current, i,—i/100, n—100, S=G/99. 


So, to reduce the current through a galvanometer by different amounts, diffe- 
rent values of shunts should be used. Moreover, for different galvanometers, 
different sets of shunts are to be employed., 


18:311. Grouping of cells, 


A group of cells connected together electrically is termed as a battery. 
A battery may be formed by connecting the component cells in three ways, viz. 


PA NEE . (a)in series, (b) in parallel and (c) ina 
— ae — combination of both, We shall now proceed 
POU ORNS Le to find the magnitude of the current in the 


EDI Erne Bat external circuit in each case. 
< i EARE. (1) Cells in series: When cells are so 
Fig, 188 ; Cells in series arranged that the positive pole of the first 


is connected to the negative pole of the 
second, the positive pole of the second to the negative pole of the third 
and so on, what we get isa series combination of cells, Fig. 18:8 shows 
such a combination of three cells of e. m. fs. E, E, and E, The total e.m.f. 
E of the battery so formed is the sum of the e.m.fs. of the component cells, 
ie., E,4-E,J-Es. This is so because, from figure we get 
E,=Va—V i 
E,=Vo—Vz 
and E,=Vy—Vo 
E, E+ E= Vp—V, 
But V, —V,—E, the total e.m.f. of the battery. 
E—E,- E, E; 
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This result may be extended to any number of cells joined in series. 
Fig. 18:9 shows three identical cells, each of e,m.f. e and internal resistance r 
joined in series to deliver a current 7 through 
the external resistance R. Hence, three CN 
internal resistances and the external one are H|HI-— 
all in series. Therefore, Y ky 

total resistance in the circuit— R--3r I l 
Also, total e.m.f. in the circuit=3e 
Hence, the current in the circuit is 


d R 
SBE Lae Fig. 18:9 
i R+3r : 
Obviously, for n such cells joined in series, the current is 
ne 
um e ves 18: 
I: Ran (18:34) 


N. B. (a) When R 2r, == 


i.e. when the resistance of the external circuit is very much greater than 
the internal resistance of the battery, the current in the external resistance is 
increased by the series combination of cells. For n cells in series, the current 
is n times that when a single cell is used. : 

When R& mr, Eds 

nr r 
i. e., when the external resistance is negligibly small compared to the internal 
resistance of the battery, the current remains the same as that supplied by a 
single cell, whatever be the number of cells in the battery. In other words, in 
such a case it is of no use to increase the number of cells in the battery to 
get a larger current. 

(c) When the cells are not identical, say having e. m. fs. e, ég,°--n, and 
having internal resistances 7, rs...r,, the eqn. (18:34) should be modified as 

BEL EC 
R4 (rt rg ry) 

(2) Cells iù parallel: When the cells of a battery are so arranged that 
their positive poles are connected to one point and their negative poles to a 
second point, then the cells are said to be connected 
in parallel. These two points finally form the 
positive and negative poles of the battery. 


Fig. 18:10 shows a parallel combination of three 
identical cells, each having e.m.f. e, connected 
between the points 4 and B. Since all the negative 
poles are connected to A and all the positive poles 
j are connected to B, then the p. d. between 4 and 
e e B i:e., the e. m. f. of the battery is simply e, that of 
Fig. 18:10; Cells in parallel a single cell. : 

Now, let such a combination of cells be joined to an external resistance R 


1 
i 
1 
D 
1 
i 
> 
' 
1 
t 
t 
i 
1 
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as shown in the Fig. 18:11. If the internal resistance of each cell be r, then 
since these resistances are in parallel, their equivalent resistances is r/3. 


€ . Total resistance in the circuit— R-- 4 
n and total e. m, f. in the circuit—e 
e Hence, the current 7 in the external circuit is 
f P RECIpIEMK 
: R+% 3R+r 
I 1 T For n such cells joined in parallel, the current is 
e ne 
- =. e 18:3 
R t RL nR+r (3:39) 
Fig. 18-11 n 


N.B. (a) When Rzr, l= 
i.e, when the external resistance is very large compared to the internal 
resistance, the current in the external circuit does not increasc by the way of 
parallel combination of cells. Rather, the current remains the same as that 
when a single cell is used, 


_ (b) WhenrznR, I= 


ie. when the external resistance is very small compared to the internal 
resistance, parallel combination of cells increases the current. In that case, for 
n celis, the current is n times of that when a single cell is used, 


Thus we conclude that when the external resistance is high compared to the 
internal resistance, series combination of cells is preferable, since it gives larger 
current in external circuit, On the contrary, whem the external resistance is 
much low compared to ihe internal resistance, parallel combination of cells gives 
higher current in the external circuit and hence js preferable. 


(c) The advantage of using parallel combination of cells is that the current 
in the external circuit is the sum of the currents supplied by each cell and hence 
there is less drain on the cells, In series combination, however, the same 
current is supplied by each cell. 


(d) The cells in the parallel combination are considered to have equal e.m.f. 
and internal resistance. Otherwise the calculation of the current in the external 
circuit will involve Kirchoff's law which is beyond the scope of this text. 


(e) Cells connected in parallel should never be left as Such when not in use, 
Because, if one of the cells have e.m f. higher than that of another, a wasteful 
current will circulate within the battery itself and the cells become 


$ exhausted. 
However, such a situation never arises with cells arranged in series, 


(3) Cells in mixed grouping : Let us now consider a mixed combination 
of cells having m rows and each row containing n cells joined in series, The 
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combination is connected across an external resistance R (Fig. 18:12]. Let 
us assume that each cell has e.m.f, e and internal resistance r. Therefore the 
total internal resistance of each row of 
cells is nr. Since there are m rows of 
cells in parallel, their equivalent internal 
resistance —"^ 
m 
nr 
m 
Now, cells in a row being joined in 
series, the total e.m.f. of a row of cells 
is equal to ne, Since all the rows are 
joined in parallel, the net e.m.f, of the 
combination is also equal to ne. 
Therefore, the current 7 through the resistance R is given by 
[7€ ., mne 
R4”! mR+nr 
m 


.. Total resistance in the circuit=R-+ 


Fig. 18:12: Cells in mixed grouping 


P (18:36) 


Arrangement for maximum current. 

In the above grouping, the total number of cells is mn. From eqn. (18:36), 
it is evident that for a given number of cells, the current is maximum when the 
denominator (mR +nr) is minimum. 

But mR-E nr—( v mR—V nr 2 mnRr 

For a given external resistance, R is constant; so also r for a particular 
type of cell. Hence the second term on the right hand side of above equation, 
viz. 2// mn Rr, is constant since it does not depend on m and n separately but 
on mn which is also constant for a given number of cells. 

The first term, being a perfect square, is minimum when its value is zero. 
Hence, the current is maximum when 

mR=nr 
or, Ree nee ate (18:37) 
m 

i.e., when the external resistance fs equal to the equivalent internal resistance 
of the combination of cells. 

Example 18:21. Compare the currents maintained in a 5 ohm resistance by 
5 identical cells each of e.m.f. 1:5 volt and internal resistance 0'5 ohm when they 
are joined (a) in series and (b) in parallel. 

Solution: (a) Here cells are joined in series. 

.. The total e,m.f. E—5x 1:5=7°'5 volt. 

-And the equivalent resistance of the internal resistances of the cells is 
R,—5x0:5 ohm—2:5 ohm. 
.. Total resistance in the circuit R—-2:54-5—7:5 ohm. 
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Current through the external resistance L-E eS 


(b) Here cells are joined in parallel. 
<. The total e.m.f. E—e.m.f. of a single cell— 1:5 volt. 
And the equivalent resistance of the internal resistances of the cells, 


R- 0-01 ohm, 


Total resistance in the circuit, R-0-1--5—5:1 ohm. ` 
Hence, the current through the external resistance 


ESSI iai 
h—R $179? amp. (nearly) 
Hence 7,: h=1: 03—10: 3. 
Alternatively, this problem can also be solved using eqns. (18:34) and 
(18:35) where n=5, e—1:5 volt, r=0:5 ohm and R=5 ohm. 


^. From eqn. (18:34), hg AT] amp. 


: aM odiis. 
and from eqn. (18:35), h=; Rir 3x5103^ 0:3 amp. (nearly) 
or qm: 0:210 3. 


Example 18:22. `A combination of cells comprises of 3 groups of cells 
connected in parallel, each group having 6 cells in series. Each cell of the 
combination has e.m.f. 2 volt and internal resistance 0*1 ohm. Find the current 
through a 5:8 ohm resistance connected across the combination. 


Solution: Since the 3 groups of cells are connected in parallel, the total 
e.m.f. E of the combination—e,m.f. of each group—6 x 2—12 volt. 


Also, the equivalent resistance of each group of cellse6 x 0:1—0:6 ohm. 


Since 3 such groups are joined in parallel, the equivalent resistance of the 
whole combination 
RD $02 ohm, 
Hence, the total resistance of the circuit 
R—0:2-4-5:8—6 ohm. > 
<. The current through the external resistance 
RTL 
I= SENT 2 amp. 
Alternatively, this problem can be solved using eqn. (18:36) where m=3, 
n=6, e—2 volt, r=0'1 ohm and R=5'8 ohm. Thus we get 
J=_imne___ 3 x6x2 D E 
mR+nr 3x5846x0] -9mP. 
Example 18:23. 24 identical cells each of e.m. f. 2 volt and internal resistance 
2 ohm are arranged to send current through an external resistance of3 ohm. Find 
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the best arrangement of cells. Find also the maximum current through the external 
resistance. 


Solution : Let n cells are joined in series to form a row and let there are m 
such rows joined in parallel. Hence, total number of cells-mn-— 24. 
Since when the current through the external resistance is maximum the 


external fesistance is equal to the equivalent internal resistance of the combina- 
tion of cells, we have from eqn. (18:37) 


E Sm m AE or, m*—16 


ie, m=4 and n—3i4-6 


Hence, each row must contain 6 cells in series and there should be 4 such 
rows joined in parallel. 


Now from eqn. (18:36) the maximum current tbrough the external 
resistance is 


uU Xx6x21 
ed ruo Lim di 


@ EXERCISE @ 
[A] Essay type questions, 


1. What do you man by the strength of current in a conductor? Defineits practical and 
and c g.s unit, State the relation between them. 

2. State and explain Ohm’s law. Point out the limitation’s of this law. 

Define the resistance of a conductor. Name and define its different units and state the 
relation between them, 

3. State how the resistance of a wire depends on (a) its length, (5) its cross-section, 
(c) material and (d) temperature. 

Define specific resistance and state the unit in which it is expressed. 

4. State Ohm'slaw. Do all the conductors obey Ohm’s law? If not, givetwo examples 


of non-ohmic conductors. [ Jt. Entrance '84 ) 
5. State Ohm'slaw. Define resistivity of the material of a conductor. On what factors 
does it depend ? [H. S. '81] 


6. Obtain the Ohm's law as medified for a complete circuit. 

Expiain clearly what do you mean by the internal resistanee of a cell and lost volt. Hence 
discuss the importance of internal resistance of a cell. 

7. Define the equivalent resistance of a combination of resistances. 

Obtain the value of the equivalent resistance of three resistances joined (i) in series and 
(ii) in parallel, 

8. Prove that the conductance of a number of conductors in parallel equals the sum of 
their individual conductances. 

Establish the dependence of the resistance of a conductor on its length and cross-section 
from the laws of resistances in series and in parallel. 

Two resistances are joined in parallel. Show that their equivalent resistance is smaller 
than either of them. 
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9, (a) State Ohm’s law. Define resistance and specific resistance, 

(b) If a number of resistances.be connected in parallel, show that the equivalent resistance 
will be less than the smallest resistance of the combination. tH. S. 83} 

10. State Ohm’s law and show how it provides the definition of electrical resistance, 
Describe how you will verify it experimevtally. 

Does the resistance of a conductor depend purely on its electrical properties? Explain 
vour answer. 

How is a current distributed among a number of resistances in parallel ? In series ? 

11, (a) How does the resistance of a metal wire depend on temperature? Define the 
temperature coefficient of resistance. [ H. S.'82] 

(b) Explain the dependence of resistance on other factors. 

12. Whatisthe function of a shunt ? How does the current in the main circuit change 
when a shunt is used ? [ Jt. Entrance '81 | 

13. N identical cells are joined (i) in series and (ii) in parallel. Obtain an expression for 
the current driven by the battery through an external resistance in both the cases. 

Explain how a series or a parallel combination of cells is preferred depending upon the 
relative value of the external resistance and the internal resistance of the cell. 

14. A battery is made up of m rows of cells, with n cells in each rew. The cells have 
identical e.m.f. e and internal resistance r. Derive the equation for the current i which is 
furnished to an external resistor of resistance R. When is the current maximum ? 


[B] Short answer type questions. 


1. What do you mean by the statement that the specific resistance of copper is 1*6 
microohm-cm ? 

2. Define international volt, ampere and ohm. 

3. A primary cell and a secondary cell have the same e.m.f. Which of these will provide 


higher value of the maximum current that can be drawn? Explain briefly. [ ELT. 77] 
4. How can three resistances of values 2, 3 and 6 ohm be connected to give an effective 
resistance of 4 ohm ? LLIT.720 


5. Show that if n identical conductors are joined in series, the combined resistance is n? 
times as great as when they are arranged in parallel. 

6. Why manganin or constantan are generally used in making standard resistors ? 

7. Explain why in general the terminal potential difference of a cell does not equal its 
e.m.f. 3 

8. What happens to the resistance of a wire (a) if diametre is made double and (b) the wire ' 
is folded and its terminals are connected in parallel ? 

9. Under what condition the resistance of metals vanishes ? 

10. Name an instrument in which variation of resistance of a metal with temperature is 
utilised to measure temperature. 

11. Prove that the currents in two resistors joined in parallel are inversely proportional 
to their resistances. 

12. Prove that in a parallel combination of resistances, if one of the resistances be very 
small compared to the others, the equivalent resistance can safely be asumed to be equal to 
this small resistance. 

13, The length of a wire is doubled by pulling it. What happens to its resistance ? 

14. The length, diametre and the specific resistance of the materials of two wires are cach 
in the ratio 1:2. What is the ratio of the resistances of the two wires ? 

15, Ina supply line the voltage at the consumers’ end is always less than that at the pro- 
duction end. Why? 

16. You are provided with a battery consisting of a large number of cells. How would 

you combine the cells in the battery to get maximum current in an-external circuit of fixed 
resistance in the following cases : 


R ; 
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(i) When the resistance of the external circuit is very high compared to the internal 
resistance of the battery. 
(ii) When the resistance of the external circuit is very low compared to the internal 
resistance of the battery. M 
17. A bulb is connected to a battery of electromotive force 10 volt and the current is 
found to be 0:01 amp. When the bulb is connected to 220 volt mains, the steady current is 
0:05amp. Explain this apparent disagreement with Ohm's law. [ Jt. Entrance, '80 } 


[C] Simple Problems, 
1. Whatisthelargest p.d. whieh can be applied to the ends of a standard 200 ohm 


resistor, if it must not carry a current greater than 0*01 amp ? { Ans. 2 volt} 
2. How many electrons flow each day through an electric lamp which draws a current of 
lamp? Given, electronic charge 1:6 x 107? coulomb, [A4ns. 54x 10%] 


3. Ina neon gas discharge tube 5:1x10!* Ne*ions move to the right through a cross- 
section of the tube per second, while 1:9x 10'^ electrons move to the left in this time. What 
is the net current flowing through the tube? Indicate also the direction of the current. 
(Given, electronic charge= 1'6 x 107!* coulomb) [ Ans. 1:12 amp ; towards right] 

4. Anelectric heater operates at 220 volt and has a resistance of 55 ohm. What charge 
flows through it in 13 hour ? [ Ans. 19200 coulomb ] 

5. The resistance of a nichrome wire is equal to 20 ohm. Express this resistance in c.g.s. 
electrostatic unit. ‘[ Ans, 22x1077 es.u. ] 

6. The e.m.f. of a battery is 4 volt. When it is joined to an external resistance of 7 ohm, 
a current of 0:5 amp flows. What is short-circuit current of the battery ? [4ns. 4 amp) 

7. A dry cell of e, m. f. 1-48 volt is connected across a 4ohm resistor. A voltmeter 
connected across the terminals of the cell now reads 1-4 volt. Calculate the internal resistance 
of the cell. [Ans. 0:23 ohm] 

8. A 100 volt battery has an internal resistance of 3 ohm. What is the reading of a ` 
voltmeter having a resistance of 200 ohm when placed across the terminals of the battery ? 
What should be the minimum value of the voltmeter resistance so that the error in finding 
out the battery e. m. f, may not be more than one per cent. (Jt. Entrance, '74) 

[Ans. 98:5 volt ; 297 ohm] 

9. Calculate the specific resistance oi the material of a wire 24 cm in length, 0:003 cm 
in diameter and having a resistance of 162 ohm. Also find to what length the wire must be 
drawn to give it a resistance of 288 ohm. Assume that no change in specific resistance and 
density occurs in such process. [Ans. 4:77 x1075 ohm-cm ; 32 cm] 

10. Calculate the specific resistance of mercury from the definition of ‘international ohm.’ 

[Ans. 9'4x1075* ohm-cm ] 

same material have same length but the diameter of one is three 
The resistance of the first is 27 ohm. Calculate that of the other. 

{ Ans. 243 ohm } 


12. A wire of resistance 5 ohm fs stretched 20 percent. Determine its new resistance. 
{ Ans. 7:2 ohm } 


(a) 1 cm thick, (b) 2cm thick. Compare 
; [ Ans. 16:1] 


1 metre of copper wire 1 mm in diameter and 2 metre 
of a thinner copper wire. The p.d. between the ends of the first wire is 1 volt and that between 


the ends of the second wire is 20 volt. Find the diameter of the thinner wire. [A7s. 0°0316 cm] 


15. -If the specific resistance of platinum is 9x10-* ohm-cm, what length of a platinum 
wire of diameter 0:03 cm is required to make a resistance of 10 ohm? [ Ans. 7:85 x 10* em ] 

16. A fan motor is designed to operate at a current of 2 amp at a p.d.of 110 volt. Find 
the value of the resistance which should be placed in series with the motor, if Fi an p qe 


ed to operate at 200 volt. 
P-IL/26 


11. Two wires of the 
times that of the other. 


13. One gm of copper is drawn into a wire 
their resistances. 
14. The same current passes through 
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17. What resistance must be joined in parallel with 25 ohm resistance to make the equi- 
valent resistance 20 ohm ? 3 [ Ans. 100 ohm] 
18. Two coils have an equivalent resistance of 12 ohm when in series and § ohm when in 
parallel, What are the resistances of the coils? * (Jt. Entrance, '72) [ Ans. 10 Q and 2 Qj 


19. An electric current of 5 amp is divided into three branches, the length of the wires in 
the three branches being proportional to 1:2:3, Find the current in each. The wires are 
of same material and cross-section, (Jr Entrance. '73 ) (Ans. 273 amp, 1:36 &mp, 0:91 amp] 


20. An electrical circuit carrying a current has a total resistance of 10 ohm. Three additio- 


nalresistances of 3, 6 and 8 ohm are provided. How these may be connected so that the 
current in the circuit is reduced to one-half the previous value ? 


21. You are given three identical resistance coils, each of resistance 100 ohm, How many 
different resistances you can obtain by connecting the resistance coils in any manner you 
choose, being free to use any number of the coils at any onetime? Draw the possible connec- 
tions, and calculate the resistance of each combination, 


[ Ans. 7 ; 33-3, 50, 66-7, 100, 150, 200 and 300 ohm ] 
22. Three resistances P, Q and R are joined in such a way that their equivalent resistance 


equals R. If P=16 ohm and R=24 ohm determine the two possible values of Q. Draw the 
circuits of the two possible arrangements. A { Ans. 14:4 ohm, 12 ohm] 


A CA of resistances 3, 4 and 
measured between (a) A and 
[ Ans. (a) 2:25 Q, (b) 2:67 Q and (c) 2:92 a) 

ms four sides of a square. Two opposite 
ohm to two terminals of a 7-5 voit battery 
uivalent resistance of the square and the fall 
[ Ans. 5 ohm ; 2:5 volt] 
reis bént into the form 
a battery of e.m.f. 2 volt 
[ Ans, 3/16 amp] 

On testing it is found to have an actual 
resistance 50 ohm per metre must be 
istance 2 ohm ? [4ns. 404m] 


24. Four wires, each of 5 ohm resistance for: 
corners are connected through a resistance of 8 
having internal resistance of 2 ohm. Find the eq 
of potential across.it. 


j : i (P.U.) [Ans. 26:67 ohm] 

29». A long uniform wire of resistance 9 ohm is bent into a circle. Two points of the 

wire at one-third of the circumference apart are joined with a cell of e.m.f. 1:5 volt and inter- 
nal resistance 0*5 ohm, Calculate the 


Current in the different parts of the circuit, 
2 
2 
2 
A 3 e 


[ Ans. 0*6, 0'4 and 0:2 amp ] 

31. A constant p.d. is applied «cross a resistor of resistance 100 ohm. An ammeter with 
internal resistance 1 ohm is connected in the circuit in series with the resistor to measure the 
current. The ammeter reads 5 amp." What was the current in the Circuit before the ammeter 
was connected ? [ Ans. 5:05amp] 


30. All resistances in the adjoining diagram are in 


ohm. Find the effective Tesistance between the points 
Aand B, 


{ Ans. 1-33 ohm ) 
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32. A galyanometer of resistance 45 ohm, shunted with a resistance of 5 ohm is joined in 
series with a resistance of 84 ohm and a battery of e. m. f. 4:5 volt having internal resistance 
L50hm. Find the current passing through (a) the battery, (6) the galvanometer, and (c) the 
shunt. [ Ans. (a) 0°05 amp (b) 0:605 amp (c) 0:045 amp ] 

33. A room has three amps of resistances 450 2, 400 Qand 600 Q respectively. The 
supply voltage is 240 volt, Find the current drawn from the supply when (a) each lamp is 
used by itself, (b) thethree lamps are used together. (c) Calculatealso the equivalent tesis- 
tance of three lamps. [ Ans. (a) 0:533 amp, 0'6 amp, 0:4 amp, (b) 1:533 amp , (c) 156:52 Q ] 

34. A potential difference of 200 volt is maintained across a rheostat AB of resistance 
10,000 ohm. A voltmeter having a resistance of 5,000 ohm is connected between the point A 
and a point of the rheostat which is at one-eighth of the distance fiom Ato B. What is the 
reading in the voltmeter ? [4ns. 20:5 volt] 

35. Two resistances of 15 ohm and 20 ohm are joined in series. Another unknown 
resistance is connected in parallel with the 20 ohm resistance. A cell of e.m.f. 2 volt and 
internal resistance 1 ohm is joined when the current through the main circuit is found to be 0-1 
amp. Determinethe value of the unknown resistance and also the current passing through 
it. [ Ans. 5 ohm, 0:08 amp ] 

36. A battery drives a current through a resistance coil of 10 ohm placed in series with 
it. When this resistance is shunted by a resistance of 1 ohm the current through the 10 ohm 
coil is halved. What is the resistance of the battery ? If the current in the shunt is 9/10 amp, 
what is the e.m.f. of the battery ? (London) [ Ans. 1% ohm, 2 volt ] 

37. Consider the two circuits given in the figure. 

Calculate the resistance R, and R, such that the current ie 
drawn from the batteries is the same in the two cases, but “| p Spi = R 
current through Rin circuit (b) is reduced to one-tenth 


of that through R in circuit (a). (ILT.70) a 
Į Ans. 9R/10, RJ9 ] (2) (2) 
we 38. In the circuit shown, when R is removed, additional 
e resistance of 72 ohm must be inserted in series with the battery 
Es in order to keep the current in the 30 ohm resistor unaltered. 


Find the value of &. 
( London ) | Ans. 20 ohr 


20v 


39, In the electric circuit shown in the figure, the cells 

E, and E, have e.m.f.s 4V and 8V and internal resistances 0:5 ohm 
and 1 ohm respectively. Calculate the current in each ronistor 
and the potential difference across each cell. (LLT. 73) 
[ Ans. 0:5, 0:33, 0:17 amp ; 4:25, 7:5 volt ] 


40. A tungsten wire has a resistance of 9:7 ohm at 20*C and 121 ohm at mee a oo 
ilue of i i Ans. 568% 10-1j* 
h f its temperature coefficient. I 
: Pigeon coil marked 5 ohm is found to have a resistance of 5:2 ohm at 
40°C. Find the temperature at which the marking is correct. Given, the temperature 


i ial ofthe coil is 0:005 per °C. $ (Ans, 30:8°C ] 
cae Me atte of 10 dry cells each of e.m.f. 1°5 volt and internal resistance 0'5 


ohm, The terminals of the battery are connected to a parallel combination of 3 and 7 ohm. 


i i a) the battery, (b) each resistance. > 
Find the current passing through (a) EL E i a] 


i : i is f 1 obm and 1'5 
43. batteries each of e.m.f. 4:5 volt, have an internal resistance o : 
ohm dice They are connected in parallel to an external resistance of 3 ohm. Find 


i h cell. Also find the potential difference across the 3 ohm 
Nds dancers [ Ans. 0:75 amp, 0:5 amp, 3:75 volt ] 
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44. Agalvanometer together with an unknown resistance in series is connected across 
two identical batteries each of 1*$ volt. When the batteries are connected in series the galvano- 
meter records a current of 1 ampere and when the batteries are in parallel the current is 0'6 
ampere. What is the internal resistance of the battery ? (LLT. 73) [ Ans. 0:33 ohm] 


45. How many cellseach of e.m.f 1:5 volt and internal resistance 0:5 ohm, should be 
joined in series to get a current of 2 amp in an external circuit with a 30 volt difference in 
potential across the terminals of the battery of celis. [ Ans. 60] 


46. It is required to send a current of 10 ampere through a resistance Rof 3 ohm. (a) 
What is the minimum number of cells required if each cell has an e.m.f. of 10 volt and internal 
resistance of 1 ohm ? (b) Find the power dissipated in R. (4. I. T. '69) 

[4ns. 12 cells arranged in 2 rows, each row containing 6 cells in series ; 300 w) 


47. What is the e.m.f. and internal resistance of a battery of 12 celis consisting of three 
parallel connected rows of four cells each ? The internal resistance of each cellis 1 ohm and 
e.m.f. 2 volt. : { Ans, 8V., 1:33 ohm] 


48. N similar cells are connected to an external resistance R. If the current through R 
remains the same whether all the cells are connected in series or in parallel, find the internal 
resistance of each cell. [ Ans. R] 


49. 12 calls each having the same e.m.f. are connected in series and are kept in a closed 
box. Some of the cells are wrongly connected. This battery is connected in series with an 
ammeter and two cells identical with the others. The current is 3 ampere when the cells and 
battery aid each other and is 2 ampere when the cells and battery oppose each other. How 
many cells in the battery are wrongly connected ? (1.1. T. 76 ) [ Ans. 1] 


50. Two cells each of the same e.m.f. but of internal resistances r, and rs are connected 
in series through an external resistance R. Find the value of R in terms of r, gnd.r,for which 
the first cell will have zero p.d. across it. ( Jt. Entrance '84) [ Ans. R—ri—n] 


51. 90 exactly similar cells are arranged in a mixed combination to send maximum current 
through a given resistance. If the internal resistance of each cell be jsth of the given resistance, 
obtain how the cells are to be arranged. ( Jt. Entrance '82 ) 

[ Ans. 3 rows, each containing 30 cells J 
[D] Harder Problems. 


1. Two identical cells having the same e.m.f. and internal 
P resistance are connected as shown in the figure. Calculate the 
potential difference between the points P and Q. Neglect the 

resistance of the connecting leads. 


[ Ans, zero] 


2. Calculate the current through the 3 ohm resistance and the 
power dissipated in the entire circuit shown im the figure, The 
e.m.f. of the battery is 1:8 volt and its internal resistance is 
2/3 ohm, 


( LI.T. 71 ) į Ans. 04 amp ; 1-62 w] 


rav 
3. Tbe terminals of a voltmeter are connected by an external wire of the same resistance 
as the voltmeter. One wire from a battery is connected to one terminal of the voltmeter. At 
what point of the external wire the other battery wire must be connected so that 2% of the 
battery current may flow through the voltmeter yd 


[4ns. At a distance of & th of the length of the wire ] 
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4, A steady current is flowing through an ammeter in seríes with a resistance of 100 ohm. 

A voltmeter having a resistance of 500 ohm when connected across 100 ohm resistance, 
it reads 200 volt, Calculate the actual potential difference across the resistance. 

(I. I. T.'65) [Ans. 240, volt } 


5. A galvanometer of resistance G and a resistance r, are connected in parallel across the 
terminals of a cell of internal resistance r. The reading of the galvanometer is noted. r, is then 
disconnected and a resistance r, is placed in series with the galvanometer. If its readings 
remain unaltered, prove that rG-7ir,. 


6. An ammeter, accurately calibrated, indicates 12:2 ampere when it is inserted in a 
circuit. When an identical ammeter is inserted in series with the first one, the reading of each 
becomes 11:8 ampere. Find the current in the circuit before the first ammeter was inserted. 

X London ) [ Ans. 12:63 amp } 


7. A distant telephone, whose resistance is 300 ohm is connected tothe exchange, 10 miles 
away, by a pair of telephone wires whose resistance, singly, is 5 ohm per mile. A twig falls 
across the wires at a certain point, producing the effect of a resistance R connected between 
the wires at that point. Measurements made at the exchange show a resistance between the 
terminals of the line of 130 ohm which rises to 160 ohm when the distant telephone is dis- 
connected. How far from the excifange is the fault to be found, and what is the value of R ? 

[ Ans. 4miles from exchange ; 120 ohm } 


8. A resistance is made by joining two wires of the same material. The radii of the two 
wires are 1 mm and 3 mm respectively, while their lengths are 3 cm and 5 cm respectively, A 
battery of e.m.f. 16 volt and negligible internal resistance is connected across the resistance. 
What is the potential drop along the shorter wire ? ( LLT.°70 ) [ Ans. 13:5 volt ] 


9. Let AB, BC, CD, DA be four uniform wires, each of unit resistance, joined in the form 
of a square ABCD ; let E bea point on the side CD such that CE is to ED in the ratio of 2 
to 1 ; and let A be joined to E by-a wire AE of unit resistance. Show that, if the points 4 and 
C be maintained at different potentials, then the potential of B is equal to that of E, so that 
no current will flow along a wire joining BE. ( Tripos:) 


10. Two conductors, materials of which are copper and iron respectively, are connected 
in parallel. Xt is found that the same current flows through either of them, the temperature 
being 0°C. What proportions of current will pass through each of them if the temperature is 
raised to 100°C, Given, the temperature ccefficients of copper and iron are 0:0043 and 0:0C63 
per°C respectively. [ Ans. 46°73%, 53:279, ] 


11. Two conductors have resistances R, and R, at 0°C. Their temperature coefficients of 
resistances are «, and «, respectively. Show that the temperature coefficients of their equiva- 
lent resistances when joined in series and in parallel are respectively 


RaeutÉ&G and Rida t Ryo 
1 M RR 


TÉ 


T 


12. If the specific resistance of platinum at 0°C is 8:96 x 10-* ohm-cm and its temperature 
coefficient 32 x 10-1/°C, find the length of a wire of diameter 0:0274 cm which has a resistance 
of 4 ohm at 50°C, ( Calcutta Univ. ) [ Ans. 226:9 cm ] 

13. A battery of e.m.f. 1*4 volt and internal resistance 2 ohm is connected to a. resistor of 
100 ohm resistance through an ammeter. The resistance ofthe ammeter is 4 ohm. A volt- 
meter has also been connected to find the potential difference across the resistor. (i) Draw 
thecircuit diagram. (ii) The ammeter reads 0°02 amp. What is the resistance of the volt- 
meter? (iii) The voltmeter reads 1-10 volt. What is the error in this reading? — (L.I.T. 75) 

[ das. (ii) 200 Q, (iii) 0'255 volt ] 

14. Youare given 48 cells each of 1:48 volt and resistance 0*3 ohm. How would you 

arrange them to produce greatest current in a circuit of 5 ohm resistance? ( Calcutta Univ.) | 
{ Ans. 2 rows in parallel, each containing 24 cells in series ] 
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15. Calculate the steady state current in the 2 ohm resistor shown in the circuit in the 
2a figure. The internal resistance of the battery is negligible and 
the capacitance of the condenser C is 0:2 microfarad. 


(I. 1. T.'82 ) [ Ans. 0-9 amp] 


3a 


G 4a 


| 


V=bvolt. — 284 


16. Find the resistance between terminals A: 
A and. B of the infinite network shown in the 
diagram ; each resistance has the same 


value r. [Ans. (1+v3)r] B 


| 
19 | ELECTRICAL MEASUREMENTS 
CHAPTER | 


19:1. Introduction. 


The electrical quantities which are most frequently measured are current, 
voltage (potential difference) and resistance. Many other physical quantities 
such as temperature, pressure, specific resistance etc. can be determined from the 
above-mentioned electrical quantities and their variations. In the following 
sections, we shall discuss only a few most common methods of carrying out 
such measurements. 


19:2. The Wheatstone bridge. 


In the year 1843, Charles Wheatstone, the first Professor of Physics at King’s 
college, London, invented one of the most accurate and commonly used methods 
of measuring resistance. It is now known as the Wheatstone bridge method. 
By this method the ratio of two resistances is determined and if the value of one 
of them is known, the value of the other is obtained. 

Fig. 19:1 shows the diagram of a Wheatstone bridge. Four resistances 
P, Q, Rand S are connected to form a close net- 
work ABCD. A galvanometer G is connected between 
the junctions B of Pand Qand Dof RandS. A 
cell E is connected between the other two junctions 
viz. A of Pand Rand C of Q and S. AB, BC, AD 
and DC are called the 1st, 2nd, 3rd and 4th arm 
of the bridge respectively. AB and BC are also 
called the ratio arms. 


By properly adjusting the value of the resistance, 
the current through the galvanometer may be 
reduced to zero. This happens when the points B Fig. 19:1: The Wheatstone 
and D are maintained at the same potential. The Bridge 
galvanometer then shows no deflection and the network is said to be 
balanced. Yt can be shown that the resistances in the four arms of the bridge 
then satisfy the relation, 

Ms up 
DIS Or, S—RORE 

This equation can be deduced as follows: When the bridge is balanced, let 
the current through P be i, and through R be i, Since no current flows 
through the galvanometer, the current through Q and S must also be equal to 
i, and i, respectively. Moreover, the potentials at B and D are equal i.e., 
Vg—Vy,. If V, and V, be the potentials at A and G respectively, then 
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Vi—Va=Vi—Vp 


or, iP-—iR [ from Ohm’s law ] 
Again, Vg—Vo=Vp—Vo 
or, hQ-—ihS 
Dividing, RO hS 
PR KA d 19:1 
Hence 37s (19:1) 
pU. v^ ; 19:2 
of, S—R P : (19:2) 


Hence if the value of S be unknown, it can be found from a knowledge of 
R and the ratio Q/P. Since this method requires ‘no deflection’ of the 
galvanometer, it is known as the null method. 


It may be mentioned that very high or very low resistances can not be 
measured by this method. When resistances are very high, the bridge 
becomes insensitive ; and when the resistances are-very low, the resistances of 
the connecting wires become comparable so that the measurement becomes 
inaccurate, 

The balance condition may be written as Q/S=P/R. This shows that the 
balance condition remains the same if the positions of the galvanometer and 
the cell be interchanged. The branches AC and BD are, therefore, said to 
be conjugate to each other. However, the sensitivity of the bridge in the two 
arrangements generally differ. 


It is obvious that the balance condition is independent of (i) the current 
supplied by the cell and, (ii) the resistance of the galvanometer, the internal 
resistance of the cell and the resistances connected in series with galvanometer 
and the cell. 

In the following sections we shall discuss two practical applications of the 
bridge, viz. (i) the Post Office (P.O.) Box and (2) the Metre Bridge. 


19:3. The Post Office (P.O.) Box. 


The Post Office Box (abbreviated P,O. Box) is a compact form of Wheatstone 
Bridge. The instrument was originally designed for using it in post offices to 
locate any fault in telegraph lines by measuring its resistance. This explains its 
name. 

A P.O. Box essentially consists of a number of fixed resistance coils 
connected together so as to form the three arms of a Wheatstone Bridge. The 
unknown resistance S forms the fourth arm. As in a resistance box, the coils 
are kept inside the box, the two ends of any one coil being connected to two 
solid brass blocks which are mounted on the panel and are separated from 

each other by a small conical gap. Each coil can be shorted out by inserting a 
plug key which snugly fits into the corresponding hole. If the key is withdrawn, 
the resistance of the coil is added to the circuit. 
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The Fig. 19:2 (a) shows a plan view of the P.O, Box with its connections. 
A somewhat simplified version of the circuit which can be easily drawn is shown 


5000 2000 2000 1000 500 200 200 100 


i R oo 


Fig. 19:2 (a) : P.O. Box 


in the Fig. 19-2 (b). Each of the arms AB and BC contains three resistance 
coils of 10, 100 and 1000 ohm so that the ratio Q/P may be made equal to 100, 
10, 1, 0-1 or 0°01. These arms are known as ratio arms. The third arm AD 
consists of a number of resistance coils 
having resistances varying from 1 to 5000 
ohm so that the resistance R may be 
varied in steps of 1 ohm from 1 to 
11,110 ohm. This arm is often called the 
rheostat arm. Generally this arm also 
contains a hole marked infinity. When 
the concerned key is withdrawn, the 
circuit in the third arm is cut off. The 

Fig. 192 (b) unknown resistance S is connected 
between the points C and D to form the fourth arm. Two tapping keys K, and 
K, are mounted on the box and these are connected to the points 4 and B 
respectively. The connecting wires are kept inside and are indicated by lines 
marked on the panel ofthe box. A cell E is connected between the points A 
and C through the key K, and a galvanometer is connected between the points 


B and D through the key Kt 


How to measure a resistance : 

(i) The plugs corresponding to 10 ohm in each of the arms P and Q are 
removed. With zero resistance in the third arms R, the keys are depressed and 
the direction of deflection of the galvanometer is noted. In doing so, the 
e pressed first and then the galvanometer key Ką 


battery key K, should b 1 
RE The observation is repeated by taking out the plug marked 


clearly understood if the circuit of Wheatstone Bridge 


iption may be more 
Tlie aboye osi t The lebellings in the two figures have been kept 


given in Fig. 19:1 is compared with it. 
identical. 
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infinity (if provided) or the plug marked 5000 ohm from the third arm R. If 
the corresponding deflection be opposite to the first, it is inferred that the 
connections are quite correct. 


(ii) Starting from a high value, the resistance in the third arm is gradually 
reduced. If a particular value; say R, is found for which the galvanometer 
shows no deflection, then since P—Q—10 ohm, the value of the unknown 
resistance S=R, is immediately obtained, Generally such a resistance R, is 
not found. More usually two values of resistances differing by one ohm, say 
R, and R,+1, are found for which the galvanometer is deflected in opposite 
directions. In thiscase, the value of the unknown resistance S lies between R, 
and R,+1 ohm, 

[ For example, the galvanometer deflections were opposite for resistances 12 and 13 ohm in 
the third arm. In that case the value of S lies between 12 and 13 ohm. ] 

(iii) To find the exact value of S, a resistance of 100 ohm is now inserted 
in the arm P instead of the previous value of 10 ohm. The resistance in the 
second arm Q is kept the same i.e. 10 ohm. The ratio Q/P, therefore, becomes 
equal to y, so that at balance R will be equal to 10S. As the value of S has 
already been found to be lying between Ry and R,+1 ohm, the resistance in the 
third arm is now varied within the range 10R, and 10(Ra+1) ohm and the 
galvanometer deflection in each case is observed. As before two cases may 
arise: (a) For a particular resistance Rs in the third arm, the galvanometer 
Shows no deflection. In that case the value of the unknown resistance 5S, is 
given by S=R,/10. (5) For a change in resistance by 1 ohm, opposite deflections 
of the galvanometer are obtained. The value of S then lies with the range of 
oth of these two resistances. * 

[ For example, opposite deflections were obtained for the resistances 122 and 123 ohm in 
thethird arm. The value of S, therefore, lies between 12-2 and 12-3 ohm. ] 

(iv) If the balance condition is not reached in the above operation, then 
the value of S must be ascertained to the next decimal place. For this, the 
resistance of 1000 ohm is introduced in the first arm P leaving the same value 
ie. 10 ohm in the second arm Q. The ratio Q/P is now equal to xy. The 
above operation is then repeated till balance is obtained for a resistance, say Ra 
in the third arm, Hence the value of the unknown resistance S.is found to be 
equal to R,/100, 

[ Balance condition was obtained for the resistance 1226 ohm in the third arm. Hence the 
value of S is equal to 1226 ohm, } 4 

(v) Ifthe balance point is not obtained in the above operation, then by 
trial two resistances differing by one ohm are found in the third arm for which 
galvanometer deflections are opposite, Knowing the values of these resistances 
and knowing the corresponding deflections of the galvanometer, the value of 
the unknown resistance can be calculated, 

[ For example, for resistances 1225 and 1226 ohm in the third arm, galvanometer deflections 
of 2 divisions to left and 3 divisions to the right were obtained. Thus a deflection of 5 divisions 


corresponds to a change of resistance by 1 ohm. Hence 2 division deflection represents a 
change of 04 ohm. So the unknown resistance equals 12:254 ohm. } 
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Precautions to be taken : ; 


(i) The resistance coils in the P. O. Box are wound non-inductively. 
However to avoid the disturbing effect due to any residual self-induction of the 
resistance coils, the battery key should always be pressed first and then the 
galvanometer key, For the same reason, the galvanometer key should be 
released first and then the battery key. If this precaution is not taken, a throw 
of the galvanometer may be obtained even when the bridge is balanced. 


(ii) Ifa sensitive galvanometer is used, then a shunt resistance should be 
connected in parallel with it to prevent damage due to a flow of large current 
through it when the bridge is completely out of balance, Alternatively, a high 
resistance may be connected in series. When the balance condition is being 
approached the shunt or the series resistance should be disconnected to get 
larger deflection. 


(iii) As the balance condition is independent of the current flowing through 
the circuit, any cell may be used in this experiment. However the e.m.f. of the 
cell should not be very large, because the passage of a large current through the 
circuit should always be avoided to minimise the Joule heating. For this 
reason, if a storage cell is used in this experiment, a suitable resistance 
should be connected in series with it. Usually a Leclanchc cell is used in this 
experiment, As the e.m.f. of this cell is not high and as the strength of the 
current produced by this cell drops down quickly [vide Art. 17:8 (ij)), the use 
of such a cell minimises the Joule effect. 


Example 19:1. In a Wheatstone Bridge find the value of S if P=20, Q— 200 
and R=12 ohm when the bridge is balaced. If the e.m.f. of the battery be 9 
volt and its internal resistance be 7:5 ohm, find the current flowing through the 
battery. 


Solution : From the balance condition for a Wheatstone bridge 
QS or, 300 S 408—120 ohm. 

The resistances P and Q are connected in series. Hence their equivalent 
resistance is 20+200=220 ohm. Similarly the equivalent resistance of R and S 
is 12--120—132 ohm, These resistances are connected in parallel. Hence the : 
equivalent resistance of the combination is 


, 220x132 s. 
R= 704132 82:5 ohm. 


So the total resistance in series with the battery—R'--r—82:5--7:5—90 ohm. 
The current through the battery — 9; —0'1 amp. 


Example 19:2. The resistance of a coil of wire measured bya Wheatstone's 
bridge was found to be 5 ohm in melting ice. When the coil was heated to 100 Ç. 
a 100 ohm resistor had to be connected in parallel to it in order to keep the bridge 
balanced at the same point. Calculate the temperature coefficient of resistance of 
the coil. [ H. S. °82] 


Solution: The resistance of the coil at 0°C is R,=5 ohm. 
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Let the resistance of the coil at 100°C be R. The equivalent resistance when 
the 100 ohm resistor is connected in parallel is 
100x R 
100-- R 


From the principle of Wheatstone's bridge, t! is resistance must be equal to 
5 ohm. 


H 100R — .. 500 
^ qOIRC or, R= 95 ohm. 


If « be the temperature coefficient of the resistance of the coil then 
by eqn. ( 18°13 ) 
500 


a 100 
9s 7 X1--«.100) or, l4100«— 5y 


5 = o 

Or, «- 95x 100 7? 26 x 10-4 ohm/°C 

Example 19:3. Five resistances are connected as shown in the diagram. 
What is the effective resistance between the points A 


Era m and B? (4. I. T. 76] 
Solution: If 4 and Bare connected to a source of 
m e.m.f., we get a balanced Wheatstone Bridge, because 

2Q 4 3 $ 1 
Pon sone Hence the junction of the resistances 22 
A z and 3Q and that of the resistances 4Q and 6Q are at the 


same potential. So no current flows through the resis- 
tance 79. The network is, therefore, equivalent to two resistances (2+3)2 
and (4+ 6) joined in parallel. If the equivalent resistance be R, then 


19:4. The Metre Bridge. 


. The metre bridge is a simplified Wheatstone bridge apparatus and essen- 
tially consists of a straight hard uniform wire AB, one metre long and fixed on 4 
rectangular wooden base W/[Fig. 19-3). The wire is usually made of german 


Fig. 19:3: Metre Bridge 
silver or constantan, A metre scale M attached to the base is arranged in 
the proximity of and parallel to the length ofthe wire. The two ends of the 
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wire are soldered to thick L-shaped copper strips C, and C, of negligible resis- 
tances. The strips are fixed to the base. Another copper strip C; is 
placed on the same base in such a way that two gaps G, and Ge are left 
among the three copper strips. Each strip is provided with suitable binding screws. 
A jockey J is slided along the wire on a metal rod D placed parallel to the wire. 
By pressing a knife edge K attached to the jockey, contact can be established 
between the wire and the metal rod D at any desired point. The exact position 
of the contact point can be read off from the scale with the help of an index 
mark engraved on the jockey. The rod D is also provided with suitable binding 
Screws. 

Measurement of an unknown resistance: A schematic diagram of the 
metre bridge with the completed circuit is shown in Fig. 19:4. A resistance 
box R is connected across the left gap G, 
and the unknown resistance § across 
right gap G, The galvanometer G is 
connected to the binding screw at the 
middle of the copper strip C, and to the 
jockey J ( by means of a binding screw 
provided to the metal rod on which the 
jockey slides). Tbe cell E is connected 
through a plug commutator C to the 
binding screws at the left of the gap G, 
and at the right of the gap G, respectively. 

A suitable resistance is inserted in the 
left gap by removing the corresponding plug in the resistance box R. The 
jockey is then slided slowly along the length of the wire and a particular position 
of it is found such that on making contact with the wire at that point, there 
is no galvanometer deflection. The bridge is most sensitive when this null 
point lies near the centre of the wire. For this reason, the value of R should be 
suitably chosen so that the null point lies within the range of 45—55 cm. 

The two resistances R and S and the two portions of the bridge wire on the 
two sides of the jockey form the four arms of the Wheatstone bridge. Then 
neglecting the resistances of the copper strips and the connecting wires, we 
have from the balance condition for the Wheatstone bridge. 

R Resistance of the portion AJ of the bridge wire 
SUE » » n» » JB » S » 2” 

Let the length 4J=/ which is read off from the scale attached to the bridge. 
Since the length 4B—100 cm, the length JB—(100—/) em. If o be the resis- 
tance per unit length of the wire, then provided the wire is uniform, the resistance 
of the length AJ=/o and that of JB=(100— l)o. 


Fig. 19-4 


NU PRRI AL eee SN ay 19: 
^ STU0-De 100-7 ona) 
or, S- gx100-1 


Hence the unknown resistance S can be found out. 
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Sources of error : There are several sources of error in this experiment 
which are avoided or eliminated as described below. 


(1) The bridge wire may not be uniform throughout its length. The error 
which creeps in may be avoided by calibrating the wire so that the resistances of 
the portions ( AJ and JB ) of the wire on either side of the null point are accu- 
rately known. 

(2) At juuctions between dissimilar metals in the circuit, thermo-electric 
e.m.fs may be generated (cf. Art. 20°10). Presence of such e.m.f. in the circuit 
displaces the null points always towards one side and thus creates an error. To 
eliminate this, null points are obtained with both direct and reserved currents 
and the mean is taken. 

(3) The point at which the knife edge of the jockey touches the wire may 
not exactly coincide with the position indicated by the index mark of the jockey 
on the scale. The error is eliminated by again finding the null point after inter- 
changing the resistances R and S in the two gaps and taking the mean of the two 
results. 

(4) The resistance ofthe bridge wire may change with temperature. To 
avoid any error due to this, the current through the wire should be kept as | 
small as possible. The duration of flow of current while taking readings should 
also be made as short as possible. German silver or constantan has small 
temperature coefficient of resistance. For this reason, the bridge wire is 
made of these materials. 

(5) Due to (i) the slight resistance of the strips at the end of the wire, (ii) 
the resistance introduced due to bad soldering of the ends of the wire with the 
said strips and, (iii) the ends of the wire not exactly coinciding with the zero 
and hundred division marks of the metre scale, small resistances are introduced 
at both the ends of the wire. These are called end resistances and the correc- 
tions necessary on this account are called end corrections, The corrections are 
actually calculated in terms of resistances of so many centimetre (say, A, at the 
end A and A, at the end B) of the bridge wire. The working relation is then 
modified as follows : 

Resistance in the left gap —— 14-2, 19:4) 
Resistance in the right gap (100—/)+A,_ n. ( 


The values of A, and A, may be found out by conducting a subsidiary experi- 
ment with two unequal known resistances R and S in the two gaps.— Let-R/S=n. 


With R in the left gap and S in the right, let the balance point be obtained 
at AJ=1,. Then 


dtr PESE Bis 3 
R and S are then interchanged and let the balance length now be /,. Then 

LEAN oe al , 

R (100—1,)-++A, E d n D (19 6) 


From eqn. (19:5) 1, -3,—7(100—1) +m, ds (19:7) 
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From eqn. (19°6),  nm(h--A)—100—1,4- e (19:8) 
Eqn. (19:8) is multiplied by n and then substracting eqn. (19:7) from it we get 
n?(la +à) — (lh--A)n( - 1) 


š _ d—nl, à 
AS ha pains ug $^ (19:9) 
Substitution in eqn, (19:7) gives 
2 nl; —l, 593 E 
Ag AIT 100 ree (19:10) 


Example 19-4. An unknown resistance X is placed in the left hand gap of a 
Metre Bridge and a. resistance 30 ohm in the right hand gap. The null point is 
found at a length 25:5 cm. What is the value of the unknown resistance ? Where 
would the null point be if the resistances are interchanged ? 

Solution : From eqn. (19:3), 

X 255 7.255 
30 100—255 745 
When the resistances are interchanged, let the null point beat / cm. Then 
307 eet —n-10 
p TE or, 30 (100—7).—10:3 xI 
or, 1—745 cm. 


or. X—103 ohm. 


Example 19:5. In the left hand gap of a Metre Bridge is placed a resis- 
tance of 18 ohm and in right hand gap two resistances 10 ohm and 15 ohm connec- 
ted in parallel are placed. Find the position of the null point. i 

Solution : The equivalent resistance in the rignt hand gap 

505015 
— 10415 

l 

100—1 


Example 19:6. An aluminium wire of resistance 7:30 ohm at 30°C is placed 
in the left gap of a metre bridge and the balance is obtained at 42:6 cm from the 
left end of the bridge wire. If the temperature of the aluminium wire be increased 
to 100°C without changing anything else, by how much will the balance point 
shift ? Given, the temperature coefficient of resistance of aluminium=3:8 x I0-3[^ C. 

(Jt. Entrance *83] 


Solution : Let the resistance in the right gap of the metre bridge be R. Then 
T3 +426  J 426 
R 100—426 574. 
S0 R-9:84 ohm 
If R, and R' be the resistance of the aluminium wire at 0°C and 100°C res- 
pectively, then 


—6 ohm. 


or, 1—75 cm. 


From eqn. (19:3), n- 


7:30— R,(1 --3:8 x 10-* x 30) 
Ao R,=6'55 ohm 
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and R =R,(1 +38 x 107? x 100) 
=6:55 x 1:38 
—9:04 ohm. 
If the balance length in the second case be /, then 


1—4T:9 cm 
So the balance point gets shifted by 47:9 —42:6—5'3 cm, 


19:5. The potentiometer, 


Principle: As the name suggests, a potentiometer is used for measuring and 
comparing e.m.fs and potential differences. It provides the most accurate method 
of such measurement, A potentiometer essentially consists of a long and uniform 
conducting wire, say AB [Fig. 19:5], through 
which a steady current is maintained by the cell E'. 
This cell is called the driver cell, The +ve termi- 
nal of the cell is connected to, say, 4 and the 
—ve terminal to B, so that there is a fall of 
potential along the wire from A towB, The cell E 
whose e.m.f. is to be measured is connected in 
parallel so that its +-ve terminal is joined to A and 
the —ve terminal to a movable contact J through 

Fig, 19:5 a galvanometer G. Obviously the p.d. between 4 
: z and J tends to drive a current through this branch 
in the direction AGJ, while the cell E tends to send the current in the 
opposite direction viz., AJG. By changing the position of the contact point 
J, the p.d. between 4 and J can be varied and when this becomes equal to 
the e.m.f. of the cell E, no current flows through the branch AGJ and hence 
the galvanometer shows no deflection, So at balance, 

The e.m.f. of the cell Ec P. D. between A and J. 

It follows that in order to obtain a balance point (i) the p, d. between the 
ends of AB must be greater than the e.m.f, Eto be measured. Therefore the 
e.m.f. E' must be greater than E. (ii) Similar poles of E and E' must be joined to 
A. If any one of these conditións is not satisfied, no balance point will be 
obtained. 


The great advantage of the potentiometer method is that when the circuit is 
balanced, no current is drawn from the cell whose e.m.f. is being measured. The 
result is, therefore, independent of internal resistance of the cell and gives the 
actual e.m.f. of it. 


Description : In the laboratory form of the potentiometer, shown in Fig. 19:6, 
an even number (usually ten) of identical wires of uniform cross-section are kept 
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stretched parallel to one another on a sheet of ground glass which is screwed to 
a wooden board W. The length of each wire is 1 metre and their succesive ends 
are joined by soldering thick copper strips fixed on the board. The wires are 
thereby connected in series, The free end of the first wire and that of the last 
(ie. tenth) wire are connected respectively to the binding screws 4 and B fitted 
on the board. The wires are usually made of constantan or manganin whose 
temperature coefficient is very small, A jockey J can slide over the wires. Its 
end near the first wire slides in a groove cut on the board parallel to the wires, 
Its other end i.e., the end near the last wire, slides on a metal rod M which is 
fixed on the board parallel to the wires, Two binding screws:(By, Bs) are provi- 


Fig. 196: Potentiometer 


dedat each end of M. Electrical connection with the jockey may be establi- 
shed through any one of them. Ten knife edges Kj, Ka, etc. corresponding to 
each wire are attached to the jockey. Thus by sliding the jockey to any desired 
position and pressing the suitable knife edge, electrical contact with any point 
ofany wire may be established through the binding screws B, or Bẹ, The upper 
edge of the jockey near the first wire moves along a metre scale S fixed on an 
elevated wooden platform attached to the board. The scale is also placed parallel 
to the wires with its 0 and 100 marks coinciding with the ends of the wires. 
With the help of an index mark J engraved on that edge of the jockey, the 
position of the point of contact with a wire may be read off from the scale, 

In some forms of the instrument, the jockey is provided with a single knife 
edge which can slide across the wire. 
Electrical contact with a particular wire 
may be established by placing the knife 
edge over that wire. ; 

(1) Measurement of the e.m.f. of 
a cell : 

A storage cell E', a milliammeter mA, 
a rheostat Rh and a key K are joined 
in series and are then connected to the 
ends A, B of the potentiometer wire 
(Fig. 19:7]. The +ve terminal ofthe cell E whose e. m. f. is to be measured 
is connected to the same end A to which the --ve terminal of E' is also connec- 


P-11/27 


Fig, '97 
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ted. The negative terminal of the cell E is joined through the galvanometer O 
and the resistance box S to jockey J. 

The key Kis closed to send a current through the potentiometer wire. The 
position of the jockey J along the wire is then adjusted until no deflection of the 
galvanometer is observed upon making contact with the wire. If no balance 
point is obtained then this may be due to the failure to satisfy any or both of 
the two conditions mentioned previously. 

Let the resistance of the wire 4B of length L be R; then its resistance per 
unit length p is given by p=R/L. As the wire AB is uniform, the value of p 
remains constant throughout its length. Hence if the balance length AJ-—/, its 
resistance —p/. If i be the current through the wire, the p. d. between 4 
and J—ipl. Therefore, at the balance point 

Eig RL m es (1911) 

Hence the value of E can be found out, 

The e. m. f. of the driver cell should not change with time. For this reason 
a storage cellis used. If during measurement the null point is found to be 
drifting towards the end B of the potentiometer, then this indicates that the 
storage cell is running down. In that case the cell should be changed. 

A high resistance S is connected in series with the galvanometer to prevent 
the damage if too great a current passes through it. This is particularly 
important when the bridge is completely out of balance. Once the null point is 
found approximately, the series resistance is made equal to zero. This increases 
the sensitiveness of the arrangement. The null point is then determined exactly. 

The current through the potentiometer wire should not be sent for an: 
unnecessarily long time. Due to Joule heating, the resistance of the wire may 
be changed producing a shift of the null point. 

By adjusting rheostat Rh the null points should be obtained as far as 
possible, on the last wire of the potentiometer, so that a large value of lis 
obtained. This ensures greater accuracy. 

The instrument provides the most accurate method of determination of p. d. 
ore. m. f.. For example, if the p. d. between the ends of the wire be 1 volt, 
then since there are ten wires, each of length 1 metre, each mm corresponds to 
a drop of otyg Volt or 0:0001 volt, Thus e.m.f. can be measured correct 
upto fourth place of decimal, à 
This shows that to increase the accuracy of a potentiometer, the wire should 
be made as long as possible, This, however, involves two disadvantages : 
(i) the apparatus becomes very cumbersome to handle with and (ii) a very 
long wire of uniform cross-section is difficult to obtain. These difficulties are 
avoided in special types of potentiometer, e, g. Crompton Potentiometer. 


Due to similar reasons as mentioned in the case of a metre bridge a potentiometer also 


possesses end resistances which should be evaluated for very accurate work, This can be done 
as follows : j 


Let the end resistance be equal to the resistance of À cm of the potentiometer wire, Thus 
in each case A cm should be added to the balance length / cm, 


— eins 
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Let us take two cells of e. m fs, E; and Ey With the same current flowing through the 
potentiometer, let the balance lengths corresponding to them be /, and /, respectively. The 
cells are then connected in series and let the balance length for the combined e.m.f. ( E+E) 
be la. Then from eqn. (19:11), 


iR iR i 
B= h+ Behta, E+E ata) 
«dA A ETAST or, à=h—(h+h' 


(ii) Comparison of the e. m. fs. of two cells; The potentiometer can 
be used to compare the e. m. fs., say E, and E, of any two cells provided the 
e. m. f, of each is less than that of the driver cell E'. 


A storage cell E^, a rheostat Rh and a key K are joined in series and are 
then connected to the ends A, B of the 
potentiometer wire (Fig 19:8). The +ve 
terminals of the cells E, and E, whose 
e. m. fs, are to be compared are connec- 
ted to the same end A to which the +ve 
terminal of E' is also connected. Their 
negative terminals are joined to a two 
way key K,. The common point of the 
key is connected to the galvanometer G, 
the other terminal of the galvanometer being connected to the jockey J 
through the resistance box S. 


Fig. 19:8 


One of the cells, say Ej, is first brought into the circuit and the balance 
length /,is found out, Without changing the current in the potentiometer wire, 
the other cell E, is connected ‘into the circuit and the corresponding balance 
length /, is determined, 


Then if e be the potential drop per unit length of the potentiometer wire 
(produced by the driver cell), we have Ó 


E,—le and E, he 

RON A i. ; 
a roA ; (19:12) 

Hence the e. m. fs. of the two cells are compared, 

If the e.m.f, of one of them, say Ey, be known, then that of other can be 
determined. This method of measurement of e.m.f. is preferred to the one 
described previously. For very accurate measurement a standard cadmium cell 
of known e.m.f. (L01830V at 20°C) is employed. Ordinarily a Daniell cell 
3s used, 

Gii) Measurement of current: The method is essentially similar to that 
of comparison of two e.m.fs. described above. A small but accurately known 
resistance r is inserted in the circuit in which the current i is to be determined. 
The resistance should be so small that its introduction does not alter the value 
of the current to be measured. A potential drop ir is produced across the 
resistance r, This p. d. is compared with the known e.m.f. E of a cell in an 
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exactly similar way as above. The circuit is shown in Fig 19:9. The cell E 
may be a standard cadmium cell for accurate work. Otherwise a Daniell cell 
may be used, If /, and /, be the balance 
lengths corresponding to the p.d. ir and 
the e. m. f. E respectively, the current 
through the potentiometer wire being 
identical, then as before 


El, 
rn del T 19:13 
Fig, 19-9 . i rh ( ) 


Hence all other quantities being known, the current į is found out. 


The method is a very accurate one and currents of any large magnitude may 
be measured ; only the value of r is to be chosen properly so that the potential 
drop across it has a convenient measurable value, say of the order of 1 volt. 
This method is employed for calibration of an ammeter. Moreover, if the 
current i be known, then r can be determined. This provides the principle of 
measurement of resistances by a potentiometer, 


(iv) Measurement of large differences of potential; By the methods 
described before, potential differences of the order of 1 volt can be measured 
by a potentiometer, Very high p.ds. of the order of thousands of volt can also 
be measured by a potentiometer with the help of auxiliary resistances. 


The potential difference to be measured is applied across a resistance CD 
[Fig. 19:10] whose value is so large that the current taken by it from the source 
ofthe p.d. is as small as possible. The 
resistance is provided with suitable pol 
tapping points EG, etc. such that the PEIER 
resistances between one end, say C, and a 
the tapping points are small fractions, MAOA OAW OAW 
say qoroth, zigth etc., of the total |C F G E 
resistance, Such an arrangement is called 
a volt box. The potential difference 
between the end C and a suitable EU: A volt box 
tapping point say F, is then measured by the potentiometer by the usual 
method. The p.3. applied across the volt box may then bt obtained by multiply- 
ing the p.d. measured by the proper factor. 

An example is cited for better understanding of the above discussion. A 
volt box of resistance, say 20,000 Q, is connected across a high unknown p. d. 
to be measured. Let the resistance between C and F is y@,jth of the total 
resistance, The p.d. between C and Fis d.termined by the’ potentiometer to be 
1:5 volt, Hence, the p.d, which we want to measure is 1:5 x 1000—1500 volt. 

(v) Measurement of extremely small potential differences : A 
potentiometer is also employed for measurement of extremely small potential 
differences of the order of millivolts or less. In order to achieve such high 


~<—HIGH P. D. TO BE MEASURED 
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sensitivity, all that is done is to reduce the current through the potentiometer 
wire by connecting known large resistances in series with it. The total p.d. 
across the potentiometer wire is thereby reduced to a convenient small value 
comparable with the p.d. to be measured. 


We shall describe a simple method in which the e.m.f. of the driver cell E' 
must be accurately known. The circuit is shown in Fig. 19-11. A known 
large resistance R’ is connected in series with 
the potentiometer wire. Let E be the small 
unknown e.m.f, R the resistance of the 
potentiometer wire and L its length. The 
balance length / is found in the usual way. 
Let i be the current through the potentio- 
meter wire and e, the potential drop per 
unit length of it. Then 


i—E'[(R'--R) 


E' 

Total d cross the potentiomet =iR=——,R 

otal drop acro potentiometer wire=iR= RR 
E' R 


Hence e—EGRCL 


The e.m.f. E to be measured is then given by 
E'R 1 
R+R L 
Hence knowing other quantities, E can be determined. 


A better method, however, is to determine the value of E in comparison with 


the e.m.f. of a standard cell which being a bit complicated is left out of our 
discussion. 


E=le= (1914) 


The above discussion show the versatility and the consequent great advantage 
of the potentiometer. It can be employed for the measurement of e.m.f. over 
a very wide range—from thousands of volts down to a few millivolts. 


Example 19-7. A potentiometer is used to compare the e. m. fs of a 
Leclanche cell and a Daniell cell. The null points are found to lie at 50 cm and 
40 cm respectively from the end of the potentiometer wire connected to + ve 
terminals of the cells. Compare the e. . fs. of the cells. 


Solution: From eqn. (19°12) we have 


Eh 50 or, Ey: E=125: 1 


Example 19:8. A Daniell cell, a Leclanche cell and an accumulator are 
each in turn connected to a potentiometer. If the null points are respectively 
20:9 cm, 28:5 cm and 4L:8 cm from the high potential end of the wire, find the 
ratio of the e.m. fs. of the cells. If the em.f. of the accumulator is 2'2 volt, find 
that of the other two cells, 
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Solution : Extending eqn. (19:12) for three cells, we have 
E; : E, : Eyg—hibh:l209:285:418-11:15:22 
Now, E=2'2 volt. 
h424,209.. 4 
(gs 2X8 1*1 volt. 


Sei Betta 28/2... z 
and A EAA ET 5 volt; 


eet Eyes EX 


Example 19'9. 4 Leclanche cell of e.m-f. I'5 volt connected to a potentio- 
meter gives a null point at 250 cm from the high potential end of the wire. If the 
potentiometer wire be of length 400 cm and has a resistance of 6 ohm, find the 
current flowing in the wire. 

Solution: Here, E=1-5 volt, R=6 ohm, 7—400 cm and 1—250 cm. 

From eqn. (19:11), we have 


[s XD. or, i ye 0:4 amp. 


Example 19:10. 4 790 cm length of potentiometer wire balances the emf. 
of a cell on open circuit and a 175 cm length balances the potential difference 
between the terminals of the same cell when a conductor of resistance 15 ohm is 
connected between its terminals. Calculate the internal resistance of the cell. 

(Jt. Entrance '81] 
Solution: Let the e.m.f. of the cell be £ and its internal resistance be r. 
When the resistance of 15 ohm be connected to it, let the current flowing be i 
and the terminal p.d. of the cell be y. Then 

V=15i, E=(15+r)i 
In the first case, the e,m.f. of the cell and in the second case, the terminal p.d, 


of the cell is balanced by the potentiometer, the current through it obviously 
remaining the same. Therefore, 


Lm Ld or, 155r. 190 
V^ 175 ' C5 7 [75 


r=? ~ 1°29 ohm, 


@ EXERCISE @ 
[A] Essay type questions, 


1. Discuss the theory of Wheatstone's bridge of conductors for measuring the resistance in 
the laboratory, 


2. Apply Wheatstone Bridge principle for comparing resistances and explain why it is not 
applicable to the comparison of very high or Very low resistances, 

3. Describe the salient features of a P, O, Box. How can you employ it to measure an 
unknown resistance ? Discuss the precautions which ‘must be taken when making measure- 
ments with a P.O, Box. 
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4. Describe a metre bridge and state how it is used in measuring a resistance. Why the 
null point is adjusted to lie near the centre of the wire ? 

5. Deduce the working relation for a metre bridge. What are the different sources of 
error and how they are minimised ? 

6. Explain the Wheatstone Bridge principle with the help of a diagram 1H. S. °80, '82, '84] 

7. Explain the principle of the potentiometer, giving a diagram of the circuit used. How 
the e.m.f. of a cell is measured with a potentiometer ? 

8. How can you increase the accuracy of a potentiometer ? Describe the potentiometer 
method of measuring extremely small potential differences. Draw a relevant circuit diagram 
in support of your answer. 

9. Describe the potentiometer method of comparing the electromotive forces of two cells. 
Show how the method may be modified for the measurement of current through a resistance. 

10. (a) State some ways in which a potentiometer is superior to a voltmeter in the 
measurement of potential difference. In what respects is the voltmeter more desirable ? 
(b) Explain with diagram how @ potentiometer can be used to determine a large potential 
difference of the order of thousands of volts. 


[B] Short answer type questions, 


1. Does the balance condition of a Wheatstone’s Bridge alter if (a) the postiof of the 
galvanometer and the battery be interchanged? (b) a battery of larger e.m.f is used ? (c) a 
galvanometer of different resistance is used ? 

2. What type of cell is generally used in (a) P.O. Box (b) metre bridge. Explain. 

3, Give the wiring diagram of a metre bridge arrangement. { H. S. 78] 

4. While determining an uakaown resistance using a metre bridge, readings for the balance 
point are determined (i) using beth direct and reverse currents, and (ii) also with the positions 
of the known and unknown resistances interchanged. State the types of errors minimised by 
each of the above processes individually. ( Jt. Entrance '78 | 

5. The galvanometer, in a potentiometer experiment, is found to produce deflections 
in the same direction when connection is made at any point on the potentiometer wire. Explain 
the causes which would produce this effect. 

6. Drawa neat self-explanatory diagram of a circuit illustrating the determination of 
current flowing through a circuit by usinga standard low resistance, a standard cell and a 
simple potentiometer. 

What type of cell should be used for driving current through the potentiometer ? 

[ Jt. Entrance, *78 ) 

7. Answer the following questions with justification. 

(a) Use of a galvanometer isa must in experiments with a P. O. Box, metre bridge 
and potentiometer. Why? 

(b A variable resistance (rheostat) is always used in series with the driving cell and 
the potentiometer. Why? 

(c) Ahigh resistance is generally connected in series with the galvanometer in experi- 
ments using potentiometer. But when the null point is nearly located, the said resistance is 
made equal to zero. Why ? 

(d) During the experiment with a potentiometer, it is found that the null point is 
gradually drifting away from the end of the potentiometer to which the --ve terminal of the 
driving cell is connected. What does it indicate ? 

Guess the reason for which the reverse phenomenon may occur. 

(e) In the measurement of current by a potentiometer one should know the direction 
of flow of current. Why ? d 

(f) What are end resistances of a metre bridge and how do they arise ? 
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(g) How the end corrections of a metre bridge can be determined ? 

(h) A student reports that the result of his measurement of resistance by an ordinary 
P. O. Box is 112:25 ohm. Is the result true or a spurious one ? Explain your answer. 

(i By means of a P. O. Box, do you carry out an absolute determination of the value 
of an unknown resistance ? Explain your answer. 

(j) In operating a P.O. Box the battery key should be pressed first and then the 
galvanometer key. Why ? 

(k) What should be, in your opinion, the nature of the material of the wire of a 
metre bridge or a potentiometer ? Name one such material. 

(1) How can a metre bridge be used to determine the specific resistance of the material 
of a wire ? 

8. A cell of e.m.f. E volt is used to drive a current through a resistance of R ohm. It is 
desired to measure the potential drop across the wire accurately by means of a potentiometer. 
If the current through the potentiometer wire be driven by means of another identical cell, will 
it be possible to obtain the balance point'accurately ? If not, what would you do to perform 
the experiment sucessfully ? [ Jt. Entrance '83] 


{Cj Simple problems. 


1. A coil of unknown resistance S is being measured by a P. O. Box, The resistances in 
the ratie arms P and Q are 2 and 3 ohm respectively. The galvanometer reads zero when the 
resistance in the third arm Ris 10 ohm. Find S. 


If the e.m.f. of the cell be 2-1 volt and its internal resistance be 0:5 ohm, find the current 
drawn from the battery. { Ans. 15-ohm ; 045 amp] 
2. A wire of resistance 0-1 ohm/cm is bent to form a square ABCD of side 10 cm. A 
similar wire is connected between the corners B and D to form the diagonal BD. Find the 
effective resistance of this combination between the corners A and C. If a 2 volt battery of 
negligible internal resistance is connected across A and C, calculate the total power dissipated, 
(LLT.'71)[ Ans. i ohm, 4w]. 
3. A Wheatstone network ABCD contains equal resistances P in the arms 4B and CD and 
equal resistances Q in the arms AD and BC. A cell of e.m.f. 1 volt and negligible resistance 
is connected across AC. Calculate the potential difference between B and D. 
i fns. E A 


P+Q 

4. In an experiment using the Wheatstone bridge , the following data were obtained: At 
0°C, the bridge balanced for P=5 ohm, Q«25 ohm, R=8 ohm, The resistance in the fourth 
arm is heated to 60°C, whence balance was obtained for R=10 ohm, the resistances in the 
ratio arms remaining the same. Determine the temperature coefficient of resistance in thc 
fourth arm. [ Ans. 0:00417/^C ] 
5. Four resistances of 10, 100, 50 and 500 ohm respectively form the arms of a Wheat- 
stone's bridge. If the e.m.f. of the cell connected to the bridge be 2 volt, find the current in 
each arm. Neglect the internal resistance of the cell. [ Ans. 0:018 amp, 0:0036 amp ] 
6. Ina Wheatstone's network, the resistances P and'Q are nearly equal. When R=200 
ohm, the bridge is balanced. On interchanging P and Q, the value of Rfor balance is 204 
ohm. Calculate the value of S and the ratio P : Q. [ Ans. 2020hm,1:1:01] 
7. A metre bridge is employed to measure an unknown resistance X, which is inserted in 
the left gap. The resistance in the right gap is 7 ohm. The null point is obtained at a length 
of 30 cm of the bridge wire measured from its left end. Find Y. Where would the null point 
be if the resistances are interchanged ? { Ans. 3 ohm; 70cm ] 
8. The left-hand and right-hand gaps of a simple metre bridge contain resistances of 

4 ohm and 2 ohm respectively. When the 4 ohm resistance is shunted by a length of wire, the 
balance point is found to be at 60 cm from the left-hand end of the bridge wire. What is the 
resistance of the shunt ? [ Ans, 12 ohm] 
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9. Two unknown resistances are placed in the gaps of a metre bridge and the null-point is 
found to be 30 cm from one end of the wire. When one of the resistances is shunted with a 
21 chm coil, the aull-point is 20 cm from the same end. Find the value of each of the 
unknown resistances, [ Ans. 15 ohm; 35 ohm] 

10. Four resistances P, Q, R, S were balanced in a metre bridge as follows : 

(i) Pand Q in series in one arm, R and S in series in the other. 
(i) Pand Rin series in one arm, Q and S in series in the other. 
If /, and /, were the balance lengths in the two cases, show that 
100 ( R-Q ). 
CRQTRES 

11. An accumulator of e.m.f. 2 volt and negligible internal resistance is connected across a 
potentiometer wire of length 1000 cm and resistance 25 ohm. The positive terminal of a cell 
of e.m f. 1:5 volt is connected at the appropriate end of the wire and the other terminal of the 
cell is connected through a sensitive galvanometer to the sliding contact of the potentiometer. 
Find the length of the wire which will be required to produce zero deflection of the galvano- 
meter. ; 

What will be the balance length when a resistance of 5 ohm is connected in series with the 
accumulator ? (Ans. 750 cm ; 900 cm ] 


12. A Daniell cell connected to a potentiometer gives null-point at 360 cm from the end of 
the wire joined to the positive terminal of the cell. Find the position of the null point for an 
accumulator if the ratio of the e.m.f. of a Daniell cell to that of the accumulator is 1-08 : 2. 

[ Ans. 666:67 cm) 

13. The e.m.f. of a Daniell cell, a Leclanche cell and an accumulator are compared with 
the help of a potentiometer. The null points are found respectively at 231 cm, 315 cm and 
441 cm from the high potential end of the.wire. Find the ratio of the e.m.fs. of the cells, If 
the e.m.f. of the Leclanche cell be 1:5 volt, find that of other two cells, 

{ Ans. 11:15:21; 1-1 volt, 2-1 volt ] 

14. A potentiometer wire of length 100 cm has a resistance of 10 ohm. It is connected 
in series with a resistance and a cell of e.m.f. 2 volt and of negligible internal resistance. A 
source of e.m.f. 10 millivolt is balanced against a length of 40 cm of the potentiometer wire. 
What is the value of the external resistance ? (LLT.'76) [ Ans. 790 ohm ] 

15. A potentiometer consists of 10 wires, each of length 1 metre. A steady current is 
driven through it by an accumulator. The e.m.f. of a Daniell cell is found to be balanced 
against a length 840 cm of the potentiometer wire. The length of the potentiometer is now 
increased by 100 cm. Determine the new balance length. [Ans. 924cm] 

16. Three coils of resistances 1, 2 and 3 ohm are joined in series. They are connected to 
a battery of e.m.f. 3 volt and of negligible internal resistance. The terminals of another cell 
are now connected appropriately across the 2 ohm resistance. It is found that no change 
in the current through the resistances takes place. Find the e.m.f. of the second cell. 

{ Ans. 1 volt] 

17. A Daniell cell of e.m.f. 1-08 voit is connected to a potentiometer and gives a null 
point at 810 cm from the high potential end of the wire. If the potentiqmeter wire be of length 


10 metre and has a resistance of 12 ohm, find the current flowing in the wire. 
[ Ans. 0-11 amp] 


bohm 


[D] Harder Problems. 

1. P,Q, R and S are the resistances of four arms of a Wheatstone Bridge network. 
P and Q are the ratio arms, R and SS are the third and the fourth arm respectively. A balance 
is obtained when S is shunted with a resistance of 380 ohm. When P and Q are interchanged 
the balance is restored by altering the shunt across S to 530 ohm. If $220 ohm, find the 
resistance R and the ratio P/Q. [Ans. R=1914 Q ; P[Q—1:007] 
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2. ABCD is a square of side x cm and is made of wire of resistance p oóhm/cm, The 
corners A, Cand B,D are joined by similar wires. Prove that the effective resistance of 
the circuit between the corners A and C is (2— ./2)xp ohm. 

3. Two coils 4 and B, which are both immersed in the same oil bath, are connected 
respectively in the left and right-hand gap of a metre bridge. When the temperature of the 
oil bath is 0°C, the null point is obtained at 45 cm from the left hand end of the bridge 
wire. The temperature of the bath is then raised so that finally the null point moved 11 cm 
to the right. Find the final temperature of the bath. Given, temperature coefficient of 
resistance of 4—6:4 x 10-3/°C and that of B=1-610-3/°C. [Ans. 142°C] 

4. Three of the resistances in a Wheatstone net are of value 10:00 ohm. The fourth 
resistance X is shunted by a wire of length 1000 cm and cross-sectional area 1:00 mm*. The 
resistivity of the material of the wire at 0°C is 6:0x 10-5 ohm-cm and its temperature coefficient 
of resistance is 5:0x10-3 deg-1C. This wire is heated until, at 200°C, the bridge balances. 
What is the value of X? (The effects of thermal expansion may be neglected) (London) 


[Ans. 60 ohm] 
5. A metre bridge is balanced with a piece of aluminium wire of resistance 7-30 ohm in 
the left-hand gap, the slide contact being 42-6 cm from the left-hand end of the bridge wire 
and the temperature 17°C. If the temperature of the aluminium wire is raised to 57°C, how 
may the balance be restored (a) by adjusting the slide contact, (b) by keeping the contact 
at 42:6 cm and connecting a conductor in parallel with the aluminium wire? (The temperature 
coefficient of resistance for aluminium may be taken as 3-8 x 10-9 deg-1C.) 
(London) [Ans. New balance length 45-89 cm ; 58:43 olim] 
6. In a potentiometer experiment, it is found that the balance length for a cell is 520 cm. 
If the cellis shunted by a resistance of 5 ohm, the new balance leagth is 400 cm. Find the 
internal resistance of the cell. [dns. 1:5 ohm] 
7. A cell is balanced against the fall of potential along 120 cm of a potentiometer wire. 
When the terminals of the cell are connected by an accurate voltmeter of resistance 100 ohm, 
the voltmeter reads 1-21 volt and the cell balances against 110 cm of the wire. Account for 
the difference in the balancing lengths and find the internal resistance and the e.m.f. 


of the cell. (London) [Ans. 94, ohm, 1:32 volt] 


20 HEATING EFFECT OF CURRENT: 
dito. THERMOELECTRICITY 


20:1. Heating effect of current. 


It is a fact of everyday experience that the passage of an electric current 
through a conductor is always associated with the generation of heat. Many 
useful devices such as electric bulb, electric iron, electric heater etc. utilise the 
effect. Conversely, the effect is completely undesirable in many other cases, for 
example, in electrical machineries like dynamo, transformer etc. 

As an electric current flows through a conductor, it must overcome the 
resistance of the conductor. Some energy of the current is expénded in this 
process and gets transformed into heat obeying the law of conservation of 
energy. This provides a very simple explanation of the effect. 

202. Joule’s law. 


From a series of experiments, the famous English physicist James Prescott 
Joule formulated three laws which give quantitatively the amount of heat 
developed in a conductor when a current is flowing through it, These can be 
stated as follows : 

(i) The amount of heat generated in a conductor in a given interval of time 
is directly proportional to the square of the current through it, 

ie. H cc i2, when R and t are constants. 

(ii) The amount of heat generated by a given current in a particular interval 
of time is directly proportional to the resistance of the conductor, 

Le. Hoc R, when i and : are constants. ; 

(iii) The amount of heat produced in a conductor by a given current is 
directly proportional to the time of flow of the current, 

ie. H oc t, when i and R are constants. 

H c i?Rt 
or, H-ki*Rt e (20-1) 
where k is the constant of proportionality. Its value depends upon the units in 
which the different quantities in the above equation are expressed. We shall see 
in the next section that k is the reciprocal of the mechanical equivalent of heat, J. 

If H is expressed in calorie, i in ampere, R in ohm and tin second, then the 
value of k comes out to be equal to 0:24. Hence 


H-—024i*Rt o aa a) 
If V be the potential difference across the conductor in volt, then V=i o: 
H—074 Vit e or) 
Ve 
=0 M 


Equations 20:2, 20:3 and 204 express Joule's law in different forms. 
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We should note that the constant k is not a pure number but has the definite 
dimension. Since, 

1 coulomb=1 ampere x 1 sec and 1joule—1 voltx1 coulomb, hence from 
eqn. 20:3, we find that the unit of & is calorie/joule. : 

Now as the heat produced is proportional to the square of the current, it is 
independent of the direction of flow of current. The Joule heating is therefore 
an irreversible process. If a current flowing through a conductor is reversed in 
direction, it will produce the same heating effect. We know that resistance of 
a conductor is directly proportional to its length and inversely to its cross- 
section, When this fact is combined with Joule's law, we can reach the follow- 
ing conclusions that (i) for a particular wire, the heat produced is directly 
proportional to its length ; longer the wire, greater will be the heat produced 
and (ii) for the same length and material, heat produced is inversely propor- 
tional to the cross-section ; thinner the wire, greater will be the heat produced, 


20:3, Electric Energy : Deduction of Joule's Law. 


We know that when electric charges are moved from place to place through 
a difference of potential, work must be done in the process. Ifa positive charge 
is transferred from a place at higher potential to one at a lower potential, work 
is done by the electric field itself and energy is liberated. Hence a flow of 
current is always associated with a liberation of energy. 

Let us consider a source of e.m.f. connected to an apparatus A through 
which a current 7 is flowing [Fig. 20:1]. Let the potential difference between 
the terminals C and D of A be V. Now the current 
strength gives the rate of flow of charge. Soina 
time interval t, a quantity of charge Q=it enters 
the apparatus through the terminal C and leaves at 
the terminal D. The charge Q is thus transferred 
through a difference of potential V and the work 
done in this process is liberated as energy. From 
definition, the p.d. V is the work done in taking 
unit charge from C to D. Hence the electrical 
energy released is given by 

W-QV-Vit £3 (2075) 

If V is in volt and i in ampere, the energy W is expressed in joule. If V and 
i are expressed in C.G.S. unit, then W is obtained in erg. . 

This energy is converted into other forms of energy with the help of different 
kinds of the apparatus 4. If Ais an electric fan, most of the energy W is 
transformed into mechanical energy and the remainder is converted into heat. 
If A is an electric horn, most of the energy Wis converted into sound energy, 
the remaining part being transformed into heat. 

Joule’s Law: If A simply represents a resistance, then all the energy W is 
converted into heat, From the first law of thermodynamics, we know that the 
quantity of heat produced, H is proportional to the energy expended, i.e. 

W=JH 


Fig. 20-1 
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where the proportionality factor J is called the mechanical equivalent of heat. 
The value of J is 4-2 joule/calorie or 4-2 x 107 erg/calorie. 
Hence the heat developed in a resistance is given by 


— sd bt (20:6) 
which is Joule's law, 
If V, i and R are expressed in volt, ampere and ohm respectively and ¢ is in 
second, then the above expression takes the form 
= -024 Vit cal and HER 934 i* Rt cal. 
We thus see that the constant k introduced in the previous section is simply 
the reciprocal of the mechanical equivalent of heat, J. 


20:4. Experimental verification of Joule's law. 


The experimental verification of Joule's law can be carried out with the help 
of a Joule's calorimeter (C). This is a modified form of an ordinary calori- 
meter [Fig. 20-2]. Its lid made of an insulating substance like ebonite, has two 
holes through which a thermometer T and a stirrer S can be admitted, A heating 
coil W is kept inside the calorimeter. It is made of nichrome or constantan 
having low temperature coefficient of resistance. The free ends of the coil are 
soldered to two binding screws (B, B) fitted on the lid. To- minimise the loss of 
heat, the calorimeter is lagged as usual (not shown in the fig.) 


Fig. 20-2 : Joule's calorimeter Fig. 20:3 

The electrical connections are made as shown in the Fig. 20:3. Battery E, 
key K, ammeter A, rheostat Rh and heating coil W are connected in series. By 
adjusting the rheostat, the current through the heating coil can be changed, the 
current value being indicated by the ammeter A. : ; i 

(i) To verify that H oc i? : Some oil is poured into the calorimeter and its 
temperature is noted. A suitable current say ij, is then sent through the liquid 
for a chosen interval of time, say 5 minute. All the while the liquid should be 
stirred briskly, Care should be taken to note that the current remains constant 
during the interval. The current is noted from the ammeter. The time interval 
is measured by a stop watch. The rise in temperature, say 6, of the calorimeter 
and its contents is noted from the thermometer. 
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The calorimeter and its contents are then allowed to cool down to approxi- 
mately the same temperature as at the begining of the experiment. The experi- 
ment is then repeated with a different current, say ip flowing for exactly the 
same time as before. Let the rise in temperature this time be 0,. Then it will 
be found that Qh 

0, is? 

Now if H, and H, be the heat produced in the two cases, then since the rise 

in temperature is proportional to the heat produced, we have 
Hy _% bs H, i? i e H oc i? 
H, 6, PPS .e. 

(ii) To verify that H cc R: Two heating coils having different resistances 
R, and R, are taken. The experiment is first performed with one of the coils, 
say R,. A suitable current is sent through it for a certain interval of time and 
the rise in temperature, say 0,, of the calorimeter and its contents is noted. The 
first coil is then replaced by the second one. The current is adjusted to be the 
same by means of the rheostat Rh. The same current is then sent for the same 
interval of time producing a temperature rise of 6, which is noted, It will be 


found that ^1. 


0, Re 
; Hy: 6; H, R $ 
Since  —1—1 hence “1-4 TT 
Fy 6 e; Hy Ra ie, Hœ R 


Gii) So verify that H cc t: The experimental arrangement is made as in 
experiment (i) above. The same current is sent for two different intervals of 
time, say f, and ¢,, and the rise in temperature, 0, and 0, respectively are noted. 
It will be seen that 915 Hence, Mia's 

Oa te Oi: PER 

In all the above experiments, error due to heat lost (by radiation etc.) from 
the calorimeter creeps in, For accurate work this must be taken into account. 
205. Determination of ‘J’ by electrical method, 

(1) The simple method by using a Joule's calorimeter : 

A Joule’s calorimeter (for description see the previous section) is taken and 
throughly cleaned and dried. Its mass with the stirrer is determined. Some 

E Rh K quantity of oil, sufficient to immerse the heating 
coil when the lid is in position, is takem 
in the calorimeter. The mass of the oil is 
measured. 

The apparatus is set up and the circuit is 
made as shown in the Fig. 20-4. The heating 
coil W, an ammeter A, a battery E, a rheostat 
Rh and a key K aré connected in series. A 
voltmeter V is connected in parallel to the 
heating coil. 

On closing the key for a short interval of 
time, the current through the heating coil is 


ie. Hot 


Fig. 20-4 
adjusted to a suitable value by means of the rheostat Rh. The key is opened 
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and after thorough stirring of the oil, its initial temperature is noted from the 
thermometer. The key is closed again and a Stop watch is started simultaneously. 
The,ammeter and voltmeter readings are observed, The oil is stirred continually 
and after a certain interval of time, which is read off from the stop watch, 
the circuit is broken, The final maximum value of temperature is noted. 

Now, let V be the p.d. in volts between the ends of the coil and i the current 
in amperes flowing through it for ¢ sec, Then the heat generated in the coil is 


given by =m cal 


where J is the mechanical equivalent of heat expressed in joule/cak 
Now, let the mass of the empty calorimeter with stirrer be M gm and that 
of the oil taken be m gm. Let specific heat of the material of the calorimeter 
and stirrer— S and that of the oil=s ; initial temperature of the calorimeter and 
its contents=6,°C and final temperature after the passage of current— 0,?C. 
Hence, assuming that the heat generated in the coil is completely absorbed 
by the calorimeter and its contents, 


H—(MS--ms)(0;—6,) cal 


Hence Vt —(MS+ms\(,—@) Ee joulejcal ... (20:7) 


I= GS ms 9,9) 

The experiment can also be performed with alternating current. Care should 
be taken that the thermometer bulb and the heating coil remain completely 
immersed in oil but do not touch each other or the wall of the calorimeter. 

Sources of Error: (i) Thelargest source of inaccuracy in this experiment 
is the heat loss from the calorimeter. A rough estimate of this may be made by 
the application of Newton's law of cooling ; the correction term is added to the 
final temperature. (ii) Water equivalent of the calorimeter and stirrer can not 
be ascertained very accurately. (iii) Some heat is absorbed by the coil and 
the thermometer. (iv) The temperature rises continually and hence the final 
temperature can not be determined with a high degree of accuracy. (v) Lastly, 
the resistance of the heating coil changes with temperature. Hence it is 
impossible to keep both V and i perfectly constant during the experiment. 


(2) Callender and Barnes continuous flow method : : 

A very accurate electrical method for the determination of J was devised by 
Callendar and Barnes, This method is free from the various errors inherent in 
the previous one. A long 
resistance spiral R is 
enclosed in a glass tube 
AB through which water 
is made to flow at a 
Steady rate ([Fig. 20:5]. 
A constant current is sent 
through R from a suitable Fig. 20-5 : Callender and Barnes apparatus 
supply (not shown). The i 
water gets heated as it flows through AB ; the temperature increases along the 
length of AB, The inlet and outlet temperatures of the water are measured by 

/ 
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the thermometers T, and Tẹ. To minimise the heat loss, the tube AB is surroun- 

ded by a glass jacket V, the intervening space being exhausted. To maintain 

the heat loss at a steady value, this is again surrounded by a water jackgt W 
' at a constant temperature. 

As the water flows steadily through the tube, after some time, it is found 
that the temperatures at the inlet and outlet become constant. This is "known 
as the steady condition, Then obviously the temperatures at every part of the 
tube AB assume constant values, Thus at the steady state, no heat is being 
absorbed by the apparatus. The heat evolved is utilised in raising the tempera- 
ture of the flowing water and a small amount is lost by radiation etc. Hence, at 
the steady state 


Rate of supply _ Rate of gain of x Rate of heat lost 
of heat = heat by water by radiation 


The following measurements are then made : 

(a) The current į flowing through R is measured by a potentiometer with 
the help of a standard cell and a standard small resistance connected in series 
with R. 

(b) The p.d. V across R is also determined by a potentiometer by compari- 
son with a standard cell, 

(c) The mass m of water flowing per second through AB. 

(d) The temperature 0, and 6, of the ingoing and outgoing water is indicated 
by the thermometers T, and T}. 

Now, heat produced per second in the coil= 5 

Heat gained per second by the flowing water—7(0,—6,), the specific heat of 
water being taken to be unity. 


Thus if H be the heat lost per second, then 
Vi=m0y—0,)+ H za " (20:8) 


. If H is neglected, J can be calculated from this equation. 

It is not necessary, however, to neglect H. It can be eliminated, if the 
experiment is repeated with a different current through the coil The rate of 
flow of water, should however, be so adjusted that the temperatures indicated 
by T, and T, are the same as before. The value of H then remains the same. 
If the new values of current, p.d. across R, and the mass of water flowing pet 
second be i’, V' and m' respectively, then 


V' ; . 
“g =m Cx—9,) +H 
su soe oe Vi- V'i’ P 
Eliminating H, we get re EESTE Y(85—6,) 
Vi—V'i' x 
or, ER (Umi AG i 
nm, 0) joule/cal a oo 20M) 


All the quantities in the r.h.s. are measured with a high degree of accuracy. 
Hence a very accurate value of J is obtained. 
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20:6. Principle of least heat, 


In an electrical circuit when a current gets divided into a number of branches, 
it does so in such a way that the heating effect is a minimum, This is called the 
principle of least heat. 

We shall prove the validity of the principle for the simple case of two 
resistances R, and R, connected in parallel. An elementary knowledge of 
calculus will be necessary. Let i, and i, be the currents through R, and R, 
respectively and i be the total current, Obviously j=i,+%,, Then for an 
interval of time t, heat produced is given by 


H= i? Ry + I Rat == iR + (i- n) Ryu 


If this is a minimum, then dH o, Hence, 


di, 
0—2j Rt —2(i— ij) Rat or, iR,—-(i—&4)R,—-RR, ^ or RiRj—hli 
We know that this relation is satisfied by i, and i, Hence the current 
divides in such a way that the heat produced is a minimum, 
207. Power. 
Power is the rate of doing work or rate of expenditure of energy. [See also 
vol I. Art. 7°14]. Hence if W be the energy expended in time /, then the result- 


ing power pale. From egn. (20°5), W=Vit. 


P=Vi P tx (20:10) 

For a resistive circuit, the expression for W can also be written as WW —i?Rt 
ER 2C pepe us 24 20-11 

Or, ost A ol qr. ( ) 


The practicai unit of power is called the watt (w) which is defined as the rate 

of expenditure of energy at 1 joule per second. From eqn. (20-10), we see that 
watt—volt x ampere 

Hence, a watt may also be dejined as the power expended when a current of 
one ampere flows through a p.d. of one volt. 

A large unit of power, the kilowatt (kw) is often used. 1 kw— 1000 watt. 
Horse power (h.p.) is also used as a unit of power. 1 h.p.=746 watt. 

Other units of electric energy: From the concept of power, some 
commonly used units of electric energy are defined. 

One watt-hour is the electrical energy supplied to an apparatus in one hour 
when its power is one watt. 

watt-hour — watt x hour—volt x ampere x hour 
As 1 joule=1 watt x 1 sec -. 1 watt-hour —3600 joule. 
For commercial purposes, a still larger unit called the kilowatt-hour is used, 


One kilowatt-hour (kwh) is the energy supplied to an apparatus is one hour when 
its power is one kilowatt. Indeed, this unit of energy has been chosen as the 
legal unit by the Board of Trade for commercial purposes. It is; therefore, also 


PJU /28 
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calice the Board o1 Trade Unit (B.O.T. Unit) So from the above dcfinition, 
we nave 
1 kilowatt-hour — 1000 watt-hour —3:6 x 10° joule— 8:6 x 10? calorie 
No. of watt-hour _ volt x ampere ~ hour 
No. of kwh —— 000 z OS TOT Xam E 
Efficiency : When we supply electric energy to an apparatus we usually get 
back energy in some other form. But the energy obtained is never equal to the 
energy supplied. Some amount is always lost. This leads to the concept of the 
efficiency of an apparatus. This is defined as 
power (or energy) obtained from the apparatus 
power (or energy) supplied to the apparatus 


Efficiency of an apparatus= 


When this ratio is multiplied by 100, the result is efficiency cxpressed as 
percentage. 


20:8. Application of heating efect, 


The heating effect of current has found its use in many practical appliances, 
some of which are discussed below : 

(i) Electric heaters: In such appliances a relatively large current is sent 
through a coil of wires or strips of nichrome, an alloy of nickel, chromium and 
iron. This is called the heating element. The Joule heating produced raises 
its temperature to red hot. The heating element is wound on mica or fire-clay. 
{hese materials can withstand heat and also serve as electrical insulators. 

Nichrome is used in the heating element for the reason that it has a high 
specific resistance and does not melt or gets oxidised when red hot. 

Different household appliances e.g. electric flat-iron, electric kettle, coffee 
percolator, bread toaster, electric oven Vic. work in the above principle. 

(ii) Electric incandescent lamps: An electric incandescent lamp, ordinarily 
called an electric bulb, contains a wire, that becomes white-hot or incandescent 
when current flows through it. The wire, called the filament, is placed inside a 
sealed bulb of glass. The filament consists of a very fine but uniform wire of 
tungsten, usually wound in a close-spiral. Air is pumped out of the bulb or is 
replaced by some inactive gas such as nitrogen or argon. The former type is 
known as the vacuum lamp while the letter is called the gas-filled lamp. The 
temperature of the filament can be raised to about 2100°C in the vacuum lamp ; 
in a gas-filled lamp, temperature as high as about 2700°C can be achieved with 
safety. The latter, therefore, emits a more powerful light and hence possesses 
greater efficiency. Moreover, a gas-filled lamp is found to last longer. 


Gii) Safety fuse: It is a safety device that melts and automatically breaks 
a circuit when an overload occurs, By overload we mean a condition when 
larger current flows through a circuit than it is designed to carry. This may 
occur by a short circuit or by putting too many appliances in the circuit. Over- 
loads are dangerous in many circuits. Excessive heating produced due to larger 
flow of current may melt the wires in the circuit and may even set fire to any 
~aighbouriag inflammable material. 
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The safety fuse consists of a short piece of wire of an alloy of tin and lead 
that has a low melting point. It is connected to the circuit in series, so that 
when an overload occurs, the large current flowing melts the fuse wire before 
the other conductors in the circuit become dangerously hot. A fuse is always 
encased in boxes of fire-proof material, usually glazed porcelin. 

(iv) Hot-wire ammeters and voltmeters: Heating effect of current is utilised 
in the measurement of the strength of an unknown current. Such an instrument 
is called a hot-wire ammeter. This may be converted into a hot-wire voltmeter 
by conrecting a high resistance in series with it (vide Art. 22°19). As the heating 
effect of current is proportional to the square of the current, such instruments 
can be used both on D.C. and A.C. 

(V) Other uses: Heatjng effect of current is also utilised in the construction 
of many other appliances such as electric furnaces, electric arc lamps etc., 
Electric welcing is also made possible due to this effect. 

Example 20:1. Ax electric stove is required to produce 22,000 calorie of 
heat per minute, and is to be used on the 220 volt mains. What must be the 
resistance of its heating element ? 

Solution: Here H=22000 cal and t—1 min—60 sec. 


22000—0:24x 220X 20x60. 


R=231:68 ohm. 


Example 20:2. 4 switch board voltmeter of resistance 2500 ohm is connected 
across the 250 volt mains. How much energy is consumed per hour in the 
volimeter ? 


; V? 250x250. o. 
Solution : P- "R^ 230 — 25 joule/sec, 


Energy consumed per hr=25 x 60 x 60—9 x 10* joule, 


Example 20-3. A light blub is rated 100 w at 220 V. Find (a) the current 
in the bulb, (b) the resistance of the bulb, (c) the electrical energy consumed by 
the bulb in one hour, (d) the heat in calorie produced in the bulb in one hour. 

Solution: (a) Watt=volt x ampere 

<. Current, FI =r; amp. 
(b) Rahm? x 11=484 ohm. 
i 


(c) Electric energy consumed by the lamp in 1 hr 
—100 watt x 1 hr=100 watt-hr. 
(d) Heat produced in calorie in one hr 
H=0:24 Vit 
—0:24 x 100 x 60 x 60 cal=86400 cal. 
is Vi-100 watt & t=1 hr=-60 x 60 sec] 


Example 20:4, 4n electric iron used on a 110 volt mains takes.a current of 


5 ampere. What is the resistance ef the iron and how mueh heat is generated 
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per second? How might this iron be adopted to generate the same umount of 
heat per second on a 220 volt mains ? (Given 4'2 joule—1 calorie) 


Solution: Resistance of the iron, Re -22 ohm. 
1 h 
Vs 110x5_ 
Heat produced per sec, AO Td» bos cals 
: _VeXig__220x i, L 
In the second case, H= eee 42% 
ait or, i,—2:5 amp. 
Ui PUR de a ERO 
Bern 5.5 =88 ohm. ^m 4/1 


Thus the iron should possess resistance 4 times as great. 


Example 20:5. An electric kettle of resistance 1002 and water equivalent 
100 gm is connected to a 200 volt mains. It takes 21 min for the kettle to 
raise 1200 gm water from 20°C to boiling point 100°C. What percentage of the 
heat generated in the kettle is wasted ? (Given J=4-2x 10? erg per caiorie) 


Solution: Heat developed in 21 min is H,—0:24 x Er 
o e x 60 — 120960 cal. 


Heat required to raise the kettle and the containing water from 20°C to 
100°C is H, (1200. - 100)(100— 20) — 104000 cal. 
Heat wasted —120960— 104000 — {6650 cal. 


16960 
120960 * 100—149, (nearly). 


Example 20:6. An electric kettle has two coils. When one of them is 

switched on, the water in the kettle boils in 12 min. When the other is switched 

on, the water boils in 24 min. In how many minutes will the water boil if both 
coils are connected (a) in series, (b) in parallel ? 


The required perceniage—— — — 


Solution : ae -024x Lx x12x60 bee (1) 
1 
H 024 x x 24x60 s (2) 
2 
R,-2R, 
(a) For series connection, R= Ry+ Ra== Ry +2R,=3R, 
Va 
024 x 
H x 3R” a a (3) 
Equating (3) with (1), 1-36 min. 
j ; RRi _2R 
b) For parallel connection, R=- —-^/u 
bikin ci i Res 
0:24x V*x3xt 
DE raids Sav aO 
2n; s (4) 


Equating (4) with (I), r=8 min. 
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example 20-7. An ice box containing ice at 0°C contains an heating 


arrangement which consists of 4 resistance 24 A 

coils arranged as shown in the figure. a " Ae 

[he said arrangement draws a current of >< pe > 
19 amp. How much ice must be put in nr Ww 


the box every 4 min to keep the average 244. 120a. 


quantity of ice in the box constant ? (Given, latent heat of ice=80 cal/gm) 
Solution : Equivalent resistance of the set containing two 24 ohm 


resistances in parallel is $4%24=12 ohm. Again equivalent resistance of the 


set containing 40 ohm and 120 ohm resistances in parallel is 4911$9—30 ohm. 
Total effective resistance = 12--30--42 ohm. 
Heat produced in the resistances in 4 min is given by, 


H ZORI (10)? x 42x4x 60 24x 10? cal. 


42 42 
Let » be the mass of ice in gm melted by the heat produced in resistances 
in 4 min. then m x 80 —24 x 104 


m=3 x 108 gm=3 kg. 
Example 20:8. What is the resistance of a 220 volt 40 watt lamp? What 
current does it take and how long will it burn for one rupee, with electrical energy 
at 25 paise per kilowatt-hr ? 


Solution: Power, P= Aa Ey 40...220 x 220 
R R 
A LEV 2922052 
whence R=1210 ohm. Current i= 21010711 amp. 


Let the lamp burn for ; hr for one rupee at the said rate. 
Electrical energy consumed by the lamp in ¢ hr 
A 40t p : 
-=407 watt-hr —1000 kilowatt-hr 
Cost of the energy consumed =, x25 paise 
z 40r ag i — 100 h: 
By question, 1000 X 25—100 ; whence t ra 


which when hot has a resistance 20 ohm, 


Example 20:9. An electric radiator, 
w? If one B.O.T. 


is used on a 200 volt circuit. How much current does it dra 
unit costs 27 paise, what will be the cost of using it for 3 hr ? 


Solution : i757 55 =10 amp. 


Energy consumed in 3 hr=200x 10x 3—6 x 10° watt-hr 


6 x: 109 7 ; 
= 4087 -=6 B.O.T. unit 


The required cost-=6 x 27 — Rs. 1:62. 
Example 20:10. What is the resistance of a 30 watt lamp in use on (a) a 
120 volt supply, (b) a 240 volt supply ? (c) What would be the cost of running 
eight such lamps in parallel on a 120 volt supply for 5 hr, if the price of electric 


supply is 25 paise per kilowatt-hr ? 
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Solution : (a) From eqn. (20:11) we have 
VS 120x120 - 


RM IM IA —480 ohm. 
. V2 240x240 . 
(b) R= posce 1920 ohm. 


(c) The equivalent resistance for 8 lamps each of 480 ohm connected in 
parallel, R—*$9—60 ohm. 


aem vH 
RED: =2 amp 
Power P—Vxi-120x 2—240 watt. 
240 


Electrical energy consumed 7-7, x 5=1:2 kilowatt-hr. 


The required cost— 1:2 x 25— 30 paise. 


Example 20:11. An electric kettle of water equivalent -100 gm is rated 
Ikw at 220 volt. Calculate the time required to boil 17 litre of water from 
20°C assuming that 60 percent of heat generated goes into water. Calculate also 
the cost of electrical energy consumed if 1 B.O.T. unit is charged at 36 paise. 


Solution: Heat produced per second = 190.240 cal. 


But only 60% heat goes to water, and hence the amount of heat received by 
water per sec—240 x 44$, — 144 cal. 
Heat required to boil water in the kettle from 20°C 
—(17004- 100)(100— 20)— 1800 x 80 cal. 
Let the time required to raise water at 20°C to its boiling point be ¢ sec. 
144t—1800 x 80 or, t=1000 sec— 4 hr. 
The electrical energy consumed —1 kw x 4 hrz4 kwh=,', B.O.T. unit. 
Cost of electricity consumption —45; x 36==10 paise. 


Example 20312. Two wires marked 1 and 2 have same length and cross- 
section but wire 1 has specific resistance eight times than that of wire 2. What is 
the ratio of heat generated in the respective wire (f (a) the wires are connected in 
series to a source of electric supply at constant voltage ? (b) the wires are 
connected in parallel to the same source? (c) Also compare the values of the 
total heat generated in the above two cases. 


l 
Solution : R=p4 3 Rp 


RiP g. <a 
Ragn8s R=8R, 


(a) When the wires are joined in series, the same current, say i, flows 
through each of them, 
Heat generated in R, in time f sec, H,—0:24i? Rt —0-24/*8R,r 
and heat generated in R, in time t sec, H,--0:24j2 Rat 
H 1* H,=8 dui 
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(b) When the wires are joined in parallel the same voltage, say V, acts 
across each of them. 
y* 
sp! 


<. Heat generated in R, in time t sec, H,—024V*,—024 
R 8R, 


and heat generated in R, in time ¢ sec, H,-024P 
i] 


igs es 
(c) Here, both the series and parallel combinations are joined in turn to 
the same source having voltage V. 
The equivalent resistance of the series combination, 
Rs=Rı+ R:=9R; 
and the equivalent resistance of the parallel combination, 
RiRs 8R? p 


Total heat developed in the series combination in time ¢ sec, 
y? 
H,=0'24 x — 
s x R xt 


s 
and total heat developed in the parallel combination in time 1 sec. is 
ICD "Cabs 
-—04x— xt 
Hp Rp 
Hg: Hp—Rp: Rg-—8 ESI 


Example 22-13 — 4 certain quantity of water in an electric kettle begins to 
hoii 15 min after the kettie is switched on. The heating element consists of 
a coil of wire 5m long. By how much should the length of the heating element 
be increased or decreased in order that the same quantity of water in the kettle 
begins to boil 12 min after the kettle is switched on? Neglect heat loss to the 
surroundings. (Jt. Entrance ’83} 

Solution: As the same quantity of water is boiled, the heat supplied is 
the same in both the cases. Let Rj, Re be the resistances of the heating element 
and 1,, t be the time required foz the water to boil in the two cases respectively. 
Then 


Ri Rs 


R a De 
Let p be the specific resistance of the material ofthe heating element, A bt 
its cross-section. If / be the length of the heating element in the second casc 


then 


5 M 
Ripa Rs P4 
Rei atest or, =4m 
Ras qr E 5 


Hence the leugth of the heating element musi be shortened 'by (5—4)—1 m. 
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Example 20-14. In the circuit Shown below the 5 ohm resistance develops 
10°24 calorie/sec due to the current flowing through it. Calculate (i) the heat 
developed per second in the 2 ohm resistance (ii) the potential difference across 


the 6 ohm resistance. U. I. T. 74] 
Solution : Let the current through the 2 ohm 64. On 
resistance be i amp. Then from eqn. (18:28), WWW 
the current through the 5 ohm resistance y r 
6+9 hd " n 5a. 

Bese? ee oe par TEM 

and the current through the 6 ohm resistance, Le, through the other branch 
2 i 


IU a LUE Ta 
() Now, heat developed per second in the 5 ohm resistance is | 


3? D 210-24 42x16 
4l X5x 1,7104 cal or, p MX PX IE 


So, heat developed per second in the 2 ohm resistance 
.Px2 1024x42x16x 2 
mE a eee 1 28 cal. 

(i) P.D. across the 6 ohm resistance 


FORM e 1024x42x16 . 
4x65 2 pa oe 87 volt. 


Example 20-15, 4 fuse made of lead wire has an area of cross-section 
0:2 sq mm. On short circuitin, : the current im the Juse wire reaches 30 amp. 
How long after the short-circuiting will the fuse begin to melt ? 

For lead, specific heat—0:032 cal/gm deg, melting point-=327°C, density = 
11°34 gin/cm and the resistivity —22 x 10-5 ohm-cm, Initial temperature of the 
wire is 20°C. Neglect ho losses. [J. I. T. 76] 

Solution: Let the length of the fuse wire be/cm. Hence its resistance is 

I Sa 
r=p7=22x 10 "0:003 ohm 


If the fuse begins to melt ¢ Sec after the short- 
in this time 


circuiting, then heat produced 
= 30? x 22 x 10-8 x Ix ; cal 
0000x42 — 

This must be equal to the heat required to ra 
fuse wire to its melting point. Now, heat required 
327°C=ms0=0-002 x 1x 1 L:34x 0:032 x (327—20) 

900 x22 10-8 x]1x; - ‘ j à 
— 0002x432 70:002 x 1x 11-34 x 9:032 x 307 
Or, 1-—0-095 sec. 

Example 20:16. There are three 60w and iwo 10 

fans in a house. If they are run simultaneously by a. supply voltage of 200 volt, 


ise the temperature of the 
to raise the temperature to 


a day and each of the fans 15 hours a day, what will be the cost per month ? 
(1 month=30 days, cost for 1 B.O.T. unit=50 paise) (Jt. Entrance *82| 


‘ 
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Solution : Total wattage =-3 x 60-i-2 x 100+3 x 40—500 watt 
watt= voltage x current <. 500—200i 
where i is the current in ampere drawn from the supply. 
SO 25 amp. 

Total energy consumed every day—(180-4-200) x 5+ 120 x 15 

-=3700 watt-hour 
"m in a month —3700 x 30 watt-hour 

-=111 kwh (or B.O.T. unit) 
Cost per month == 111 x 50 paise Rs. 35:05. 


THERMOELECTRICITY 


20:9. Thermo-electric effect. 


» ” 


The Joule heating produced by an electric current is an irreversible effect, 
as we have already seen. The heating effect never becomes a cooling one with 
the reversal of the direction of current. Besides Joule effect, there is, however, 
an extremely important heat effect present in an electric circuit. This effect is 
found to be reversible and is called shermo-electric effect. Its origin is complete- 
ly different from the Joule heating effect. The thermo-electric effect consists of 
three related phenomena known as: (i) Seebeck effect, (ii) Peltier effect and 
(iti) Thomson effect. 


20-10. Seebeck effect. 

Seebeck, in the year 1821 discovered that when two wires of dissimilar metals. 
say A and B, are joined together at their ends to form a complete circuit and if. 
the two junctions are maintained at different tem- 
peratures, an electric current flows in the circuit. 
This effect is called the Seebeck effect. If a low 
. resistance galvanometer G is included in the circuit 
[Fig. 20:6 (a)], it will show a deflection. The 
junction P at the higher temperature is usually 
called the hot junction and the other one Q is 
termed the co/d junction. For example, if two strips 
of the metals antimony and bismuth are joined 
together with a sensitive galvanometer in series, 
then on creating a temperature difference by, say, 
keeping one junction immersed in ice and presenting 
the other to a bunsen flame, a current is found 
to be flowing through the circuit. Its direction is Fig. 206: The UT effect 
from bismuth to antimony through the hot junction and from antimony to 
bismuth through the cold junction (Fig. 206 (5)]. 

Similarly if wires of iron and copper are joined, experiment shows that a 
current flowing from copper to iron across the hot junction is generated. 
Currents generated in this way by producing difference of temperature at the 
two junctions of dissimilar metals, are called thermoelectric currente Creation 
of this current shows that there must be an e.m.f. acting round the circuit, the 


(b) 
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existence of which must be attributed to the temperature difference between the 
two junctions. This e.m.f. is called the thermoelectric e.m. f. The two metals 
which constitute the circuit are said to form a thermocouple. 

Fiow of the thermoelectric current leads to production of electric energy. 
This energy must be obtained from a gain of heat energy at the junctions. A 
thermocouple, therefore, directly converts heat into electric energy. 

The magnitude of the thermoelectric e.m.f. depends upon the nature of the 
two metals forming the thermocouple and upon the difference of temperature 
between the two junctions. For small temperature differences, the e.m.f. is 
found to be roughly proportional to the difference of temperature. We shall 
discuss these variations in greater details in the following sections. 

Demonstration experiment : A simple demonstration of Seebeck effect can 
be given from the magnetic effect produced by the thermoelectric current. Two 
bars of copper and iron are riveted together as 
shown in Fig. 20:7. A small compass needle is 
placed between them. The combination is placed 
parallel to the magnetic meridian. One of the 
junctions is now heated, say in a bunsen flame. 
It will be found that the compass needle gets 
Fig.207: Demonstration deflected. If the other junction is heated instead 

e qe of the first, the deflection is reversed. 


20:11. Thermoelectric series. 


By experimenting with a number of metals, Seebeck arranged different metals 
in a series such that when a couple is made of any two of them, the thermo- 
electric current flows through the hot junction from the metal placed earlier in 
the series to the one placed later. This series is called Seebeck series or the 
thermoelectric series. This is as follows : 

Bismuth, Constantan, Nickel, Platinum, Copper, Mercury, Lead, Tin, Gold, 
Silver, Zinc, Brass, Iron, Antimony etc. 

The series has also another important characteristics. The separation of the 
metals in this series provides a measure of the magnitude of the thermoelectric 
e.m.f. produced for the same difference in temperature between the hot and cold 
junctions. Larger the separation of two metals in this Series, greater will be 
the e.m.f. in the thermocouple produced by them, the temperature difference 
between the junctions remaining the same. Hence an antimony-bismuth couple 
is more effective than a copper-iron couple. The e.m.f. of the former is about 
1:2x 107? volt per degree centigrade temperature difference, that of the latter 
being 10-4 volt per degree centigrade difference. 


20:12. Variation of thermoelectric e.m.f, with temperature. 


If one of the junctions of a thermocouple is maintained at 0°C and the other 
unction is gradually heated, it is found that the e.m.f. of the couple gradually 
"ncreases. This goes on until a maximum value is reached, With further 
increase in temperature, the e.m.f. begins to decrease until at a certain tempera- 
ure it is zero. If the hot junction temperature js raised still further, the e.m.f. 
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is reversed and goes on increasing in the reversed direction without showing any 
sign of again coming to a maximum. The phenomenon of inversion was 
discovered by Cummings. 

If the e.m.f. be. plotted against the tem- 
perature of the hot junction, the curve OABC 
shown in Fig. 20:8 is obtained. Such a curve 
is called a thermoelectric curve. lt approxi- 
mates very closely to an inverted parabola 
with its axis parallel to the axis of e.m.f. The 
relation between the thermoelectric e.m.f., E, 
and the temperature ¢ of the hot junction, the 
cold junction being at 0°C, may be represented 
approximately by the empirical relation 

E=at+bt* 

Where a and b are two constants for the given couple. The figure also 
shows that at small temperature differences, E is roughly proportional to f. 

The temperature of the hot junction at which the e.m.f. becomes a maximum is 
called the neutral temperare (1,) of the couple. It is a. constant for a given 
couple. For example, for a copper-iron couple, the maximum c.m.f. is recorded 
when the temperature of the hot junction is about 275°C, the cold junction being 
at 0°C, Hence the neutral temperature for copper-iron couple is 275°C. 

The temperature of hot junction at which the e.m. f. becor2s zero and. reverses 
in direction is called the inversion temperature or temperature of reversal (ti). 
For example, for a copper-iron couple, the e.m.f. becomes zero when the hot 
junction temperature is about 550°C the cold junction being at 0°C. Hence the 
inversion temperature is 550°C. j 

The inversion temperature is not constant for a given couple. It changes with 
change in cold junction temperature being as much above the neutral temperature 
as the latter is over the cold junction temperature. For the copper-iron couple, 
if the cold junction temperature be, say 20°C, instead of 0°C, the neutral 
temperature is found to be the same, ie. 275°C but the inversion temperature . 
becomes 530°C. Hence if /, be the temperature of the cold junction, then 
ORTH 

* 2 


Fig. 20-8 : Thermoelectric curve 


te—th=ti—tn, O, t 


unction temp. --Inversion temp. 
ie., Neutral cadre ee E Ee 


Hence, the neutral temperature is the arithmatic mean of the cold junction 
temperature and the temperature of the hot junction at inversion point. ae 
can also be inferred from a study of the thermoelectric curve. If the col 


junction be at a temperature higher than 0°C, the origin is shifted to O' corres- 


ponding to the temperature OE=t, of the cold junction. The axis of tempera- 


ture shifts accordingly. The curve is now O'AB'B. Hence the neutral tempera 
ture t, remains unchanged but the inversion temperature 1s Roo to B Fu 
advances towards the neutral temperature by an amount BD equal to OE, the 


temperature t, of the cold junction. 
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20:13. Peltier effect, 


In the year 1834, Peltier discovered a phenomenon which is converse to the 
Seebeck effect. He found that if a current is sent through a circuit composed of 
two dissimilar metals, heat is evolved at one of the junctions which thereby gets 
heated while heat is absorbed at the other junction producing a cooling. The rates 
of heat generation and absorption are proportional to the current. This effect is 
known as Peltier effect after its discoverer. 

Fig. 20 9 (a) illustrates the effect. Two dissimilar metals 4 and B are joined, 
the junctions being initially at the same temperature. A battery is included 


A in the circuit which sends a current in the 
: direction shown. One junction Q gradually gets 
HEATER j ] el: heated and the other P cooled. A difference 


| tij of temperature is gradually established between 
! : the two junctions. The effect is illustrated 
for a couple formed cf metals bismuth and 
antimony in Fig. 20-9 (b). 

We, therefore, see that in Seebeck effect 
the current is produced by the difference in 
temperatures at the two junctions, while in 
Peltier effect, a difference in temperature is 
produced by the current. Moreover, if the 
Figs. 20°6 and 20:9 are compared, it wiil be 
seen that due to Peltier effect, that particular 
junction is cooled which must be heated in order to give a thermoelectric 
current in the same direction as that sent by the battery, ‘Thus in Fig. 20:6, the 
junction P is heated and a thermoelectric current in the direction indicated by 
the arrows isobtained ; Fig. 20:9 shows that when the battery drives a current 
in the same direction, the junction P is cooled. This is also truc for the other 
junction Q. It follows immediately from this that when a therinocl: ctric current 
flows in a circuit, its direction is such that it tends to cool the hot junction and heat 
the cold junction. 

We have already stated that rates of production or absorption of heat due to 
Peltier cffect is directly proportional to the current. This effect is reversible. If 
the current in the circuit is reversed in direction, the effects at the two junctions get 
completely interchanged. Thus in Fig. 20-9, if the battery sends a current in the 
anticlockwise direction, then the junction P will become heated and the other 
junction Q cooled. 

It should be noted that the temperature ch 
effect are small and appear in addition 
by Joule heating effect ; the latter therefore tends to mask the former, The 
detection or the measurement of tie Peltier eflect, therefore, becomes dificult. 

For a couple of bismuth and antimony, the rate of heating or cooling 
produced by Peltier effect at the Junctions is only 60507 calorie for a current 
of 1 ampere. 


(bj 
Fig. 20-9 : The Peltier effect 


anges associated with the Peltier 
to the rise in temperature produced 
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Demonstration Experiments: (1) Thick bars of bismuth and antimony 
are soldered at P and Q to form a thermocouple [Fig. 20:10). The junctions 
P, Q are enclosed in two glass bulbs A and B 
connected by a narrow tube containing a small pellet 
of mercury or coloured alcohol. The pellet serves 
as an index. At the beginning, the air pressure 
within the bulbs are equal and the pellet rests at 
the centre of the connecting tube. On passinga Bl 
current through the circuit, one of the two junctions 
is heated and the other cooled. Consequently, the 
air pressure within the bulbs become unequal and 
the pellet begins to move away from the bulb 
in which heat is liberated due to Peltier effect, it 
Reversing the current produces a motion of the pellet Fig. Led ia 
in the opposite direction. 


CURRENT 
LM 
ZZ 


LLL 


The metal bars being thick, the Joule heating etfect is small, Moreover, it is 
the same in both the bulbs and hence produces no effect on the position of 
the peilet. 


(2) Another demonstration method, due to Starling, is better than the 
previous one. A thick bar of bismuth is sandwitched between two thick bars of 
antimony to form a compound bar. Wrapped 


round the junctions are two identical coils A, B 
a6 TS | of fine, insulated copper wire [Fig. 20:11]. 
P, V I 
d O) NS The coils are connected to opposite arms of 
f Sess Es a Wbeatstone bridge. The compound bar is 
| j NE ! surrounded by a glass jacket (not shown) to 
|] 


isolate it thermally from the surroundings. 
At first with no current passing through the 
bar, the bridge is balanced. On sending a large 


wat Hu 


ANTIMONY BISMUTH ANTIMONY 


| e current through the circuit, one junction is 
NS c warmed and the other cooled. The resistances 
Ba of the coils A, B change accordingly and the 

bridge is thrown out of balance. With the 

Fig. 20:11 : Demonstration current as shown in the figure, B is warmed 


opere and A is cooled. Hence the resistance of B 


becomes more than that of A. The way in which the bridge balance is 
disturbed provides the proof of this fact. On reversing the cunent, ull the 
effects are reversed. 


Arguing in a similar manner as in the previous experiment, we can see that 
the effect of Joule heating is eliminated. 


(3) The converse nature of the Peltier and Seebeck effects can be simply 
demonstrated as follows. A bismuth-antimony couple is connected to a galva- 
nometer G and battery as shown in Fig. 20-12. A rheostat may be included in 
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the battery circuit to control the current. At first, a current is sent through 
the couple for several seconds. The battery is then disconnected and the 
thermocouple is immediately connected to the 


galvanometer. «The galvanometer registers a And D 
deflection showing the existence of a tempera- 8b [Sb 

ture difference between the junctions 4 and B ra im 

of the couple. If the battery current flows from —o E a G 
antimony to bismuth through the junction A, E 

the galvanometer deflection indicates that 4 is p 

hotter than B. Reversal of the battery current Lise 


reverses all the effects. RS 
20:14. Differences between Peltier effect and m 
Joule eifect. s 
The differences between the Peltier effect and Fig. 2012: Converse nature of 
i A Peltier and Seebeck effects 
the Joule heating effect are summarised below : 

(i) Joule effect produces heating throughout the circuit but due to Peltier 
effect heating takes place at one junction and cooling at another. 

(ii) Joule heating occurs in all parts of the circuit but Peltier effect takes 
place only at the junctions of dissimilar metals. : 

(iii) Joule heating effect is irreversible. Reversal of the direction of current 
never produces cooling. Peitier effect, on the other hand, is reversible. If the 
current is reversed in direction, a complete interchange of the heating and cool- 
ing at the junctions takes place. 

(iv) Joule effect is proportional to the square of the current whereas Peltier 
effect is directly proportional to the current. 

(V) Joule effect depends upon the resistance of the circuit, No such depen- 
dence on resistance is observed in Peltier effect, 

| 20:15. Explanation of Seebeck and Peltier effects. 


Both the Seebeck and Peltier effects are explained if we assume the existence 
ot an e.m.f. acting across the junction from one metal to the other; e.g. in a 
^ismuth-antimony couple the e.un.f, say e at the junction is directed from 
bismuth to antimony, [Fig. 20:13 (a)]. The magnitude of this e.m.f. is propor- 


Bi 
; CURRENT 
afe e AP efr 
NO CURRENT j | 
MUR Sb 
(a) (b) (c) 
Fig. 20:13: Explanation of Seebeck and Peltier effects 


sional to the absolute temperature of the junction and depends on the metals form- 
ing the junction. If the temperatures of the junctions are the same, the e.m.fs. at 
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them have the same value. Since they are directed in opposite ways round the 
circuit the net e.m.f. is zero and hence no current flows. If one of the junction, 
say P, is heated, the other junction Q being kept at a lower temperature, then the 
e.m.f. (e) at the junction P becoming greater than that (es) in Q, a net emf. 
equal to the difference of the two is produced and a current will flow round the 
circuit [Fig. 20:13 (b)]. Obviously the current will flow from bismuth to antimony 
through the hot junction [compare with Fig. 20-6]. This explains Seebeck effect, 

If a battery is included in the circuit to send a current in the direction shown 
(Fig. 20:13 (c)], then at the junction Q, the current flows against the e.m.f. at 
the junction. The energy expended in overcoming this e.m.f. is released in the 
form of heat and this junction gets warmed. At the other junction P, the 
current flows in the direction of the e.m.f. The e.m.f. itself then does work 
and the consequent loss in energy is manifested as cooling ofthe junction 
because heat is absorbed from the metal itself [compare with Fig. 20:9]. This 
explains Peltier effect. Obviously reversal of the battery current completely 
reverses the effects at the junctions. 

The existence of an e.m.f. at the junction of two dissimilar metals can be 
explained from the fact that every metal contains a large number of free elec- 
trons. When two dissimilar metals are brought into contact, transference of 
electrons from one metal to the other takes place. So the one which gains 
electrons becomes negatively charged and the other positively giving rise to 
the existence of an e.m.f. at the junction. 


20:16. Thomson effect. 


From theoretical consideration Thomson (Lord Kelvin) reached the conclu- 
sion that when a current is sent through a thermocouple, generation or absorp- 
tion of heat takes place not only as the junctions but also along. the length of 
the metals forming the thermocouple when their ends are maintained at different 
temperatures. 

This liberation (or absorption) of heat due to the flow of current through an 
unequally heated conductor is called the Thomson effect. This effect is also 
reversible. AC 

Let us consider a thick copper bar AB whose ends are maintained at the 
same constant temperature, T, (say at 0°C by dipping into melting ice) [Fig. 

TN 
Aj UM. DB 
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T> 
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IRON 
(a) à (6) 
Fig. 20-14 : (a) Positive, (b) Negative Thomson effect o 
i int M is rai h higher temperature, Ts. 
20 . ddle point M is raised to a muc er 
a saree is seal m the bar, in the direction shown, it is found that, due to 


COPPER 
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Thomson effect, heat is absorbed in the portion AM and liberated in the portion 
MB. So the temperature of portion 444 is lowered and that of WB is raised 
We should remember that the Joule heating effect is also present. As this effect 
predominates over the Thomson effect, it tends to mask the Jatter. However, if 
we consider two points C and D equidistant from M, then due to Thomson effect 
the point D will be at a higher temperature than C. 

With an iron bar, the reverse of the above is observed, If we consider an iron 
bar AB whose ends are maintained at a lower temperature 7, and the mid-point M 
at a higher temperature 75, then on sending a current through it in the direction 
shown in Fig. 20:14 (b), it is found that due to Thomson effect heat is generated 
in the portion AM and absorbed in MB. As before, if we consider two points 
C and D equidistant from M, then C will be at a higher temperature than D. 

Thus in a copper bar heat is absorbed when a current passes from a colder 
to a hotter portion and is liverated when a current passes from a hotter to a 
colder portion. This is called the positive Thomson effect. The metals cadmium, 
antimony, silver, zinc etc. exhibit similar effect. 

But in iron, heat is generated. when a current flows from a colder to a hotter 
portion and absorbed when the current flows from a hotter to a colder portion. 
This is termed the negative Thomson effect. Similar effect is exhibited by the 
metals like platinum, bismuth, nickel, cobalt etc. 

In both the cases, the heat produced or absorbed is found to be proportional 
te the charge which has passed and the temperature difference. 

In lead. however. Thomson effect is practically zero. This has led to its 
choice as the reference or standard for investigating the thermo-electric 
properties of different metals. 

It may be mentioned that the behaviour of the metais for which the 
Thomson effect is positive is analogous to that of a liquid when it flows through 
an unequally heated tube. The liquid absorbs heat in going from a colder to a 
hotter portion and releases heat when it flows from a hotter to a colder portion. 
Metals for which the Thomson effect is negative behave like a hypothetical liquid 
which releases heat on being heated and absorbs heat on cooling. 

Demonstration Experiments: (1) A thick bar of iron is bent in a zig-zag 
manner as shown in Fig. 20:15. The free ends of it are connected to a battery 
through a commutator (not shown). The 
points 4 and Care kept cold by placing 
them in melting ice. The point B is 
heated, say by passing steam around it. 
Two small holes are drilled into the bar 
at points midway between 4 and B and 
between B and C. These holes are filled 
with mercury and two thermometers 7; 
and T, are introduced in them. At first, 


Fig. 20-15 : Demonstration of : 5 F x 
Thomson effect with no current passing through the b-r, 


thetwo thermometers indicate the same 
temperature. On passing a current through the iron bar in the direction shown, 
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T, indicates a higher temperature than Tj, proving the existence of the Thomson 
effect. On reversing the current, the thermometer readings are reversed also. 

(2) ABC is a thick iron rod bent into the shape of a U [Fig. 20°16}. The 
ends 4 and C are kept immersed in mercury baths for allowing to send a large 
current through the bar. The portion B 
of the rod is heated to a high temperature 
while the ends 4 and C are kept cool in 
the mercury baths. Two identical coils 
D, E of fine insulated platinum wire are 
wound round the limbs, They are 
connected to the opposite arms of a 
Wheatstone bridge, The bridge is balanced 
when no current flows through the rod. 
If a large current is now sent through 
the rod in the direction ABC, the bridge is thrown out of balance. From the 
direction of deflection of the galvanometer, it can be seen that the resistance of 
the coil D is greater than that of E. This occurs due to the liberation and 
absorption of heat in the bar due to Thomson effect. When the current is 
reversed, this effect also gets reversed. 


HEAT SHIELD 


Fig. 20:16: Demonstration of 
Thomson effect 


2017. Explanation of Thomson effect. 


Lord Kelvin (Thomson) showed theoretically that in a thermocouple, if the 
e.m.fs. existed only at the junctions, then the net thermoelectric e.m.f. E should 
be directly proportional to the difference in temperatures between the junctions, 
the cold junction temperature being kept constant. A plot of E against tempera- 
ture should, therefore, be a straight line. Experiments show that this is not true ; 
an approximately parabolic curve is obtained as we have already seen. He then 
predicted the existence of an e.m.f. in the metals themselves on account of the 
difference of temperature existing across the ends of any one metal. 

Thus, in copper there is an e.m.f. say e, acting from the region of lower to 
that of higher temperature [Fig. 20-17]. In iron, the said e.m.f. acts in an 

opposite direction ie. from a higher tem- 


copet wor $> CoD perature region to a lower one. On sending 

ORR E C— a current through an unequally heated metal 

ABSORBED i EVOLVED bar, heat will be absorbed when the current 

flows in the direction of the e.m.f. and 

POTES will be evolved when the current flows in 

coo <> yor<2— cow opposition to the e.m.f. This is illustrated 
gn =» in Fig. 20:17 [compare it with Fig. 20:14]. 

HEAT AE ASORI he existence of the above mentioned 

oe EA ae can be predicted from the fact that 

bud all metals contain a large number of free 

Fig. 20 electrons which behave like the molecules 


of a perfect gas, We know that the density of a gas decreases with rise in 
temperature, So in an unequally heated metal the density of the free electrons 


P/I / 29 
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is expected to be greater at the region of lower temperature. Hence the 
former region should be electrically negative w.r.t. the latter, giving rise to an 
e.m.f. in the metal itself. However, this simple theory fails to explain why some 
metals show positive Thomson effect and some negative Thomson effect. 


20:18. Laws of thermoelectric circuits. 

There are two laws which are stated below without proof. 

(i) Law of intermediate temperatures: The e.m.f. of a thermocouple 
between any two temperatures T, and 7; is the sum of two e.m.fs. of the same 


thermocouple between 7, and an intermediate temperature 7, and between T, 
and T4. Thus 


yd ra T, 25 

(ela (Elat E)n 
For example, if the e.m.f. of a copper-iron couple be 1:21 mV when the 
temperatures of the junctions are 0°C and 100°C and 0:84 mV when these are 
100°C and 200°C then the e.m.f. of the said couple with the junctions at 0°C 

and 200°C will be simply 1:21-;-0:84—2:05 mV. 
(ii) Law of intermediate metals: The e.m.f. of a thermocouple consisting 
of two metals 4 and B remains unaltered when one of the junctions is opened 
out and a third metal C is inserted, provided 


T, 
| A the two junctions at the ends of C are at the 
: same temperature as that at the original junc- 
A| |B A B  tionof A and B. Thus in the Fig. 2018, the 
e.m.fs. in the two circuits are equal. 
T; UU o aod From this law it follows that a galvanometer 


: with its connecting wires may be introduced 

Fig. 20-18 ina thermoelectric circuit as in Fig. 20:6, so 
long as the new junctions remain at the same temperature as at the point of 
insertion which is usually room temperature. 


20:19. Applications of thermoelectricity. 


(i) Measurement of temperature: Since the e.m.f. of a thermocouple 
depends upon the difference in temperature of the junctions, this e.m.f. may be 
used as a measure of the temperature of one junction, that of the other being 
kept constant. The e.m.f. can be measured by a potentiometer, The thermo- 
couple then acts as a thermometer. The range of temperature which can be 
measured by a thermocouple is extremely wide—approximately from —200°C 
to about 1600*C. 

(ii) Detection of heat radiation: Radiation Pyrometer: Thermocouples are 
widely used for the purpose of detecting and measuring heat radiation. Two 
sensitive instruments based on this principle are Thermopile (vide Art. 21:12, 
Vol. I) and Boy's radio micrometer. 

Thermocouples are also utilised for measurement of high temperature by 
radiation pyrometer. One such example is Fery's radiation pyrometer (vide Art. 
21:18, Vol. I). 
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(ii) Thermo-ammeters : _ Ammeters employing thermocouples have been 
developed. These are very sensitive instruments and are employed for measur- 
ing both direct and alternating currents of feeble strength. 


@ EXERCISE e 
[A] Essay-type questions. 


l. Obtain an expression for the rate of production of heat in a conductor due to the 
passage of a current. 

What is the principle that is known to you which gives a minimum heating effect ? Explain 
it fuliy. 

2.(a) State and explain Joule's law for the production of heat in an electrical circuit. 

(b) What is a B.O.T. unit? [H. S. 78, '82) 
3.(a) Establish Joule's law from the law of conservation of energy. 

(b) Describe an experiment to verify Joule's law of heating. 

4. Define: joule, watt, B.O.T. unit, 

How can the mechanical equivalent of heat be determined by electric means ? Enumerate 
the sources of error, if there is any, in the method you describe, 

5. Discuss some practical applications of the heating effect of current. 

Why does the filament of a glowing lamp become white hot while the leads remain com- 
paratively cold ? 

6. What do you understand by Seebeck effect and Peltier effect ? Mention one practical 
application of each effect, LE. S. '79] 

7. How can you explain the thermoelectric current and the Peltier effect from the assump- 
tion that every metal contains a large number of free electrons. 

8. What do you mean by the thermoelectric series ? 

Outline some important applications of thermoelectricity. 

9. Describe the changes in e.m.f. which generally occur when one junction of a thermo- 
couple is gradually raised in temperature, the temperature of tlie other remaining constant, 
Explain in your answer the ‘neutral temperature’ and the ‘inyersion temperature’. 

Prove that the inversion temperature is always as much above the neutral temperature as 
the cold junction is below it. s 

10. Explain the Peltier effect. How can you demonstrate it? State differences between 
the Peltier effect and the Joule effect. 

11. Describe Seebeck effect. How can you demonstrate it ? 

12. What is Peltier effect and what is Peltier e.m.f.? Discuss briefly whether you should 
use thin wires or thick wires for demonstrating Peltier effect, it. Entrance '78] 

13. State and explain the Thomson effect. How can you demonstrate it? In which 
substance this effect is nil? What is the advantage of this finding ? 

State.two laws of thermoelectric circuits and explain their purposes. 


[B] Short answer type questions. 

1. A combination of some resistors are connected across a source of constant potential 
difference, Prove that the rate of production of heat in each resistor is (a) directly propor- 
tional to its resistance when the combination is series and (b) inversely proportional to its 
resistance when the combination is parallel. 

2. Show that the kilowatt-hour is a quantity of energy. 

3. (a) In electric bill we are charged for the electrical energy we have consumed. Explain 


i n P M ; 
r TE an electric bulb it is written 60 w ; 230 V. What is meant by this? — [H. S. '81) 


4. Arrange the following energy units in order of increasing magnitude : foot-pound, 
kilowatt-hour, joule and erg. 
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5. Why is it more economical to transmit electric power at high voltage and low current 
that at low voltage and high current ? 

6. A 40 watt and a 75 watt bulb, both rated to operate at 220 V are joined in series and 
connected to the mains. Which bulb will glow brighter ? 

7. What is a safety fuse? Describe its use in household wirings. 

8. Two heater coils made of the same material are connected in parallel across the mains. 
The length and diameter of the wire of one of the coils is double that of the other. Which one 
of them will produce more heat ? 

9. A standard 50 watt electric bulb in series with a room heater is connected across the 
mains. If the 50 watt bulb is replaced by a 100 watt bulb, will the heater output be larger, 
smaller or remain the same ? U. 17:73] 

10. The water in an electric kettle begins to boil 15 minutes after being switched on. Using 
the same mains supply, should the length of the wire used as the heating element be increased 
or decreased if the water is to boil in 10 minutes? Why? (Neglect heat loss to the 
surroundings.) [I 127.577] 

11. Forty electric bulbs are connected in series across a 220 V supply. After one bulb is 
fused, the remaining 39 are connected again in series across the same supply. In which case there 
will be more illumination and why ? LU. 1. T. 69} 

12. Two equally long copper and silver wires are suspended from two supports and are so 
connected that a current travelling along the copper wire returns along the silver. It is found 
that the copper wire sags. The current is now caused to flow along both the wires in parallel 
and the silver wire sags. Explain the above effects. ( Patna ) 

13. Two heating elements 4 and B each enclosed inside similar sealed glass tubes are used 
as immersion heaters for heating water placed in two identical calórimeters. When the two are 
connected in series, the calorimeter containing 4 gets much more heated than the other one 
which contains B, while when they are connected in parallel the calorimeter with B gets much 
more heated. On comparing A and B on a meter bridge, the resistances are found to be equal. 
Can you offer any possible explanation ? [Jt. Entrance, '74] 

14. What should be the characteristics of the material of a heater wire? Name one such 
material. 

15. What should be the essential property of the material of a fuse wire ? 

16. Joule's heating produced b; the passage of electric current through a conductor is an 
irreversible process, whereas the thermoelectric effects are reversible ones. Justify the 
statement, 

17. Explain why an electric lamp used in the d.c. line can also be used in the a.c. line. 

[Jt. Entrance, '83] 


18. What is a thermocouple ? What is its use ? [H. S. 82] 
19, Indicate on the *thermo e.m.f. vs. temperature’ diagram the ‘neutral temperature’ 
and the ‘temperature of inversion’ of a thermocouple, (Jt. Entrance, '79) 


20. Which of the two electric bulbs, rated 60 w and 100 w will glow more when they are 
connected (a) in series and (b) in parallel, across the mains ? 


[C] Simple problems, 


, M A resistance coil of resistance 25 Q generates 756000 calorie of heat in 30 min. What 
is the voltage applied across the coil ? [Ans. 210 volt] 

2. Two resistances of 24 ohm and 6 ohm respectively are joined (i) in series, (ii) in 
parallel, A p. d. of 9 volt is applied across the combination. Find the ratio of heat developed 


in the two resistances in both cases. [Ans, 4:1;1:4] 
3. In the above example, what will be the ratio of total heat developed in the two cases ? 
` [Ans. 4:25] 


TEA light bulb is rated 60 w at 240 V. Find (i) the current in the bulb, (ii) the resistance 
of the bulb, (iii) the electrical energy consumed by the bulb in one hour, (iv) the heat 
produced in the bulb in one hour, [Ans. 0:25 amp, 960 ohm, 60 watt-hour, 5:16 x 10¢ cal] 
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5. Three equal resistors conrected in series across a source of e.m.f. together dissipate 10 
watt of power. What would be the power dissipated if the same resistors are connected in 
parallel across the same source of e.m.f. ? (I. I. T. 72) [Ans. 90 watt] 


6. A house is lighted with six 40 watt, four 75 watt and two 100 watt lamps. If the 
supply voltage is 230 volt and all the lamps are switched on, what is the current drawn from 
the mains ? (Jt. Entrance.'72) [Ans. 3-22 amp] 

7. Resistances of 40 and 70 ohm are joined (i) in series (ii) in parallel, to 220 volt D.C. 
supply. Calculate the power developed in each resistance in both the cases. 

[Ans. (i) 160 and 280 watt ; (ii) 1210 and 691-43 watt] 

8. A decorating lamp system consists of 20 similar lamps in series, The system is joined 
to 240 volt supply. If each lamp consumes 6 watt, find (a) the current taken by the system and 
(b) the resistance of each lamp. [Ans. (a) 0-5 amp ; (b) 240] 

9. Two wires, A and B, have exactly the same dimensions, but the specific resistance of A 
is twice that of B. Compare the heat developed in A with that in B in the following cases : 
(a) The wires are joined in parallel across 220 volt mains. (b) The wires are joined in series 
across the same mains. [4ns. (a) 1:2; (b) 2:1] 

10. A heater is designed to operate with a power of 440 watt in a 220 volt line. A 
resistance R is connected in parallel with it and the combination is joined in series with a 
resistance of 11 ohm to a 220 volt mains. What should be the value of R so that the heater 
operates with a power of 110 watt ? (Ans. 1222 ohm] 

11. A certain circuit consists of three resistances connected in parallel across a 50 volt 
battery. The rate of production of heat in them are in the ratio 1 : 2: 3 and together they 
transform 100 watt-hour in 4 hour. Calculate the power used if the three resistances are 
connected in series across 220 volt mains. [4ns. 44 watt] 


12. Two bulbs rated at 25 watt—110 volt and 100 watt—110 volt are connected in series 
to a 220 volt electric supply. Perform the aecessary calculations to find out which of the two 
bulbs, if any, will fuse. What would happen if the two bulbs were connected in parallel 
to the same supply ? (Delhi H. S.) [Ans. - Yes, first one ; both] 

13. An electric heating coil has a resistance of 95 ohm when connected to a supply of 230 
volt. Two of the wires come into contact, thereby reducing the effective length of the coil to 
$ of its former value. Explain what effect this will have on the heat evolved in the coil. 

(London) [Ans. Increased by i] 

14. Two electric bulbs, each designed to operate with a power of 500 watt in a 220 volt 
line, are put in series in a 110 volt line. What will be the power generated by each bulb ? 

(I. I. T. 77). [Ans. 3125 watt] 

15. Compare the amounts of heat developed in the four arms of a balanced Wheatstone 
bridge when the arms have resistances of 100, 10, 500, 50 ohm respectively. ; 

[4ns. 50:35:10: 1] 

16. The power expended in a resistance of 12 ohm connected to a dynamo is 2700 wait. 
On changing the resistance to 40 ohm, the power expended becomes 1000 watt. Determine the 
e.m.f. of the dynamo and its internal resistance. [4ns. 210 volt, 2 ohm] 

17. If the heating effect in a certain resistance box endangers the constancy uf the coils 
when the energy used in them exceeds 0-0001 watt per ohm, find the limiting safe voltage 
applied to the box when the resistance 1:5 ohm is being used, and also when 2500 ohm 
resistance is being used, (London) [Ans. 0-015 volt, 25. volt] 

18. Two uniform wires of the same material each weighing 1 gm but one having double 
the length of the other, are connected in series. They carry a current of 10 amp. The length 
of the longer wire is 20 cm. Calculate the rate of consumption of energy in each of the two 
wires, Which one will get hotter? (Density of the material of the wites=11-34 gm/cc ; 


specific resistance of the material-20:6 x 10-* ohm-cm.) : 
[Ans. 9-35 and 2:34 watt ; the former will get hotter] 
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19. When an external resistance is connected across the poles of a battery of e.m.f. 80 volt, 
the ammeter indicates a current of 200 milliampere whereas a voltmeter put across the resistor 
indicates a potential difference of 60 volt. Find out the rate at which the cell is delivering 
energy and the rate at which energy is being consumed by the resistor. Discuss briefly what 
happens to the balance of energy supplied by the cell. (Jt. Entrance '78) 

{Ans. 16 watt, 12 watt] 

20. An electric heater is rated at 5 kilowatt on 250 volt supply and the temperature of the 
heater coil may be taken as 500°C. When the coil is at 0°C, its resistance is 10 ohm. Find the 
mean temperature coefficient of resistance of the material of the coil over the 1ange 0°C— 
500°C. [Ans. 5x10-4*C] 

21. A D.C. generator of internal resistance 0:5 ohm generates 250 volt and delivers 
power to an appliance located at a place 5 km' away by means of copper wires of diameter 
lcm. If the appliance is rated 10 kilowatt at 230 volt, calculate the voltage across it. 
[Sp. resistance of copper=1-7 x 10-8 ohm-cm] (I. I. T. '68) [Ans. 166-2 volt] 

22. An accumulator.is connected successively to two external resistances R and S. The 
raie of heat produced in the two resistances are found to be the same. Find the internal 
resistance of the accumulator. [Ans. VRS) 

23. A 6 volt storage battery having an interna! resistance of 0:05 ohm is being charged 
with a current of 40 amp. (i) What is the terminal voltage ? (i) At what rate electric 
energy is being delivered to the battery ? (iii) At what rate is heat being developed in the 
battery ? (iv) At whai rate is electric energy being changed into chemical energy ? 

[Ans. (i) 8 volt (ii) 320 w (iii) 80 w (iv) 240 w] 

24, An external resistance R is connected to a cell of e.m.f. E and internal resistance r, 
Show tnat the efficiency, i.e. the ratio of power developed in R to ihe power generated is 
50 percent when R=r. Show also that when this condition is satisfied the power developed 
in R is maximum. 

25. Calculate the electrical resistance of a heater coil designed to raise the temperature 
of one litre of water from 4°C to 100°C in 5 minute. Assume the supply of voltage be 
200 volt. Neglect heat losses and water equivalent of the kettle. 

(Jt. Entrance '73) [Ans. 29:770] 

26. If power is supplied at the rate of 5 H.P. calculate the time required for a litre of 


water at 20°C to just begin boiling. [4ns. 1 min 30-1 sec] 
. 27. An electric water heater is rated 2:8 kw. It warms 15 litre of water from 10°C to 
90°C in 40 min. Calculate the percentage of heat wasted, [Ans. 25 percent] 


28. Anvelectric kettle working on 220 volt mains draws a current of 1:4 amp. If the 
efficiency of the kettle is 80 percent, how much water will it raise in temperature from 20°C 


to boiling point in 15 min. [Ans. 660 gm] 
29. An engine supplies 150 H.P. to an electric generator which delivers a current of 
230 ampere at 440 volt ? What is the efficiency of the generator ? [Ans. 90:4%] 


30. A 50 volt battery having an internal resistance 5 ohm is used to light up a bulb of 25w. 
What fraction of the total energy expended is wasted as heat in the battery? [Ans. 1/21] 
31. A wire of resistance 5 ohm is stretched along the axis of a glass tube through 
which water flows at a uniform rate of 40 gm per minute. Determine the potential 
difference that must be maintained across the ends of the wire in order that the temperature 
of the water may rise by 4°C. Neglect any heat loss. [Ans. 7:48 V] 
32. A coil of wire connected to a 220 volt mains is placed in a can containing 200 gm 
of water at 0°C. After 15 minute it is found thai half the water has hoiled away. 
Neglecting any loss of heat and the water equivalent of the can, determine the resistance of 
the coil. Given, latent heat of steam=540 cal/gm. [Ans. 140-2 ohm] 
33. A current of 4 ampere is passed through a coil of resistance R immersed in à 
quantity of water contained in a calorimeter at room temperature, 20°C, Ice is continuously 
added to the water so that the temperature remains constant, 18-5 gm of ice being added 
and completely dissolved in the-course of 15 minute. Calculate the value of R. (London) 
[Ans. 0-54 ohm] 
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34. A calorimeter containing water and having a total thermal capacity of 154 cal 
deg-'C is maintained at a constant temperature above that of its Surroundings by passing 
a current of 2-75 amp through a heating coil immersed in water. When the current is 
switched off, the temperature begins to fall at the rate of 1-76 deg C per min. What is 
the resistance of the coil ? (London) [Ams. 2-51 ohm) ; 

35. Two equal masses. of liquids A and B of specific heats 0*4 and 08 respectively are 
placed in separate containers. An electric heater of resistance 1 ohm is placed in 4 and 
one of resistance 2 ohm is placed in B. (i) Find the ratio of the rates of rise in temperature 
of the two liquids when the heaters are connected in series and a current is passed through 
them. (ii) Find this ratio when the heaters are connected in parallel and a current is 
passed through the circuit, (I. I. T.'63) [Ans. 1:1,4:1] 

36. An electric radiator which when hot has a resistance of 20 ohm. It is used on a 
200 volt mains. What will be the cost of using it for 4 hour, if electric energy costs 
25 paise per B. O. T. unit ? [Ans. Rs. 2:00) 

37. An electric heater operating on a 225 volt mains is employed to raise 6 kg of 
water from 25°C to boiling point in 10 min. Find (a) the current drawn by the heater 
and (b) the cost of electricity consumed, if one B.O.T. unit costs 30 paise. Neglect 
radiation loss. [4ns. (a) 14 amp (b) 15-75 paise] 

38. A 5 H.P. electric motor working on 220 volt mains runs for 8 hour a day. if 
electricity is rated 40 paise a unit, find the cost of running it for 30 days. Also fiad the 
current through the motor when running on full capacity. [4ns. Rs. 358-08, 16:95 amp] 

39. Power amounting to 1 Mw. is delivered by direct current through a cable having 
a total resistance of 0-001 ohm. Calculate the power in kilowatt lost in the cable if the 
voltage at the point of delivery is (a) 250, (b) 2,000 volt. If the cost of the power is 40 
paise per unit, calculate the saving effected in 10 hour by using the higher voltage. 

[4ns. 16 Kw, 0°25 Kw, Rs. 63] 

40. An electric torch lamp is worked by 3 cells in series. It has an e,m.f. of 4:5 volt 
on a closed circuit and gives a light of 3 c.p. for 18 hour. If one candle power is given 
for one watt, find (a) the resistance of the lamp, (b) the total heat. 

(P. U.'67) [Ans. 675 ohm ; 46285-7 cal] 

41. The lighting of a room requires 400 candle power and the lamps supplied have an 
efficiency of 1:2 watt per c.p. What is the cost of lighting the room for 24 hour if the 
cost of supply is 25 paise per unit ? [Ans. Rs, 2:88] 


[D] Harder Problems. 


1. N bulbs, each of resistance R, are connected to a D.C. generator of internal resis- 
tance r. The light emitted by any bulb is found to be proportional to the square of heat 
produced. Show that the best way of arranging the lamps is to place them in parallel 


rows, each row containing n bulbs where n= ANr|R. 

2. An electric kettle is provided with two heating coils which may be arranged both in 
series and in parallel. When .one of the coils is switched on, water in the kettle begins to 
boil in 10 min, and when the other is switched on, the boiling begins in 15 min. If both 
the coils are switched on simultaneously (i) in series and (ii) in parallel, how long it will 
take to start boiling of water ? [Ans. (i) 25 min (ii) 6 min] 

3. An electric kettle takes 4 amperes when connected in a circuit of 220 volt potential 
difference. (i) Calculate the resistance of the heating element of the kettle, (ii) Find the time 
required to melt and boil away one kilogram of ice at 0°C assuming a loss of generated 
heat by 40 percent due to conduction, radiation etc. (iii) Also calculate the cost of 
electrical.energy consumed during the time if the cost of one kilowatt-hour of energy is 20 
paise only. Given, latent heat of vaporisation of water at 100°C is 540 cal/gm. 

(Jt. Entrance, '75) [Ans. (i) 550; (ii) i hr 35 min 27 sec ; (iii) 28 paise] 

4. A heating coil of resistance 5 ohm is connected across a battery of internal resistance 
20 Q. What should be the resistance of a shunt across the heating coil so that the amount 
of heat generated in the coil be decreased to 3th of its former value ? [4ns. 2 ohm] 
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5. A copper wire having cross-sectional area of 0-5 mm? and a length of 0-1 meter is 
initially at 25"C and is thermally insulated from the surrounding. If a current of 10 
ampere is set up in this wire, 

(i) find the time in which the wire will start melting. The change of resistance 
with the temperature of the wire may be neglected. 

(ii) What will this time be, if the length of the wire is doubled? Given, for copper, 
density=9 x 108 kg/m? ; sp. heat--9x10-*k cal/kg°C ; melting point=1075°C, 
resistivitye» 1:6x 10-78 ohm-metre. (I. I. T.'79) [Ans. 9 min 18 sec ; Same] 

6. The walls of a closed cubical box of edge 50 cm are made of material of thickness 
1 mm and thermal conductivity 4x 10-* cal/deg cm sec. The interior of the box is "aintained 
at 100°C above the outside temperature by a heater placed inside the box and connected 
across 400 volt D.C. Calculate the resistance of the heater. (I. I. T. 77) [Ans. 6:35 hm] 

7. In an electrical installation of a cinema hall there are forty 60 watt lamps, sixty one 
200 watt lamps, eight 40 watt lamps and twenty 1-5 H.P. electric fans. Find the minimum 
horse power of the dynamo that can maintain the supply and also the cost for the electrical 
energy for the month of April, if these are run on the average 8 hour a day, and the 
charge for one B.T.U. is 25 paise. (Jt. Entrance, '79] [Ans. 50 H.P., Rs. 2238] 

8. Electrical energy is being generated within a cell due to chemical reactions at the 
rate of 1 wait per ampere. A current of 10 amp is drawn from the cell whence it is 
found that energy is dissipated within the cell in the form of heat at the rate of 1 watt. 
What is the terminal p.d. of the cell ? Find also its internal resistance. 

[Ans. 0-9 volt, 0-01 ohm] 

9. A wire of resistance r connects A and B, two points in a circuit, the resistance of the 
remainder of which is R. If, without any other change being made, 4 and B are also connected 
by (n—1) other wires, the resistance of each of which is r, show that the heat produced in the n 
wires will be greater or less than that produced originally in the first wire according as r is 
greater or less than R Vn. (B.E.) 
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211. Passage of electric current through solution: Chemical effect of 
current. 


We have seen earlier that when an electric current is passed through a 
metallic substance, the nature of the metallic substance undergoes no chemical 
change. The motion of the free electrons present in it gives rise to the current, 
But the situation becomes different when electric current is sent through liquids. 
It is found that pure liquids except mercury are generally bad conductors of 
electricity ; they are called non-electrolytes. But fused salts and solutions pro- 
duced by dissolving salts in some liquids or by mixing acid or bases with water 
are found to conduct electric current through them; they are called electro- 
lytes. Such conduction of current is always accompanied by the decomposition 
of the molecules of the electrolyte. This fact can be demonstrated by the 
following experiment. , 


Demonstration experiment. 

A glass vessel containing distilled water is taken. Two metal plates are par- 
tially dipped into water, An electric lamp and a battery is connected in scries 
with the two plates as shown in Fig. 21:1. When the battery is switched on, it 
is observed that the lamp is not burning showing that pure distilled water is 
practically a non-conductor. If now a pinch of table salt is dissolved in water, 


METAL PLATES 


Fig. 21:1 

the lamp at once begins tc shine, Thus, the solution of salt conducts electrictity. 
in the region of the metal plate connected to the +ve 
terminal of the battery effervescence is observed, showing that some gas i [odd 
evolved. By chemical means this gas can be identified as chlorine. The By zd 
has come from the decomposition of the molecules of sodium chloride ( Ne » 

Dilute solutions of sodium hydroxide (base), sulphuric acid, Sen el 
etc, sugar, urea, alcohol etc. can be tested in the same way. The metal plates 


As the current passes, 
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should be rinsed with distilled water before each test so that no solution is conta- 
minated by traces of the previous one, For sodium hydroxide, su!phuric acid 
and hvdrochloric acid solutions the bulb shines and in each case decomposition 
of molecules takes place, For sodium hydroxide and sulphuric acid solutions, 
the water molecule decomposes ; hydrogen and oxygen gases are evolved. For 
hydrochloric acid solution, hydrogen and chlorine gases are produced. For urea, 
alcohol and sugar solutions, however, the bulb does not shine ; they are thus 
non-electrolytes, No changes also take place in them. 


21:2. Electrolysis, 


The process of chemical decomposition of a liquid by the passage of an electric 
current is called electrolysis. The liquid is said to be electrolysed by this process, 


The pioneering work in this branch of physics was done by Faraday and he dis- 
covered the laws pertaining to it. 


In all electrolysis experiments two metallic plates, called electrodes are dipped 
into the solution. The current is sent through the electrolyte by means of these 
electrodes, The one through which the current enters the electrolyte, is called 
the anode and that by which it leaves, is called cathode. So the anode is the 
positive electrode and the cathode is the negative one. 


The whole arrangement consisting of the vessel, the electrolyte, the electro- 
des etc., is called a voltameter* or electrolytic cell. 


Theory of electrolysis, 


The explanation of the phenomenon of electrolysis, which is at present accep- 
ted, was developed by the Swedish scientist Arrhenius in 1887. Before we enter 
into the discussion of this theory we must understand what is meant by the term 
‘ion’. An electrically charged atom or a group of atoms is termed an jon. The 
ionic condition of an atom is usually indicated by writing positive or negative 
signs above its chemical symbol, For example hydrogen ion— H*, which means 
that an ion of hydrogen carries a charge of +e, where e is the numerical value 
of the charge of an electron. When a hydrogen atom loses one electron, a 
hydrogen ion is formed. Similarly, SO," indicates that this group of atoms, 
called a sulphate ion, carries two negative charges, each of magnitude e, Thus 
this group of atoms has acquired two excess electrons. 


According to Arrhenius, as soon as an electrolytic substance is dissolved in a 
suitable liquid, some-not-all of the molecules of the solute break up or dissociate 
into two oppositely charged ions. Ions of metal, hydrogen and basic radicals are 
positively charged, while ions of acid radicals are found to be negatively charged. 
These ions have independent existence within the solution. The amount of 
charge carried by the positive ions equals that carried by the negative ions, so 
that the solution, asa whole, remains electrically neutral, At ordinary dilution, not 


*One must distinguish between a voltameter and a voltmeter. 
used for the decomposition of the substances by electric current 
potential difference that exists across any part of a circuit 


The former instrument is 
and the later for measuring 
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all but only a fraction of the solute molecules is dissociated. The ions remain in 
equilibrium with the undissociated molecules, 
These facts are illustrated in Fig, 21:2; the 
small circles represent undissociated molecules, 
anc those with +ve and —ve signs indicate 
positive ions and negative ions respectively. 
Thus, for example, a sodium chloride (NaCl) 
molecule dissociates into a positive. sodium 
ion and a negative chlorine ion and the process 
is represented by Fig. 21:2 


NaCl = Na*+Cl- 

Similarly for dil. sulphuric acid, the dissociation process is represented by 
H,SO, = 2H*-- 50,77, for copper sulphate solution by CuSO, = Cu*++S0,--, 
for dil. caustic soda solution by NaOH = Na*--OH-, etc. It should be noted 
that the tolal charge on the right hand side is zero. With increase in dilution, 
the degree of dissociation i.e., the percentage of dissociated molecules increases. 
At infinite dilution, the dissociation is complete, i.e., all the molecules are 
dissociated, 

These ions, like all the other molecules of the solution, execute random 
thermal motion within the solution. At any instant, just as many negative ions 
move in one direction as those moving in the opposite direction ; the same 
holds true for the positive ions. Hence there occurs no net movement of 
electricity in any direction ie. there is no current-flow. But as soon as a 
potential difference is established between the electrodes placed witbin the 
solution there is, superposed on this random motion, the orderly motion of 
ions of different signs in opposite directions ; the negative ions flow towards 
the anode and the positive ions to the 
cathode [Fig. 21:3]. For this reason, the 
negative ions are called anions and the 
positive ions, the cations. On reaching 
the respective electrodes, the ions give 
ANODE up their charges to them; the positive 
charge thus coming to the cathode is 
neutralised by electrons coming from the 
EapAwions source of e. m. f. (usually a cell) through 
ui the connecting wire, Similarly the negative 

ions reaching the anode give up their 
. excess electrons to become neutral atoms 
Fig. 21-3 or molecules, These electrons pass on to 

the cell along the wire. Thus, an electric current flows through the complcte 
circuit, Hence we can state that she movement of the positive and negative ions 
in opposite directions constitutes the «lectric current through an electrolyte ; or, in 
other words, these ions act as carriers of electricity for the passage of the current, 
The atoms or molecules (which are nothing but the ions bereft of their charges) 
liberated at the electrodes may react chemically with the solvent or the 


j ELFCTRON FLOW 
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material of the electrode, Thus the mechanism of flow of current through an 
electrolyte differs completely from that in a metal. In the former process, matter 


is also 


transported through the electrolyie and not electricity alone. 


Demonstration Experiment. 
The movement of ions can be demonstrated by a simple but beautiful experi- 


ment. 


A sheet of filter paper is soaked with a sodium sulphate solution (electrolyte) 
and phenolphthalein and is placed on a glass plate as shown in the Fig. 21:4. A 


CRIMSON 
COLOUR =} 
SPREADS 


white cotton thread moistened with a 
BATTERY  SOlution of caustic soda is now placed 
Se across the sheet. The paper under the 

a thread will be coloured crimson due to 
interaction of the hydroxyl ions (OH-) 
from the caustic soda with phenolphtha- 
lein. Two metallic needles are now placed 
onthe sheet of paper and are connec- 


METAL NEEDLES 


FILTER PAPER 


manic COTTONTHREAD ted to the terminals of a battery, When 
LASS PLATE rs the battery is switched on, the hydroxyl 
. Fig. 2l: 


ions from the caustic soda begin to move 


towards the anode, As a result, it will be found that the crimson edge is slowly 
advancing towards the anode, 


21:3. 


We discuss here in a summarized form the e 
tions between the passage of electric current throu 


When a current is sent through a metal or an 


() 
(ii) 
(iii) 


v) 


(v) 


(vi) 


21:4. 
To 


oroduction of substances by the process of 


Comparison between conduction of electricity through metals and 
electrolytes. 


ssential similarities and distinc- 
gh metals and electrolytes :—- 
electrolyte, 

In both the cases, heat is generated according to Joule's law. 

In both the cases, a magnetic field is produced in the neighbourhood. 
No ^hemical change takes place in the metal. 
of the electrolyte occurs. 

In the case of metals, movement of free electrons 
electrolytes, the movement of both 
directions constitute the current, 
through the electrolyte and not electr 
Ohm’s law holds true for metals W. 
be modified to be valid. 


The resistance of metals usually increases with temperature ; for electro- 
lytes, the resistance decreases with temperature, The temperature co- 
efficient of electrolytes is much larger than that of metals, 


Illustration of Electrolysis, 
explain the mechanism of conductio 


Chemical decomposition 


whereas for 
Positive and negative ions in opposite 
Hence matter is also transported 
icity alone. 


hereas for electrolytes the law has to 


n of current in an electrolyte and the 
electrolysis, let us consider the follow- 
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ing cxamples. It may be mentioned that the final products of electrolysis 
however, depend upon the nature of the electrolyte as well as upon the 
electrodes, For this reason, various voltameters are named according to the 
nature of electrolytes and electrodes used in them. 


(1) The Electrolysis of Dilute Hydrochloric Acid, 


Hydrochloric acid in water ionizes to provide equal numbers of hydrogen 
ions and chlorine ions as shown in the Fig, 21:5. 
HOS Ht Cie 
Hydrogen ions migrate to the cathode 
and chlorine ions to the anode. Upon 
reaching the cathode, each hydrogen ion 
captures an electron and becomes a neutral CATHODE: 
hydrogen atom. This is represented by 
Here 
Two neutral hydrogen atoms then 
combine to form a molecule of hydrogen 
gas which escapes at the cathode. À 
Thus 2H=H, Î Fig, 21:5: The electrolysis of HCl 
Meanwhile each ion of chlorine after reaching the anode releases the excess 
electron and becomes an atom. Pairs of chlorine atoms combine to form mole- 
cules so that chlorine gas escapes at the anode. Thus 
2Cl- —2e = 2CI—CI, 4 


It must be mentioned that the number of electrons captured from the cathode 
should be the same as the number captured by the anode. hus, the numbers 
of hydrogen and chlorine atoms formed at the electrodes are equal. As each 
molecule ofeither hydrogen or chlorine consists of two atoms, the number of 
hydrogen and chlorine molecules formed at the two electrodes will be equal. 
According to Avogadro's hypothesis equal volumes of all gases contain the same 
numbers of molecules. This fact at once leads to one important conclusion 
that electrolysis of hydrochloric acid yields equal volumes of hydrogen and 


chlorine. This is verified by experiment. 


(2) Electrolysis of water ; Water Voltameter. 


The apparatus in which the electrolysis of water is carried out, is known as 
water voltameter [Fig. 21:6]. If consists of two vertical glass tubes AB and CD 
having stopcocks at their upper ends. The tubes are graduated in cc and are 
joined at their bases by the short-piece BC. Water is poured down the vessel 
through the central limb, R. A few drops of sulphuric acid is previously added 
to water to make the latter conducting. Two electrodes consisting of pieces 
of platinum foil are inserted into water, as shown in the figure. cu to 
electrolysis, gases formed at the electrodes are collected in the tubes and ‘aeir 


volumes may be read off directly from the graduations. 
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Sulphuric acid present in water dissociates into hydrogen and sulphate ions 

respectively, as represented by 
H,SO, = 2H+ + SO- 

When a p. d. is applied across the electro- 
des, the H+ ions move towards the cathode. 
They are neutralised by collecting electrons 
from the cathode. The hydrogen atoms, so 
formed, combine in pair to form hydrogen 
molecules which then escape in the form of 
bubbles. This is represented by 

Ht+e=H 
H+H=H, + 

At the same time the SO,-- ions migrate 
towards the anode and on reaching there give 
up their excess electrons and become neutral 
sulphate radicals, The sulphate radical cannot 
exist in the free state and combines with water 
to produce sulphuric acid and oxygen. Thus 
Pigs 205. Wace Voltamelor oxygen is liberated at the anode. Thus 


S0O,-- —2e=SO, 
S$0,+H,O=-H,SO,+0 
0+0=0, t : 

This is called the secondary reaction at the anode. We see that the sulphuric 
acid is again created from this reaction. So the total amount of sulphuric acid 
in solution does not change. The net effect is that water is electrolysed into its 
constituents, the hydrogen and oxygen pases, which are liberated at the electro- 
des. The net equation for the reaction, is therefore, 

2H,0—2H, 4 +O, 4 

It is evident that a charge —4e flows in the external circuit. 

The accumulation of hydrogen gas during any time in the tube CD over the 
cathode is found to be twice in volume with respect to oxygen gas which is collec- 
ted in AB over the anode, 

In practice, however, due to (i) unequal solubility ofthe two gases in the 
solution, (ii) occlusion of hydrogen gas by the cathode plate, and (iii) transfor- 
mation oftraces of oxygen gas into ozone, the volume of hydrogen liberated is 
not exactly twice the volume of oxygen liberated, 


\ Testing the polarity of a cell or the D. C. supply mains : 

The electrolysis of water can be used to test the polarity of a direct current 
source, Wires from the two terminals of the source are dipped in acidulated 
water contained in a glass vessel, It will be noticed that gases are liberated at 
both the terminals. "hat terminal at which a larger evolution of gas takes place 
is identified as the cathode. During this experiment, care must be taken that the 
terminals are not short-circuited.” 
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(3) Electrolysis of copper sulphate solution : Copper voltameter. 

(a) With copper electrodes :—The apparatus in which the electrolysis of 
copper sulphate solution is carried is known as the copper voltameter (Fig. 21-7 h 
The cathode (negative plate) is a copper plate suspended 
in the solution between two similar plates connected in 
parallel which together form the anode (positive. plate). 
The voltameter so formed is connected in series with a 
source of e.m.f. to supply current through it. 

The copper sulphate dissociates into a Copper ion 
Cu** and a sulphate ion SO,-- 

CuSO, = Cu**-- SO,-- 

The Cu** ions move to the cathode and get discharged 
there, Cut*++2e=Cu 

The SO,-- ions drift to the anode and release the excess 
electrons, Since the group SO, is unstable, it immediately 
reacts with the copper anode to form copper sulphate Fig. 21-7: 
which goes into solution. Copper Voltameter 

SO,--—2e=SO, 
Cu+SO,=CuSO, 

So for every copper atom that is deposited on the cathode, an atom of copper 
at the anode goes into solution. The concentration of copper sulphate solution 
obviously remains unchanged. The net effect produced by the electrolysis is 
simply the transference of copper from the anode to the cathode. 


(b) With platinum electrode :—If copper electrodes be replaced by 
platinum electrodes, the yeild at the cathode, as before, will be copper. But 
the sulphate radicals which are deposited at the anode will combine with water, 

SO,+H,O=H,SO,+0 
O + O=O, + 

The oxygen is liberated at the anode and escapes in the form of bubbles, 
The copper is gradually removed from the solution and deposited on the 
cathode. Sulphuric acid is produced in the solution which becomes acidic, 

If the electrolysis is continued for a long time, all the copper sulphate will 
be ultimately removed from the solution and a solution of sulphuric acid will 
be left. The blue. solution then becomes colourless, If the current is stil] sent 
through the solution, electrolysis of water will begin and hydrogen is liberated at 
the cathode and oxygen at the anode. 

(4) Electrolysis of fused salts, 

When a salt in the fused state is electrolysed, the secondary chemical reactions 
can be eliminated by the choice of suitable electrodes, The products of the 
electrolytic dissociation are then obtained directly, 

For example, if we electrolyse a solution of sodium chloride (NaCl) which 
dissociates as NaCl = Na*+Cl-, chlorine gas is evolved at the anode. But the 
sodium liberated at the cathode reacts with water producing hydrogen 

2Na42H,0—2Na0H +H, 
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Thus it is impossible to produce metallic sodium by electrolysis from acque- 
ous solution. 

When fused sodium chloride is, however, electrolysed with carbon electrodes, 
sodium and chlorine are produced at the cathode and anode respectively. 


21:5, Some useful definitions, 

The following definitions may be useful in subsequent discussions : 

Gram-atom: The gram-atom of an element is equal to its atomic weight 
expressed in gram. Thus gram-atom of silver is 108 gm. 

Gram-molecule : The gvram-molecule of a compound is its molecular weight 
expressed in gram. Thus the gram-molecule of CuSO, is 63+3244 x 16- 
159 gm. 

Gram-equivalent : The &ram-equlyalent of a compound is equal to the 
gram-molecule divided by the valency ofthe basic radical. Thus gram-equi- 
valent of CuSO, is 183— 79-5 gm. 

The gram-equivalent of an element is similarly equal to the gram-atom of the 
element divided by the valency of the element. This is also known as chemical 
equivalent or equivalent weight of the element, Thus the chemical equiva- 
lent of sodium is 23—23 gm ; that of copper is $3—31:5 gm ; for ferric iron it 
is 5 —18:7 gm etc, 

The chemical equivalent of an element is also defined as that weight of it 
which combines with (or replaces) one part by weight of hydrogen or eight 
parts by weight of oxygen. Thus 

atomic weight—equivalent weight x valency, 

Avogadro’s number: Gram-atoms of all elements contain the same 
number of atoms and gram-molecules of.all compounds contain the same 
number of molecules, This number is the same in both the cases and is 
known as Avogadro's Number. Its value is 6:02 x 1023, 


21:6. Faraday's laws of electrolysis, 


Michael Faraday in 1832 discovered two laws of electrolytic processes. These 
are known as Faraday's laws of electrolysis and may be stated as follows ; 


Law I: The mass of an ion liberated from an electrolyte at an electrode is 
proportional to the quantity of electricity passing through the electrolyte. 

Law II: Jf the same quantity of electricity is passed through different elec- 
trolytes, included in series in the same circuit, the masses of ions liberated at the 
different electrodes are proportional to their respective chemical equivalents. 

Consequence of Law I: If jy gm be the mass of an ion liberated when the 
total charge Q passes through tbe electrolyte during the time t, Faraday's first 
law can be written as 

WocQ 
on W-—ZQ e QI) 
where Z is a constant of proportionality. This quantity Z is a characteristic of 
each substance and is called the electro-chemical equivalent (E.C.E.) of the 
substance. 


= — ——— áÁ——MÓÓÓÓ 
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If a current of strength i flows for a time ¢ then the charge Q is given by 

Q-—it 
4^ BeZit e (21:2) 
Assuming that Q—1 coulomb, we find W-Z. Thus, electro chemical 
equivalent of substance is the mass of this substance liberated in electrolysis by 
unit quantity of electricity that flows through the solution. Or, in other words, it 
is equal to the mass liberated by unit current flowing for one second, For exam- 
ple, the E C.E. of silver is 0-001118 £m/coulomb, This means that when a 
solution of silver-nitrate (AgNO,) is electrolysed, one coulomb deposits 0:001118 
gm ofsilveratthe cathode, The same amount of silver is lib.rated by one 
coulomb of charge in the electrolysis of any other silver salt, for instance, silver 
chloride /AgCE, The E.C.E. of a substance can be expressed in practical units 
as well as in C.G.S. units, Thus E.C.E, of silver is 0-01 118 gm/e, m, u. of 
charge. 


Consequence of Law II: There are three important consequences of law 
II when it is considered jointiy with the law I. 

(i) If we denote the mass of an element A liberated by Q amount of elec- 
tricity by W, and its chemical equivalent by Ea, Faraday's second law of electro- 
lysis can be written as 

Wa œ Ea 

Similarly, due to the passage of the same amount of electricity, we have for 

a second substance B, 


Wa c Eg 

The law II, therefore, states that for two substances 4 and B, 
Wa Es iH d sra) 
Ws Es 


Now from law I, since W,=Z,Q and Wg=ZpQ [Eqn. 21°1) where Z, and 
Zg are the E, C, Es, of A and B respectively, we have, 


Za Be (21-4) 


Thus, the ratio of electro-chemical equivalents of two substances equals the 
ratio of their chemical equival^nis. 

Equation (21:4) is very important; it enables us to calculate E,C.E, of an 
element when that of any other is known, Usually silver is taken as the standard 
because it can be obtained in a very pure form by electrolysis of its salts. 

Thus, for example, the chemical equivalent of oxygen and silver being 8 and 
108 respectively, 


8 i 
E,C,E. of oxygen = 0001118 x jos 7° 0000829 gm/coulomb 


(ii) If the second substance Bis hydrogen, E,—1 and hence eqn. (21:4) 
reduces to 
Za —7ZnX Ex vee eee (21:5) 
where Zy is the E, C. E. of hydrogen. 


P-II/30 
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(iii) From eqn. (21), we get 


Wa—Z,Q-—ZaE,Q [From (21°5)] 
£10. * 3 : 
NE : (216) 
" where the new constant pis 
Zn 
Now, if Q— F, W,— EA 


Thus, she constant charge F deposits one gram equivalent of any substance. 
This constant charge is called one Faraday. This consideration leads to the 


* Now, : 


* o E 21.5 7 
F- Z manom eqn, (21°5)) ua net (2177) 
> ECE GRA i 
1 Faraday po oT ee es (21:8) 
ain Fafa 4 21:9 
Again dora M zi a (21-9) 


where 4 denotes the atomic weight of the Substance and p its valency, 
For silver, 4—107:88, p=i and Z--0 001118 gmjcoulomb. Thus 
107:88 
== 77 B 4 
0001118 96470 coulomb, 
le, One Faraday —96473 coulomb. 


Thus, 8 gm of oxygen, 23 gm of sodium, 31-5 gm of copper etc. are libera- 
ted by 96470 coulomb. So from eqn. (21:7), 


8 : a a 
: V EE of oxygen 756479" E.C.E. of Sodium ers etc, 
ie. E, C. E, of a subst .. equivalent weight 
ie C of a substance X17 98170 
Since one Bram-atom of a substance is p times the gram-equivalent of the 


, substance, it follows that to liberate one gram atom ofa substance, 96470 x p 
. coulombs will be necessary, 


. Example 213. when a current of 1:25 amp passes Jor 90 min through a 


voltameter containing zinc sulphate solution, 2:288 gm of zinc are deposited. 
Calculate E,C.F. of zinc. 


Solution : Applying eqn. (21:2), 
PUN TR 2:288 ipo 
vA “Z= "25 x90 x60 "0000339 gm/coulomb. 


Example 2Y2. When a current of IS amp passes through acidulated 
water for 15 min, 78:2 €c of oxygen, reduced to N. T.P., is liberated. Calculate 
the E. C. E. of oxygen. Given, density of oxygen at N. T. P.= 1'43 gmilitre. 
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Solution: Mass of oxygen liberated — 7 2o 043. 143 gm 


Applying eqn. (212), z= ..782x 43x q07* 
it T-5x 15x 60 
=8:29 x 1075 gm/coulomb. 


Example 21:3, When an electric current is lead through a silver voltameier 
and a water voltameter connected in series, 0°65 gm of silver is deposited. Find 
the masses of hydrogen and oxygen liberated in the same time. Given that C.E. of 
Ag 108, of oxygen 8, of hydrogen 1. y 

Solution: Applying eqn. (21:3), we have 

Wi: Wo: Wa=108:8: 1 
0-65 x8 
108 


—0:0061 gm, 


Since Wa,=0°65 gm, W= - 


0°65x | 
108 


—0:0488 gm 
and Wy= 


Example 21-4. A current of 10 amp is passed through a copper voltameter 
containing CuSO, solution. If the area of cathode surface is 1 sqm, find the 
average increase in the thickness of copper deposit per minute. Given, E.C.E, of 
Cu is 0°0003294 gm|coulomb, density of Cu=89 gmicc. 

Solution: Let the mass of copper deposited per minute be W gm. 

A W=Adp oe - (i) 

where A=area of the cathode surface, 5 

d=thickness of copper deposit per minute, p—density of Cu. 

Applying eqn, (21:2), we get W=Zit re (2) 

Equating for W from (1) and (2), 

Zit _ 3294 x 107? x 10x 60 =2-2206 x 10-5 cm. 


de T0 x 89 


Example 21:5. A metal plate of total surface area 200 sq cm is to be 
coated with copper by electrolysis, How long will it take to make a deposit of 
copper 0:2 mm in thickness, if a. current 2 amp i: used? (E. C. E. of copper 
0:000329 gm|coulomb, density of copper= 8:93 gm]ec.) 

Solution: Volume of copper deposited— 0:02 x 200=4 cc, 

Mass of copper deposited =4 x 8:93—35-72 gm. 

Let us suppose that the current of 2 amp flows fora time f sec, Tlen from 
eqn. (212), } 
35°72=0°000329 x2 x t or, t=15 hr 4 min 48 sec. 


Example 21:6. When two identicat Daniell cells are connected in parallel 
2 amp current passes through an external circuit. Calculate the amount of zinc 
used and of copper deposited on the copper plate in each cell when current is 
allowed to flow for 35 min. (Given, E.C.E. of Cu--0*000326 gm|coulomb, C. E. 
of Cu=31'5, C.E. of zinc=32'5) 
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Solution ; From eqn. (21:4), we have 

k C.E. of Zn 

E.C.E. of Zn—E.C.E. of Cu XCE of Cu 

=0:000326 x 32:3. 0 000336 gm/coulomb. 
Since the cells are all identical and are connected in parallel, then current 
through each cell=1 amp. 
By eqn. (21:2), the amount of zinc used in each cell 
Wz, — 0'000336 x 1 x 35 x 60 =0:7057 gm. 
Also, the amount of copper depcsited in each cell 
Wou =0:000326 x i <35 x 60—0:6846 gm. 


Example 21:7. 4 silver and a copper voltameter are connected in parallel 
toa 12 volt battery of negligible internal resistance. In 30 minute 10 gm of 
silver and 1 8 gm of copper are deposited. At what rate energy is being delivered 
by the battery ? Given, E.C.E. of silver and of copper 11:2 10^ and 6'6 x 1074 
gm|coulomb respectively. (I. I. T. 75) 

Solution: Let the currents through the silver and the copper voltameters 
be i, and i respectively, Then 

1:0 =11:2x 1074 xi x30 x 60 . 


or, i; =0°496 amp 
and, 18 =66x10-4x i, x 30x60 
or, ig =1:515 amp. 
The current delivered by the battery i=i +ig=0°496+1°515 


—2'011 amp. 
The e.m.f, of the battery, E -12 volt 
Rate of energy delivered by the battery —Ej-12 x 2:011 —24:13 watt. 


Example 21:8 4 charge of I0* coulomb is passed through a circuit contain- 
ing a water voltameter and a copper voltameter in series. How much hydrogen 
will be liberated and how much copper will be deposited ? 

E. C. E. of Hy 105x 1075 gm|coulomb 

At. wt. of Cu 63:6 

Valency of Cu—2 

C. E. of Hy=1:008 ( Jt. Entrance *82 ) 


Solution; From eqn. (21:1), the mass of hydrogen liberated 
71053 10-5 x 101— 0-105 gm 
Now, from eqn. (21:4), E.C.E. of Cu 
Zou=Zy x Ek] Ey 
es -5_, 63:6 l 
= 1:05 x 1075 x -2- X i008 
=3-31 x 10-4 gm/coulomb. 
From eqn, (21-1), the mass of copper deposited 
=3-31 x 10-4 x 101—3:31 gm, 
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Example 209. In the electrolysis of water, 83:77 cc of hydrogen were 
collected at a pressure of 68 cm of Hg at 25°C when a current of 0°5 amp had 
been passed for 20 minutes. 


What is the electrochemical equivalent of copper in copper sulphate solution 
(CuSO,)? Given 
At. wt. of Cu=63°57 
» » Of Ay=1 008 
Density of Ha= 008987 gm|lit. * (Jt. Entrance '84] 


Solution: Let the volume of the liberated hydrogen at N. T, P. be V cc, 
Then from the relation 


P.V, PV; 
Ti Ty 
d 68x837 76V 
We have, 023::25/2 3903 
..68x83:77x213 __ gg. 
or, Ko ib N 68°61 cc. 
Mass of the liberated hydrogen= a x0 08987 gm 


Now, from eqn. (21:1), we have 
68:61 -08087.— 5 6 
1000 x 0:08987 — Z,4 x 0:5 x 20x 60 
or, Z4 028 x 1075 gm/coulomb. 


In copper sulphate, the valency of copper is2; so its C. E. is 63:57/2, The 
valency of hydrogen is 1 ; so its C, E, is 1'008, Then from eqn, (21°4), 


; Ebu 
Zo ZX E, 
CREEN 1 
w=: 1028 x 10-5 x 2 X r-008 


—3:24x107* gm/coulomb. 


21/7. Atomicity of electricity. 


We know that onc gram-atom of a substance contains N (Avogadro's number) 
atoms. Ifeach ofthese atoms carries a charge e in the iouised state, total 
amount of charge carried in a gram-atom is Ne. We also know that chemical 


gram-atoM . hence total charge carried by a chemical equivalent of 


equivalent — valency 


i Ne 4 5 ; s 
the substance is equal to valen Since chemical equivalents n liberated by 
e 


one Faraday (96470 coulomb) of electricity, we must have valency =96470. 
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x e- 268 x valency = 70 xp 

—1:60x 107?? p coulomb 
where p denotes the valency. Since p is necessarily a positive integer 1, 2, 3, etc i 
the charge e carried by an ion must always be an integral multiple of 1*6 x 10-19 
coulomb of charge, The smallest value p--l, corresponds to a monovalent 
ion. The smallest amount of charge carried by an ion is therefore 1*60x 10-719 
coulomb. 


* 

A fraction of 1*60x 107? coulomb is never carried by an ion in electrolysis, 
This fact was first pointed out by Herman Helmholtz in 1867 and he concluded 
that rhe quantity of electricity, 160 x 107)? coulomb, was the minimum existing in 
nature. The minimum charge is a basic unit of electricity associated with matter 
and is called an elementary charge or an ato'n of electricit y. 

This concept was substantiated thirty years later with the discovery of 
electron, Its charge was measured and was found to be e— 1:60 x 10-1» coulomb, 
Monovalent ions, therefore, carries a charge e, diavalent ions 2e ; in general an 
ion of valency p carries a charge pe, 


Example 21-10. To liberate 30 cc of hydrogen at N.T.P., a steady current 
of2amp for 2 min 14 sec is needed, If mass of a hydrogen atom be 
16x 10- gm, calculate the value of the electronic charge in coluomb. Given 
density of hydrogen N.T.P.—0:00009 gmice. 


Solution. Volume of hydrogen—30 cc, 
^. Mass of hydrogen--(30 x 0-00009 ) gm. 
Since ¢=2 min 14 sec— 134 Sec, we find from eqn, (21:2) 


..,. 30x 0:00009 
Z= 3x134 gm/coulomb, 


Let e be the electronic charge in coulomb, Since hydrogen is monovalent, 
charge of each hydrogen ion is e coulomb, Now, as | coulomb of charge 
liberates Zy gm of hydrogen, therefore, e coulomb of charge liberates eZy gm 
of hydrogen. Also e coulomb of charge liberates 1 atom ie, 1-6 10-24 gm 

, of hydrogen. 
eZ, — 16 x 1072€ 
or, e 16x 107 x 2x 134 
3€ x 000009 
71:59 x 10-9 coulomb. 


Example 2011. Estimate the volume of dry hydrogen at N.T.P. which will 
he liberated by the Passage of 1 coulomb through a dilute aqueous solution of 
sulphuric acid. Given that electronic charge==1°6x 10-19 coulomb end Avogadro 
No, — 6:02 x 10%, 

Solution: Since hydrogen is monovalent, charge of each hydrogen ion= 
16x 1073 coulomb. .. 1 atom of hydrogen is liberated when 1:6x 10-7! 
coulomb charge passes through dil, sulphuric acid, 
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or, 1 molecule or 2 atoms of hydrogen is liberated when 2x 16x 10-1? 
coulomb charge passes. 


; ; 1 
1 coulomb charge liberates PILTAR =3125x10'8 molecules of 


hydrogen, 


Again since 6°02x10% molecules of hydrogen occupy 22°4x 10° cc at 
N.T.P, 


Volume of hydrogen liberated at N, T, P. 


22°4 x 103x 3:125 x 108 
-— "Ux m 1162 cc 


21:8. Experimental verification of Faraday's laws. 
The laws of electrolysis can be verified by the following experiments. 


To verify first law :—Usually a copper voltameter is used to verify this law. 
The two electrodes of copper are connected in series toa battery through an 
ammeter, a rheostat and a key (Fig. 
21:8). At first, the cathode plate is 
taken out of the voltameter and is 
cleaned and dried. It is then carefuily 
weighed. Now a current, say i, is led 
through the solution for en interval 
of 5 second. The cathode plate is 
again taken out end after rinsing with 
distilled water and then drying, its 
weight is noted. The difference between 
thetwo weights gives the measure of the 
amount of substance (copper) deposited on the cathode. 

Applying the same procedure, the experiment is repeated. But this time, a 
different current, say i, is led through the solution for ts second. If Wy and Wa 
be the masses of the substance (copper) liberated by the currents ^ andi, in f 
and 1, second respectively, then it will be found that 


where Q,, Q, are the total amount of charge flowing in the two cases respec- 


tively. Hence 
WoQ 

which is the contention of Faraday's first law. : 
:—To verify this law, voltameters containing diffe- 
rent electrolytes are used in series. For example, let us take copper sulphate 
solution with copper electrodes, silver nitrate solution with silver electrodes, 
and acidulated water with platinum electrodes as shown in Fig. 21:9. The 
voltameters are joined in series with an ammeter, a rheostat, a. key and a battery, 


To verify the second law 
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The cathode plates of each voltameter are previously cleaned, dried and then 
weighed. A constant current is allowed to pass through the voltameters fora 
fixed time. The cathode plates are taken out, one by one and thcy are washed, 
dried and weighed again to get the mass of ions libcrated at the cathodes. In 
the case where hydrogen is liberated this mcthod of weighing cannot evidently be 


CELL KEY Rh 


Mi —a-— — 34 


COPPER SULPHATE SILVER ACIDULATED 


SOLUTION NITRATE WATER 
SOLUTION 
Fig. 21:9 


performed. For getting the mass of hydrogen liberated, the volume of gas 
liberated should be reduced to normal temperature and pressure (N. T. P. ) and 
then multiplied by its normal density. If W,, W, and W, be the amounts of subs- 
tance liberated at the cathodes and if E,, E, and E, be their chemical cquivalents 
respeetively then it wili be found that 


Wi: Wy: WA—E,: Ey: Ez 


For example, in the case of copper, silver and hydrogen being liberated at the 
cathodes, we shall find that ; 
Wy: W,: Wy=31-5: 108 : 1 


Obviously the right hand side represents the ratio of their chemical equi- 
valents Thus Wæ E, which is the contention of the Faraday's second law. 


21:9, Measurement of current with the voltameters 


Copper voltameter and silver voltameter are usually used to measure small 
unknown currents, The current to be measured is passed through the voltameter 
for a known interval. In the case of copper voltamcter, since the electrolyte 
used is copper sulphate solution and both the electrodes are copper plates, the 
gain in the mass W of cathode plate after the current i atap has passed for the 
interval ¢ sec gives the mass of copper deposited on the cathode, Thus from 
the relation W=Zit, the current strength i in ampere is given by, 

W 


i= a 
U*UUUJ3Z9 x t PP 


where 0:000329 is the E. C. E. of copper in £m per coulomb, 
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If a silver voltameter is used, then the working relation can be similarly 
obtained as 
CR E 
0:001118 x t 
where 0:001118 is E.C.E. of silver in gm per coulomb. 


i amp 


21:10. Some additional facts about the dissociation theory. 


(1) The question may arise in the mind of inquisitive students that how can 
a molecule of a compound break up into two oppositely charged ions simply by 
dissolution into water. This can be explained from an elvctrostatical view point, 
In this molecule, these oppositely charged components are held together by 


electrostatic force of attraction given by Coulomb's taw( F=) This force 
r 


depends obviously upon the S.I. C. (k) of the medium. The S.I.C. of water 
is very high, about 80. The said force of attraction is, therefore, very much 
weakened by dissolution into water. Even the impact due to thermal collision 
then becomes sufficient to separate the ions so that dissociation occurs. 

(2) When the dissociation theory was first put forward, the electronic theory 
about the structure of atom was not known. Arguments were raised against 
the concept of free existence of ions inside the electrolyte. For example, when 
we dissolve NaCl in water, according to the dissociation theory Na+ ions and CI- 
ions are formed and they move freely in water. But we know that sodium reacts 
violently with water. How can it be that sodium ions remain freely inside water 
without reacting with water ? 

The modern electronic theory removes this objection altogether. We know 
that the chemical property of an element is determined by the number of elec- 
trons inthe outermost shell of its atom. Considering, for example, the case 
of NaCl, Na has 11 electrons (24+8+1=11), the outermost shell having only 
one electron. Nat ion is formed when the outermost electron is released. The 
resulting electronic structure (2+8) of Na* ion resembles that of the inert gas 
neon. Similarly, chlorine by capturing the electron becomes the ion CI- whose 
electronic structure represents that of the inert gas argon. Therefore, the Na* 
and Cl- ions being chemically inactive can have free existence in water. 


(3) Explanation of Faraday’s Law : 

The strongest evidence in support of the dissociation theory is provided by 
the fact that Faraday’s laws can be explained easily from it, 

First law : Let the charge of an ion be q and its mass be m. Let Q be the 
total charge carried to an electrode by the deposition of n such ions of net mass 
M. Obviously Q also equals the charge delivered by the battery, Then 

Q=ng and M=nm 
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Second law: Let Q be the charge required to liberate one gram-atom of an 
ion of valency p. If e be the charge of a monovalent ion, then ionic 
charge=pe. If N be the Avogadro number, then the charge required to liberate 
N atoms is given by Q--Npe. If M be the atomic weight of the ion, then the 
charge Q liberates M gm of it. If q be the charge necessary to deposit one 


gram-equivalent i. e. z gm of the ion, then =a p = Ne=con- 


stant. Hence the proof, 


2111. Applications of Electrolysis, 


The phenomenon of electroiysis finds numerous practical applications, 
Some of them are discussed below : 

(1) Electro-platiag: A thin coating of a metal, such as copper, nickel or 

chromium is deposited on the surface of another metal by a process called 
electroplating. This is done usually to make cheap articles appear more attrac- 
tive or to give a protective covering on iron for preventing the formation of rust. 
Thus, jewellery made up from cheap stuff are given gold or silver coating. Uten- 
sils made of brass or iron are nickel or chromium plated to be more durable, 
_ Let us now explain the process. Essentially there are three conditions for 
plating: (1) the electrolyte must contain a salt of the metal to be plated ; 
(2) the anode must be of the same material as the metal to be plated ; and 
(3) the cathode is the article to be plated. 

Thus, in gold plating—the anode is a gold-plate and electrolyte is a solution 
of gold cyanide in potassium cyanide ; in nickel plating —the anode is a 
nickel plate and the electrolyte is a solution of nickel sulphate in ammonium 
sulphate etc. 

It is better to use moderate value of amperage. When the amperage is too 
high, the metal plating does not fix itself to the article to be plated and scales 
off. It is good practice to use two anode plates, the object to be electroplated 
is placed between the anode plates to make the coating more uniform. 

(2) Electro-typing : Electrolysis can be used to make exact copies of types, 
medals or coins, The process is known as electro-type. A copy is moulded 
uader pressure on wax, plastic or plaster of paris. The copy is then coated with 
graphite to make it conducting, It is then immersed in an electrolytic bath using 
evpper sulphate solution as electolyte and copper as anode. The copy acts as the 
cathode on which a layer of copper of the required thickness is deposited. The 
electrotypes are sometimes hardened by being plated with a thin layer of nickel. 
Thousands of copies can be printed from such electrotypes, 


(3) Electrometallurgy : Many metals are extracted from their ores by 
electrolysing their fused salts. For example, the ore of aluminium viz,, bauxite 
(Al,0,) is dissolved im molten cryolite and the solution is electrolysed with the 
iron container serving as cathode and carbon rods as anode. Aluminium is 
liberated at the cathode, Different metals e.g., sodium, potassium etc., are 
extracted from the ores in the same way, Chlorine gas is also manufactured by 
electrolysis, 
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(4) Refining of metals: Certain metals are refined by electrolysis. In 
this process, the ores or crude metals are made anodes and the deposition takes 
place in pure form on the cathodes. The electrolyte is a solution of some 
suitable salt of that metal ina suitable liquid. It should be remarked that 
refining of copper by electrolysis is very important ; for small traces of arsenic 
or antimony present in copper will nearly double its resistance to the passage 
of electric current and lower its conductivity appreciably. 


21:12. Secondary cells or Accumulators. 


Two types of secondary cells or accumulators are widely used : (i) the lead- 
acid accumulator and (ii) the nickel-iron alkaline accumulator. Of these we 
shall describe in detail only the first one which is in most common use. 


The lead-acid accumulator: This cell has an e,mf. of 22 volt when 
fully charged. However, its e.m.f. rapidly falls down to 2 volt and stays at that 
value for a considerably long time during which the cell delivers a steady current, 
As the cell has very low internal resistance of about 0:02 ohm, a fairly large 
current can be obtained from it. This type of cell was invented in the year 
1860 by Gaston Plante and subsequently it was modified by various investigators, 


The cell consists of a number of alternate --ve and — ve plates dipped in dil. 
H,SOa contained in a glass or bakelite container [Fig. 21-10(a)]. All +ve plates 
are joined together by alead bar which is connected to the + ve terminal at 
the top ofthe contaicer. Similarly the —ve plates are connected to the —ve 


GRIDS OF LEAD 


—Ve PLATES 


+Ve PLATES 
GLASS CONTAINER 


(a) (5) 
Fig.21:10: Lead-acid accumulator 
terminal. Both the --ve and —ve plates are actually grids of lead, When the 
cell is fully charged, the spaces in the grids in tho --ve plates are filled 
with a paste of lead peroxide (PbO,) and those in —ve plates with spongy lead 
(Fig. 2110 (b)). The lead peroxide and lead serve the role of the 'active? 
materials in the accumulator, The specific gravity of the acid is 1-25. 

i ing of accumulator: When tke accumulator is driving a current in 
an pe fe it is said to be discharging. Hydrogen and sulphate ions 
are present in the dil. H,SO, soln. which is the electrolyte. The H* ions migrate 
towards the +ve plate and get neutralised by acquiring electrons. The hydrogen 


ZEEE, 
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then reduces the lead peroxide to lead monoxide which reacts with H,SO, to 
form lead sulphate. The sulphate ions, on the other band, migrate towards the 
—ve plate where they combine with lead ions to form lead sulphate. Hence, 


At the positive plate 
2H* +2e+H, 
PbO, +H,>PbO+H,O 
PbO+H,SO,>PbSO,+H.0 
At the negative plate 
Pb-—Pb**-4-2e 
Pb**--SO,7-—PbSO, 

Thus lead sulphate is formed at both the plates. It is not soluble in 
H,SO, and forms a coating on the plate, Moreover, during discharge, the 
acid is consumed so that the solution becomes dilute, i.e., its specific gravity is 
reduced. Hence the,sp. gravity of the acid solution furnishes an indication of 
the state of charge. In the fully discharged state of the cell, the sp. gravity of 
the acid solution reduces to about 1°16. 

The e. m. f. also falls as the discharge continues. Near the end of the dis- 
charge, the e. m. f. falls to about 1:8 volt. 

Charging of accumulator: After completion of the discharge, the accumu- 
lator is restored to the original condition by sending a current by an external 
agency through the cell in the opposite direction. An external p.d. just greater 
than the e.m.f. of the cell is applied across it so that the positive plate serves as 
the anode and the negative plate as the cathode, The h;drogen ions move to- 
wards the negative plate and reduce the lead sulphate to the metallic lead. The 
sulphate ions migrate towards the positive’ plate and produce lead peroxide and 
sulphuric acid. Thus 


At the negative plate 
2H* +2e+H, 
PbSO,+H,>Pb+H,SO, 
At the positive plate 
$0,--+S0,+2e 
PbSO,+S0,+2H,O +PbO,+2H,SO, 


So the cell gradually returns back to its original condition and the charging 
process is discontinued when the sp. gravity of acid solution becomes 
about 1:25. 

Some facts to remember : (i) During discharge, itis not safe to allow the 
sp. gravity of the acid solution to fall below 1:18. If discharged further, the 
plates may be sulphated i.e. coated with white insoluble lead sulphate which can 
not be removed, If this happens, then the only remedy is to renew the plates. 
(ii) The accumulator should never be left idle in the discharged state for long 
periods, for in that case also the plates may be sulphated, (iii) The accumulator 
should never be short circuited. As the internal resistance of the cell is very 
small, a large current will flow and the plates may get buckled and sulphated ' 
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weyond repair, (iv) The sp, gravity of the acid soln, sometimes increases due to 
<v 4poration of water from the soln, To counteract this, distilled water is often 
<a ded to the soln, so that the level is maintained at a definite marking usually 
x2 Oted on the body of the cell by the manufactures. (v) The capacity or total 
«-Kaarge that can be delivered by an accumulator is measured in ampere-hour 


(Ah) Thus a 50 Ah cell can supply 1 ampere of current for 50 hour or say 10 
zx xnpere for 5 hour etc, 


2 The nickel-iron alkaline accumulator : The -+ve plate of this accumulator 
is nickel oxide (NiO,), the —ve plate is iron and the ciectrolyte is a solution of 
Potassium hydroxide (KOH), and alkali, The e.m.f. of the cell is about 1-3 
volt. The cell is more expensive than lead-acid cell but possesses many 
aa cvantages, It is lighter and possesses a longer life. High current may be 
< rawn from it and it may also be left unused for a long time in the discharged 
«condition without any damage. This type of cell is used extensively where 
weight is a factor e.g, in miners’ lamps or where regular charging is not possible 
«.g. in railway rolling stock. 1 


Example 21:12. A battery of e.m. f. 2 volt and internal resistance 0'1 ohm is 
being charged with a current of 5 amp. In what direction will the current flow 
Zrzside the battery ? What is the potential difference between the two terminals of 
£ Fae battery ? [7. I. T. 80) 

Solution: The charging current sent by an external agency must pass 
through the battery in the opposite direction to that sent by the battery during 
as discharge, Hence the charging current must enter at the positive terminal 
& nd leave at the negative. ! 

The external agency must overcome the e.m.f. of the cell and also its internal 
py Thus, if V be the p.d. between the two terminals of the battery, 
then 

V=2+5x0°1=2°5 volt. 


@ EXERCISE 


[.4) Essay type questions. 

1, What iselectrolysis? Explain the phenomenon from the standpoint of the theory of 
| Lectrolytic dissociation. 

2. How does a flow of current through an electrolyte differ from that through a meta! ? 

Describe an experiment to show that the movement of ions constitutes the electric current 
through an electrolyte, 

3. Distinguish between electrolytes and non-electrolytes. Give examples (at least three) 
*Ofeach, Describe an experiment by which you can identify an electrolyte. 

4. Describe an experiment to show the electrolysis of hydrochloric acid. 

5. Whatisa voltameter ? For what purpose it is used ? Describe a water voltameter and 
©=plain various actions taking place in it with the passage of electric current. 

6. How can you demonstrate that electrolysis of water yields hydrogen and oxygen, the 
f<rmer having volume twice as that of the latter ? 
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7. Describe a copper voltameter and explain the net effect produced in it. What happens 
ifthe copper electrodes are replaced by platinum electrodes? With platinum electrodes 
what happens if the current is continued for a long time. 

8. State and explain Faraday’s laws of electrolysis. 

Define electrochemical equivalent. [ H. S.°79, '81, '83] 

9. State Faraday'slaws of electrolysis. Give an account of the theory of electrolytic 
dissociation and show how Faraday’s laws are explained from this theory. 

10. State Faraday’s laws of electrolysis. How can you experimentally verify them ? 

11. State Faraday’s laws of electrolysis. Show that while first law provides the definition 
of electrochemical equivalent, the second law provides us with a new unit of electricity called 
Faraday. 

12, Explain clearly how would you find experimentally the ratio of the electrochemical 
equivalents of hydrogen and copper. [ C. U.] 

13. What do you mean by a secondary cell? Why itis termed so? Describe the action 
of a secondary cell of any type. 

14. Describe any form of storage cell or accumulator. State briefly the chemical reactions 
which occur in the cell while charging as wellas while discharging and the precautions to be 
taken in using the cell, 

15. Write short notes on : (i) Electroplating [ H. 5. '87, '83] (ii) Electrotyping (iii) Elec- 
trometallurgy (iv) Refining of metals by electrolysis (v) Nickel-iron alkaline accumulator 
(vi) Atomicity of electricity, ^ 


(B] Short answer type questions, 


1. Define: ion, electrolyte, non-electrolyte, electrolysis, electrolytic cell, cation, anion. 
2. Classify the following substances into electrolyte and non-electrolyte : 
(i) Water, (ii) Alcohol, (iii) Mercury, (iv) Sodium hydroxide (v) Sugar (vi) Urea 
(vii) Sulphuric acid (viii) Hydrochloric acid (ix) Carbon (x) Potassium chloride. 
3. You are provided only with a cup of water (not pure). How can you test the polarity 
of a D.C, supply ? 
4. Define the terms gram-atom, gram-molecule, gram-equivalent and chemical equivalent, 
5. Define electrochemical equivalent of a substance. How this is related with its chemical 
equivalent ? 
6. Explain how from Faraday’s laws of electrolysis we get an idea of atomicity of electri- 
city. > 
7. Show from Faraday’s laws of electrolysis that the ratio of electrochemical equivalents 
of two substances equals the ratio of their chemical equivalents. 
8. What do you mean by the statement— *The E.C.E. of copper is 000033 gm/coulomb.” 
9. Prove that the same charge is required to deposit one gram-equivalent of any substance. 
What is the magnitude of this charge ? 
10. The same current is flowing through a copper voltameter and a silver voltameter for 
thesametime. Willthe amounts of copper and silver liberated differ ? Explain. 
11. What is Faraday? Show that it is equivalent to 96470 coulomb, 
12. How can the strength an electric current be measured by means of a copper 
voltaraeter ? 
13. (a) Two wires are connected to the poles of a hidden battery. How would you 
find out which wire is connected to the positive pole of the battery ? 
(b) A storage battery is to be charged from a D.C. supply. Should the +ve or should 
the — ve terminal of the battery be connected to the +e side of the line? Explain your 


er. [I.I T. 78] 
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z-. “The capacity of a secondary cell is 50 ampere-hour'"—Explain the statement. H 
menace electric charge can be drawn from the cell without damaging it ? E. 


3 5. “Specific gravity of the sulphuric acid solution in a lead-acid accumulator indicates 
the <legree of discharging or charging of the cell.”—Justify the statement. 


3 €. Can you define ampere on the basis of electrolysis ? 
3 7. Justify the following statements : 


(i) The instruments, a voltameter and a voltmeter, are not used for identical purposes. 
Gi) Flow of electricity through an electrolyte is always associated with transport of 
matter, 
iii) Final products of electrolysis depend upon the nature of the electrolyte as well as 
upon the electrodes. : 
(iv) In the electrolysis of water, the volume of hydrogen liberated is found to be not 
exactly twice the volume of oxygen liberated. 
(v) Fused saits are electrolysed to obtain the products of the electrolytic dissociation 
directly. 
(vi) Breaking up of a molecule into two oppositely charged ions simply by dissolution 
into water can be explained from an electrostatical view point. 
€vii) Sodium reacts violently with water, but sodium ions remain freely inside water. 
€ viii) While using a lead-acid accumulator, the sp. gravity of the acid should not fall 
below a particular value. 
(ix) A lead-acid accumulator should never be short circuited. 


[C] Simple Problems. 


Z.  Acopper voltameter is connected in series with a coil of resistance 2:2 ohm. When a 
steady current is sent through the voltameter, it is found that the p.d. between the ends of the 
colE is 2volt. Find the weight of copper deposited in the voltameter in 30 minute. (Given, 
E. <=. E. of Ca=0-00033 gm/coulomb). [ Ans. 0°54 gm} 


: =. Find the time necessary to liberate 1 litre of hydrogen at N.T.P, from acidulated water 
uis a current of 20 amp, (Density of hydrogen at N.T.P.=0°09 gm per litre, E.C.E. of 
hy zen 20:0000104 gm/coulomb. (Ans. 1 hr 12 min 69 sec } 
S. Calculate the current required to deposit 2 gm of copper in 40 min in a voltameter 
Oey Sining cupric sulphate. Atomic wt. of silver=107-9, of coppers:63:6 ; E.C.E. of silver= 
OO 2 3 18 gm/coulomb. ; [4ns. 2:53amp] 
4 4 When current is passed through a silver voltameter for 16m 40s, 2g 236mg of silver is 
ost ted at the cathode. If double the amount of current is passed for 25m, what amount of 
silver would be deposited at the cathode ? (H.S.'79) [ Ans. 6/708 gm ] 


th 7$. A60 watt lamp is joined in series with a battery and a silver voltameter. In 1 hour 
gc, aont of silver deposited is found to be 3:6 gm. Calculate the p.d. across the lamp. 
^— EZ. ofsilver-0:001118 gm/coulomb. [ Ans. 67-08 volt] 
de e. An ammeter in series with a silver voltameter reads 1:50 amp. If 1:085 gm of silver is 
PC si ted in 10 min, find the error in the ammeter reading. (E.C.E. of Ag=0-001118 gm/ 
$e nb) [ Ans. —012 amp } 
rs 7- A metal having a total surface area 300 sq cm is to be nickel-plated. If a current of 
ni = mnp is used for 3 hour, find the thickness of nickel deposited on the plate. [Density of 
cker ==8°8; gm/cc, E.C.E. of nickel=0-000304 gm/coulomb ] { Ans, 1:87x107? cm) 
- Find the cost of silver used in silver plating a dish of area 200 sq cm with a layer of 
Xaa in thickness if the costof'silver is 12 paise per gm. (Density of silver=10°5 gmjcc) 
(D.U. '66) [ Ans. Rs. 2:52] 

>. A metal ornament of mass 400 gm is to be plated with 1 percent of its mass 
Chromium. How long wil! this take using a current of 4 amp? E.C.E. of chromium 


[o 
0090, gmjcoulomb. (Ans. 3 br 5 min 11 sec] 


01 


480 ELEMENTS OF HIGHER SECONDARY PHYSICS 


10. How long a current of 1:25 ampere is to be passed through a copper voltameter so 
that 0'1 mm thickness of copper of density 8:9 gm/cc may be deposited on one face of a 
circular plate of radius 25 cm, — E.C.E. of copper-0:00033 gm/coulomb. — ( Jt. Entrance '76) 

[ Ans. 1hr 10 min 34 sec] 

11. A plate of area 10 sq cm is to be electroplated with copper (density 9 gm/cc) to a 
thickness cf 0:001 cm on both sides, using a cell of 12 volt. Calculate the energy spent by the 
cell in the process of deposition. If this energy is used to heat 100 gm of water, calculate the 
rise in temperature of the water, E.C.E. of copper is 0-0003 gm/coulomb. CECT, 71) 

{ Ans, 7200 joule, 17°14°C | 

12, Aluminium is being extracted by electrolysing Aluminium Oxide dissolved in molten 
cryolite. If the current used be 1000 ampere, find the time required for getting 1 kg of Al by 
electrodeposition, [Given : atomic wt. of Al is 27, valency of Al is 3 and one Faraday is 
96,120 coulomb]. ( Jt. Entrance ’78) [ Ans. 2 hr 58 min] 

13. Calculate the time taken to deposit a coating of nickel 0:05 cm thick on a metal sur- 
face by means of a current of 20 ampere/sq inch of the surface. Nickel is a divalent metal of 
atomic weight 59 and of density 9. Silver has an atomic weight of 108 and an e.c.e of 1118 
mg/C. (A.M.LE.) [ Ans. 7 min 55:3 sec] 

14, If 95,500 coulomb of electricity liberate one gm equivalent of any substance, how 
long will it take fora current of 1-2 amp to deposit 100 mg of copper from a solution of 
copper sulphate ? Chemical equivalent of copper is to be taken as 32. [4ns. 25 min 8 sec] 

15. A steady current of 10 amp maintained for 20 minute deposits 1:12 gm of aluminium 
at the cathode. Determine the equivalent weight of aluminium. Take 1 Faraday— 96,500 


coulomb. [Ans. 9] 
16. Determine the E.C.E. of zinc having atomic weight 65 and valency 2, given 1 Faraday 
=96470 coulomb. [ Ans. 0:000337 gm/coulomb ] 


17. A given current releases 2:5 gm of oxygen in 20 minute. How long will it take for 
the same current to deposit 21 gm of copper from a copper sulphate solution? C. E. of 


copper «e 31:5, of oxygen — 870. [ Ans. 42 min 40 sec] 
18. If 96,500 coulomb liberate 1 gm of hydrogen, how long must a current of 15 
milliampere flow to deposit 0*5 gm of silver (chemical equivalent 108) ? (London) 


[Ans 8 hr 16 min 24 sec] 


19. Calculate the time requíred for a current of 6 amp to decompose electrically 27 gm of 
water. Equivalent wt. of hydrogen 1:0, of oxygen 8:0, 1 Faraday —96470 coulomb. 
[ Ans. 13 br 23 min 55 sec] 
20, Taking the charge on a monovalent ion as 1:6: 10-?? coulomb, E.C.E. of hydrogen as 
104.x 10-7 g/c and the density of hydrogen at N.T.P. as 9x 10-5 g/cc, calculate the number of 
molecules per cc of hydrogen at N.T.P. (Bihar) [ Ans. 2:705 x10"* j 
21. One gram-equivalent of any element is liberated by 96,500 coulomb, the charge on an 
electron is 1:59 x 10-1? coulomb, and the density of hydrogen at N.T.P. is 0:00009 gm/cc. Cal- 
culate from this data the number of molecules in 1 c.c of any gas at N.T.P. 
( Oxford & Cambridge ) | Ans. 2:73 x10") 
22. The electrochemical equivaient of silver is 0001118. Assuming the atomic wt, of silver 
to be 107:9 and Avogadro's number to be 6:06 x 10, calculate the charge on a silver ion in 
silver nitrate solution. [ Ans. 1:59x 1077? coulomb ] 
23. The terminals of a Daniell cell is joined through a resistance of 1 ohm. If the internal 
resistance of the cell is 4 ohm and the circuit is closed for an hour, calculate the mass of zinc 
dissolved assuming e.m.f. of the cell remaining at 1-08 volt. [E C.E of zinc—0-00034 gm/ 
coulomb ] ( Jt. Entrance '80 ) [ Ans. 0°264 gm] 
24, The zinc rod of a Daniell cell decreases in weight by 0:9 gm in 2:5 hour. What is the 
current ‘delivered by the cell? (C.E. of zinc-32:5, E.C.E. of hydrogen—1:04 x 107" gm/ 
coulomb) [Ans. 0:296 amp] 
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25. A battery of two Daniell cells sends a current through a silver voltameter. Find the 
amount of silver deposited for 1 gm of zinc dissolved in each cell when the cells are (i) in series 
(ii) in parallel. At. wt. of silver—108, of zinc» 65. (Nagpur '53) [ Ans. 3:323 gm ; 6:646 gm) 

26. Assuming that there is adequate CuSO,, calculate how many ampere-hour a Daniell 
cell will deliver before a 300 gm zinc electrode is all dissolved ? ‘ 

(E.C.E. of zinc=0-000336 gm/c) { Aas. 248 amp-hr } 

27. Find the weight of zinc and manganese dioxide required to produce 1 ampere-hour in 
a Leclanche cell. Given 

Atomic weights : Mn=55, O=16, Zn=65 

E.C.E of hydrogen=0-0000104 g/c. [ Ans, 1'217 gm, 3:258 gm ] 

28. The wastage of zinc in a battery, when current is drawn from it is partly due to local 
action and partly due to electrolysis. If the wastage of zinc through local action is 20 percent 
only, find the total amount of zinc that will be wasted when the current drawn from the battery 
deposits only 6 gm of silver from a solution of silver nitrate in water. Chemical equivalents 
of zinc and silver are respectively 32:5 and 108. ( Jt. Entrance '73 ) [ Ans. 2:26 gm} 

29. A cell of e.m.f. 1:2 volt and internal resistance of 0*1 ohm is connected in series with 
a resistance of 5 ohm and a silver voltameter. If the silver deposited on the cathode is 0-18 gm 
in half an. hour, find the resistance of the voltarheter. How many cells would you need 
and in what way they may be connected to doubie the current in the voltameter ? ( E.C.B. of 
silvere=0°00112 gm/coulomb) ( Kharagpur E.E.'68) [Ans. 8:34 ohm , 2 cells in series] 

.30. A copper voltameter is connected in series with a water voltameter, A current of 2 
amp is passed for 15 min through the combination. If 0°888 gm of copper is deposited, find 

.the weight of hydrogen liberated. (Atomic weight of coppere63:6, valency=2 ; Atomic 
weight ofhydrogen=1-008, valency of hydrogen=1) { Ans, 00282 gm j 
31.. Acopper and a silver voltameter are connected in parallel to a 24 volt battery of 
. negligible internal resistance. In one hour 1-1 gm of copper and 2:8-gm of silver are deposited. 
At what rats the energy is being supplied by the battery? ( E.C.E. of silver=0-00112 gm/ 
coulomb ; of copper=0-00033 gm/coulomb) ' Y [Ans. 38:89 watt] 
32. Two copper voltameters in parallel are joined in series with a silver voltemeter and & 
d.c. supply. After passing a current for a suitable time, the mass of silver deposited is 108 gm 
and the mass of copper deposited in one of the voltameters is 1-18 gm. What mass of 
copper is deposited in the other voltameter ? .( Atomic wt. of silver 108, of copper 63°6 ; 
valency of silver 1, of copper 2.) (London) [ Ans, 2:0 gm ] 
33. An electric current is sent through a silver voltameter and a water voltameter joined 
in series. It is found that 2-7 gm of were a cent pra theoma H hydrogen “i 
i in the same time. (C uivalents : silver 108, oxygen 8, hydrogen 1). 
orygen liberated in the ( eq Ln. 0-025 gm, 02 gm] 
34, Two copper voltameters are connected in series. A silver voltmeter is joined in 


At, weights :—Copper 63, oxygen 16, hydrogen 1 ; Valencies : copper 2, oxygen 2, hydrogen 1] 


co) voltameters in parallel ; 
vei ce. if afver 30 minbfe the deposits are 0763, 0:742 and 0:786 gm respectively, find 


the strength of the current drawn from the battery. E.C.E. 


i internal resistance 
tic cell containing & solution of copper sulphate has an 
of npr at in series with a 2 volt battery of negligible resistance and a 2 chm 


P-iI/31 
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i ` cathode in one 

i Calculate the mass of copper that will be deposited on the cat 
pid Nac 2 ohm resistance is connected in parallel across the electrolytic. cell and the 
same battery is used, how much copper will be deposited in one hour? ( E.C.E. of copper= 
000033 gm/coulomb). (LIT. "66 ) [ Ans. (a) 0792 gm (b) 2376 gm ] 


[D] Harder Problems. 


ter voltameter is joined in series with a resistance R immersed in a liquid in a 
PA ptas the total water equivalent being 90 gm. A current issentthrough the voltameter 
so that the p.d. betwecn the ends of Ris 2:08 volt. Assuming that there are : no heat losses 
from the calorimeter, what will be the rise of temperature during the time in which 105 cc T 
hydrogen at N.T.P.are liberated in the voltameter ? (Density of hydrogen at Ph Ar 
gmi/litre, E C.E. of hydrogen 1:04 x 10-5 gm/coulomb) : E. [ Ans. 5C] 
2, A copper voltameter is connected to a wire of resistance, 27 ohm in series.. The wire is 
immersed in 350 gm of oil of specific heat 0:5. When a current is passed, it is found that 
0°66 gm of copper is deposited in 20 minute. Find the rise in temperature of oil during the 
flow of current in it. Given, E.C.E. of copper—0:00033 gm/coulomb. [ Jt. Entrance, '75] 
{ Ans. 12245*C ] 
3. A 6 volt cell of negligible internal resistance is connected in series with a Joule's 
calorimeter and a copper voltameter. The heating coil of the calorimeter has a resistance of 
3 ohm aud the water equivalent of the calorimeter is 240 gram. The water equivalent of the 
voltameter and its contents is 600 gram. If in 12 minute the rise in temperature of the calori- 
meter is 4:2°C., 
(a) Find the mass of copper deposited on the cathode of the voltameter. 
(b) Find the resistance and the rise in temperature of the voltameter, 
. (c If the level of the electrolyte in the voltameter is doubled and part of electrodes 
still remains above the liquid, explain how the resistance of the voltameter will be affected. 
(EILT.'68)[ Ans. (a) 0:323 gm (b) 1:286 ohm, 0:72°C (c) wili be halved J 
4. A battery maintains current in two circuits 4 and B in parallel, 4 consists of a copper 
voltameter whose resistance is 0*5 Ohm, and B consists of a wire of length 1 metre, cross- 
section 0:2 sq mm and resistivity 1*6x 10-5 ohm-cm. When 0:4 gm of copper is deposited in 
the voltameter, 30 calorie will be developed In B. For what time has the circuit been closed ? 
E.C.E of copper--0:000329 gm per coulomb. (London) { Ans, 61-1 min] 
5. A dynamo of e.m.f. 220 volt has an internal resistance of 4 ohm, It supplies current to 
a circuit consisting of an electric motor of resistance 1 ohm and a copper voltameter of resis- 


valent of copper. [The atomic weights of hydrogen and copper may be taken as 1:008 and 
63'6 respectively and the density of hydrogen at S.T.P. asQ9-0900 gm/litre }. ( London ) 
[ Ans. 3:28 10-4 gm/coulomb ] 
7, A steady current of 2:0 amp flowing for 11 min 10 sec liberates 150 cc of hydrogen at 
standard temperature and pressure, Taking the density of liydrogen to be 0:00009 gm/cc at 
N.T.P. and the mass of the hydrogen atom to be T6x1074 gm, find the value of the electronic 
charge in coulomb. (Oxford) [ Ans. 1:59x10-1» coulomb ] 
8. Ifthe electrochemical equivalent of hydrogen is 00000104 gm per coulomb and if e/m 
for an electron bo 1-759 x 10" e.m.u. per gm, calculate the ratio of the mass of a hydrogén ion 
to that of an electron, (C.U.'78) [ Ans. 1829] 
9. Calculate thd minimum e.m.f, necessary in order to decompose water. Given E.C.E, of 
hydrogen —0-0000105 gm/coulomb, the heat yield of 1 gm of hydrogen in combining to form, 
water =34500 cg), J=4:2x 10" erg/cal and 1 joule=107 erg. (Calcutta Univ.) [Ans, 1-52 volt] 


23 | MAGNETIC EFFECT OF 
| ELECTRIC CURRENT 


CHAPTER 


22:1. Oersted's experiment. 

In the year 1828, the Danish physicist H, C. Oersted accidentally discovered 
that a wire carrying a current always producesa magnetic field in its neighbour- 
hood. He found that a magnetic needle placed neara current-carrying wire is 
defiected when the current is switched on. This can be demonstrated as follows : 


A straight piece of wire AB is placed over a magnetic needle along its length 
ie. along the north-south direction (Fig. 22:1 (a). Ifa currentis now sent 
through the wire in a direction from south to north, the north pole of the 
compass needle is found to be deflected towards the west [Fig. 22-i (bj]. 
Greater the strength of current through the wire, larger will be the deflection of 


B B B 
—_ 
A, A A 
NO CURRET CURRENT TOWARD CURRENT TOWARD 
NORTH SOUTH 
(a) (6) (6) 
Fig. 22:1: Oersted's experiment 

the needle, Ifthe direction of the current is reversed, the deflection is also 
reversed [Fig. 22:1 (c)]. If we put the wire under the needle and parallel to it, 
then for the same direction of the current, the needle is found to swing in a 
direction opposite to that when the wire was above it. If the wire is placed 
perpendicular to the length of the needle, then no deflection of the needle is 
noticed on sending a current through the wire. 

Thus the direction of deflection of the needle depends upon (i) the direction 
of the current and (ii) the position of the needie w.r.t. the wire. The direction 
of deflection can be found by any of the following rules : 

(i) Oersted's rule: The right hand is so placed that tbe current carring 
wire.lies in between the palm of the hand and the needle. The plam of the 
hand should always face the wire. Then if the fingers indicate the direction of 
the current, the out-stretched thumb will give the direction of defiection of the 
north pole of the needie [Fig. 22-2 (a)]. 

(ii) Ampere’s swimming rule: If a man is assumed to be swimming 
along the wire in the direction of the current with his face towards the magnetic 
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needle, then the north pole of the needle will be deflected in the direction of 
his left hand (Fig. 222 (5)]. j ; ; 


ta) 
Fig. 22:2 


This experiment, therefore, clearly reveals that a magnetic field is established . 
in the region surrounding a wire carrying an electric current. The wire itself, 
however, doés not become.a magnet, This can be shown by dipping the current 
carrying wire into iron fillings, No iron filings will cling to the wire. The nature 

. of the metal of which the wire is made does not in any way affect the. nature of 
the magnetic field, It is therefore logical to associate the creation of the 
magnetic field with the electric current itself. This is established from the fact: 
that a magnetic field appears in the surrounding region when a current flows 
through an electrolyte in the process of electrolysis or when an electric discharge 
passes through a rarefied gas. So we can say that a magnetic field is always 
created in the region surrounding any electric current. 


‘We know that motion of charged particles constitutes an electric current. 

. This naturally leads to the conclusion that magnetic fields come into existence 

when charges are in motion. Hence a moving charged particle, or a stream of 

charged particles gives rise to a magnetic field. This property is not exhibited 
by charged particles at rest. 


This branch of Physics which deals with the magnetic effects of electric 
currents is called Electro-magnetism, After Oersted's discovery, rapid pro- 
gress was made in exploring the facts of this subject and many practical 
appliances e,g., electro-magnet, electric motor etc, were constructed from the 
utilization of the results of these studies, 


22:2. Laplace’s Law. 


We know that the direction of deflection of a north pole at any point is the 
same as the direction of the magnetic field at that point. Hence the twoerules 
stated in the preceding article to obtain the direction of deflection of the north 
pole of the needle also give the direction of intensity of the magnetic field 
produced by the electric current through the wire, The magnitude of the field 
may be obtained from a law given by Laplace which we shall discuss now. This 
law holds good for all conductors of ail shapes. The law states that— 
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The intensity Æ of the magnetic field ata point P due to the current f in a 
emali element A (Fig. 22:3] of a conductor is 

(i) directly proportional to the current, i.e, Hoci, 

(ii) directly proportional to the length of the 
element, ie. Hoc Al, 

(ii) directly proportional to the sine of the 
angle (0) between the element and the line joining 
the point to the mid-point of the element, i.e. 
Hasin 0, and. £ 

(iv) inversely proportional to the square of the 
distance (r) of the point from the element, i.e. 
Hoi]? . Fig. 22:3 : Laplace's Law 


* {Al sin 0 
Thus, . fe 


| pifl sin 0 
H=K-——,— 


where K is the constant of proportionality whose value depends upon the units 
used. 

The unit of current is so chosen that the value.of K becomes unity. his 
unit of current is called the absolute electromagnetic unit of current (cf. next 
article). Hence Laplace's law gives 
__ iAl sin 8 : 

He = ove (22:1) 

Indirect experimental verification of this law was obtained by French 
scientists Biot and Savart. The law is, therefore, frequently called the Biot- 
Savart law. 

The direction of the magnetic field H at P is perpendicular to the plane , 
containing the element A/ and r. : 

For a conductor of finite length, the magnetic field at & point may be found 
by integrating the above expression, "is j 


22-9. Electromágnetic unit of current. : 
A unit of current is defined with the help of Laplace's law. Tf 
we put AJ—1cm, r—1 cm, sin 0=1 ie.,0—90*, H«c] oersted, iol, then K=1. 
So we can define the absolute electromagnetic 
unit of current as that current which flowing through 
a conductor of length one cm bent {n she shape of an 


s 


8 . arc ofa circle of one cm radius produces a magnetic 
S field of one oersted at the centre of the circle (Fig. 224). 
E Often the word ‘absolute’ is dropped and the unit 
H=1 oERSTED is called in short one e.m.u. of current, ‘The unit is 
Fig. 224 ; Definition ‘also sometimes termed the abampere. 3 
of e.m,u. of current The above unit of current i$, however, & large one. 


In practice, therefore, a. unit of current smaller than the e.m.u, is used, This 
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practical unit of current is called an ampere and it is one-tenth ofan e.m.u. 


of current. Thus 
1 e.m.u. of currents 10 ampere. 


23:4. Magnetic field due to current in a long straight wire. 


The nature of the magnetic field due to current flowing through a long, 
straight wire may be understood from the following experiment : 


A thick copper wire is passed perpendicularly through the centre of a piece 
of strong cardboard held horizontally as shown in Fig, 22:5. A fine layer of 
iron filings is sprinkled on the cardboard. After sending a suitable current 
through the wire, the cardboard is tapped 
lightly. It will be found that the filings arrange 
themselves in a series of concentric circles 
round the wire. This shows that the lines of 
force of the magnetic field produced by the 
current through the wire are concentric circles 
with the wire as centre and lying in a plane 
normal to the wire. Hence they are closed 
curves having no end or beginning. The direc- 
tion of the field is indicated in the figure and 
may be obtained by placing a small magnetic 
needle on the cardboard. The needle sets itself 

Fig. 22:5: Magnetic field due tangential to the lines of force. On reversing 

to current in a straight wire the direction of the cuzrent through the wire, 
the field pattern is found to remain unaltered but the direction of the lines of 
force becomes opposite. The direction of the lines of force (i.e. of the magnetic 
intensity) may be obtained by employing any of the following rules : 

Maxwell's cork-screw rule: Let us imagine a cork-screw (right handed) 
driven along the wire in the direction of the current, The direction of rotation 
of the thumb gives us the direction of the lines of force [Fig 22*6(a)]. 

Right-hand grip rule: Let us grasp the wire with our right hand so that 
the thumb points in the direction of the current, The fingers then circle the 
wire in the direction of the lines of force [Fig, 22:6(b)] 


FIELD 
4 i- 


X j CURRENT 


THUMB —« CURRENT 
FINGERS = FIELD 


(a) (b 
Fig. 22:6 (a) Maxwell's cork-screw rule (b) Righi-haad gii) rule 
It should be noted that these two rules as also the rules stated before in Art 
22:1 give identical result. One may apply any of them as seems convenient, 


The magnitude of the intensity may be obtained theoretically by applying 
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Laplace’s law. Itis found that the intensity at a distance rfrom the wire 
(assumed to be infinitely long) is given by 

H=” se >$ (22:2) 
the current ; being expressed in e.m.u. The intensity, therefore, varies directly 
with the strength of the current and inversely as the distance from the wire, 


It should be noted that the field pattern shown in Fig, 22:5 can be obtained 
only in a small region surrounding the 
wire where the magnetic field produced 
by the current is very strong. Obviously 
the weak magnetic field due to the earth 
is superposed on this field. Near the wire 
its effect is too small to be taken into 
account, But at greater distances from 
the wire, we obtain the resultant field due 
to the superposition of the two fields and 
the field pattern becomes modified as 
shown in the Fig, 227. The current in SECTION OF WIRE 
the wire a flowing normal to the plane of Fig. 272 
the paper from the back towards the 
reader. To the west of the wire, the two fields oppose each other and à neutral 
point (marked X ) is obtained where they become equal, 

Rotation of magaet round a current; We have already seen that the 
lines of force due to a current flowing in a straight wire are concentric circles. 
They are therefore closed curves having no end or beginning. From the defini- 
tion of a line of force, it follows that if a north pole be gtiowed to move freely, 
it will go round and round in a circle about the wire. An isolated north pole 

can not be obtained in practice. This continu- 


TO MAGNETIC NORTH 


CURRENT ous rotatory motion of a magnetic pole can 
however be demonstrated as follows. 
Lie Demonstration experiment: A glass 


tube with two insulating stoppers is taken [Fig. 
22:8). Some mercury is placed inside the tube. 
A thin cylindrical magnet is placed inside the 
tube, its lower end being held by a short thread 
which is attached io the lower stopper by 
means of sealing-wax. A thick straight copper 
wire passes through the centre of the upper 
stopper and dips into the mercury. Its ether 
end is connected through a resistance to a 
mr battery. The circuit is completed by connec- 

Fig. 228: Rotation of magnet — ting the other terminal of the battery to a 
round a eures wire which passes through the lower stopper 


and makes contact with the mercury. 
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When a current is sent through the circuit, it will be found that the magnet 

rotates round the wire. With the current direction shown in the figure, the free 

. end of the magnet being of the north polarity will describe an anticlockwise 
rotation when seen from above. 


Example 22:3. A current of 10 amp flows through a long straight wire; 
Find the magnetic field at a distance of 8 cm from the wire. 

Solution: 10 amp=te, m. u.;of rent, 

From eqn. (22:2), 


gat -X lo "25 cersted, 
r 8 


22:5. Magnetic field due to current iu two parallel wires, 

If two long, straight wires are arranged, side by side, parallel to each other, 
then on sending current through the wires 
each will produce the corresponding magnetic 
field in the surrounding region, The two 
fields will superpose and we shall get the 
resultant of the two. The corresponding lines - 
of force can be mapped as before, 

When the currents are in the same direction 
-the - resultant magnetic field is shown in Fig. 

22-9. Between the wires the fields are in 
Opposite directions ; so they cancel each other 
and a neutral point (marked X) is formed. 
Its exact position depends on tke relative 
strengths of the currents. Outside the wires 
the fields possess the same direction ‘approximately ; ; 80 "wid are added. Some 
of these resultant field lines 
embrace both the wires, 

If the wirés carry currents in 
opposite directions, the lines of 
force of the resultant field is 
shown in Fig. 22:10. In the 
space between the two wires, the 
fields are approximately in the 
same direction, So they are 
added; the resultant field is 
therefore strongest between the 
wires. This is indicated by the Fig. 2210: 


1 ; : Field 
close packing of the lines of force, ren hg Lm currents in the 


22:6. Magnetic fleld due to current in a circular coil. 
As in the case of a current flowing through a straight wire, the magnetic fiel 


due to a current in a circular coil may be obtained with the help of iron filings 
The loop of wire is threaded through a card-board on which & fine layor of iro: 


D a 
Fig. 229: Field due to parallel 
currents in the same direction 
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filings is sprinkled. A strong current is sent through the coil. The card-board is 
tapped gently when the iron filings arrange themselves showing the pattern of the 
lines of force due to the magnetic field (Fig. 22:11]. The direction of the lines of 
force can be obtained with the help of a 

magnetic needle, The direction agrees with Cun 

that obtained by applying the cork-screw 

rule or any other rule, 


It is noticed that-mear the wire, the lines 
of force are concentric circles, there being two 
such series of circles one round each limb. 
Within the circular loop, all these lines have 
the same direction and they reinforce each 
other so that in this region the ficid is strong. 
Outside the. loop, the contribution from one 
side of the loop opposes that from the otherso _ 
that the field is relatively weak. We also notice that within a small region 
near the centre of the loop, the lines of force are almost parallel and are 
directed normally to the. plane of the coil. We can therefore conclude that a 
more or less uniform field normal to the plane of the coil is established through 
a small region surrounding the centre of ihe coil. This property is utilised in 
the galvanometers e.g. tangent galvanometers (vide Art. 22:14). 


Fig. 2211: Field due to current 
in a circular coil 


' Another important feature to be noticed is that the liges of force appear to 
be coming out of one face of the coil and entering the other face. A circular 
* - coil, therefore, behaves like a magnet with its former 


; face corresponding to a north pole and the latter 
(S) one to a south pole, A convenient ‘clock’ rule for 
Pii finding the polarity of the two faces of the coil is 


illustrated in Fig. 22:12. On looking at the face of 

Fs the coil, if the current appears to be clockwise the 
face ts of the S-polarity ; if, however, the. current appears to be anti- 
clockwise, the face is of the N-polarity. j 
described above is obtained only in regions near the wire, 
m the wire, the effect of ihe earth’s field must be taken 
into account and the pattern obtained gives the 
resultant field due to the earth’s fieid and the field 
due to the current in the circular coil of wire, 

The intensity of the field at a point maybe ALP 

calculated by applying Laplace's law. We shall only — 77 
obtain the expression for the intensity at the centre. 
In this case the radius z is normal to any elemen- 
tary length Al of the circular wire (Fig. 22°13}. Ea 


between > and Al is 90°, ee 
pes cw Moreover, each element of wire lies at the same 


The field pattern 
At larger distances fro 
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distance r from the centre. Hence, from Laplace’s law, field at the centre is 
given by ; 
2 i Al sin 90 i 
H=) *, r? r ZAI 
But X A/=Circumference of the circle=2rr 


3 pod _ 2ni ; 
M H— y X2nr— : kes 25-023 
If there be n turns of the wire then, 
p 2mi n - (224) 


r 


i being expressed in e,m.u. The direction of H is normal to the plane of the 
coil. 


Example 222, 4 coil has 20 turns and its mean radius is 15 cm. Find the 
magnetic field at its centre when a current of 2:amp flows through it, 

Solution; 2 armp=0-2 e.m.u, of current, 

From eqn. (22:4), we have, at the centre of the coil, 


H- 2nni — 2x3:14x 20x 0-2 


—]1:674 oersted. 
r 1 


Example 22:3. Two coils each of 100 turns are held such that one lies in the 
vertical plane and other in the horizontal plane with their centres coinciding. The 
radius of the vertical coil is 20 centimetre ; and that of the horizontal coil is 30 
centimetre. How could you neutralize the magnetic field of the earth at their 
common centre? What is the current to be passed through each coil? 
(Horizontal component of earth's magnetic field=0°349 oersted. Angle of dip=30°) 

[LLT. 1968) 

Solution : The vertical component of earth's magnetic field V—H tan 8 

=0:349 x tan 30? —0-201 oersted, 


The earth's magnetic field at the common centre of the coils can be neutra- 
lized by sending currents in the two coil, so that its vertical component is 


neutralized by the field due to the horizontal coil and the horizontal component 
by the field due to the vertical coil. 


Hence if i and i’ be the required currents through the vertical and the hori- 
zontal coil respectively, we have from eqn. (22:4), 


349.27 X 100 x i 
0:349 —- E 


whence, i=0°0111 e,m.u,—0-111 amp. 


201 me 27 X 100 x i" 
And 0:201 — — 


Thus, i’=0°0097 e.m.u.—0:097 amp. 
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227. Magnetic fleld due to current ir a solenoid. 


If many turns of an insulated wire are wound around a cylinder ; the 
resulting coil is called solenoid (Fig. 22:14]. Each turn lies in a plane 
which is almost perpendicular to the axis of the cylinder; this axis is 
also called the axis of the solenoid, A solenoid 
is, therefore, essentially a spiral of wire consist- 
ing of a large number of turns. The magnetic 
field pattern due to a current flowing through 
a solenoid may be obtained by fixing it on a 
cardboard with its axis lying on the plane Fig. 2214 1 A solenoid 
of the board. Iron filings are sprinkled on the 
board. A large current is sent through the solenoid. With gentle tapping of 
the board, the filings arrange themselves along the lines of force, 


The field pattern is shown in Fig. 22:15. It should be noticed that the 
pattern of the lines of force closely resembles that due toa bar magnet. One 
end of the solenoid behaves like a N-pole and the other a S-pole. Reversing the 
direction of the current reverses 
the polarity. This is to be 
expected because we may con- 
sider a solenoid as equivalent 
toa large number of circular 
turns of wire placed side by 
side. Each turn develops 
opposite polarities at its two 
faces but the neighbouring 

Fig. 2215: Field due to a current-carrying turns neutralise each other's 

solenoid polarities except at the two 
extreme turns where the polarities are exhibited. The nature of the polarity 
developed can be ascertained by applying the same ‘clock’ rule as shown in the 


figure, 

Within the solenoid, the lines of force are almost equidistant and parallel to 
the axis. The field inside is, therefore, fairly uniform excepting in the space near 
the two ends. For a very long solenoid, the field inside is completely uniform, 
After coming out of the solenoid the lines spread out. The pattern also 
indicates that the field inside the solenoid is strong. while that outside it is 


relatively weak, 


Demonstration experiment. 

That a current-carrying solenoid behaves like a bar magnet, can be demons- 
trated simply by the following experiment due to De Ja Rive, f e m is 
made by dipping a zinc and a copper plate in dil, sulphuric "i con ide 
glass beaker, The mouth of the beaker is stoppered and the Eun s : e 
cellare connected by wires passing through the stopper to a db teed 
mercury is placed at the bottom of the beaker so as to make the beaker rather 
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heavy. "The whole arrangement can then float on water contained in a 
large vessel ( Fig, 22°16 ]. : 

NM This arrangement is called a floating battery, 
It will be found that the arrangement always sets 
itself in such a position that the axis of the solenoid 
lies along the magnetic meridian, Presenting the 
pole of a bar magnet near any end of the solenoid, 
the arrangement will be found to be moving 
towards or away from the magnet depending on 
whether attraction or repulsion is taking place, 
The validity of the ‘clock’ rule may then be easily 
ascertained, 


d Application of Laplace'slaw would give us the 
MERCURY DIL. SULEHURIC "magnitude. of the field intensity at an inside point 
i stil on the axis of the solenoid, For a very long- 
Fige 216 solenoid, the field inside is uniform and the 
intensity is given by — H—4zni B 35, (22:5) 
where n is the number of turns per unit length of the solenoid, the current ; 
being expressed in e, m, u, j 


Example 22:4, What is the magnetic field inside a solenoid which is wound 
with 35 turns per cm and which carries a current of 0*5 ampere‘? 
Solution: 0:5 amp=0:05 e,m.u. of current. : 
Applying eqn. - (22:5), the magnetic field inside the solenoid, 
H-—4x3:14x35x0:05—22 oersted. 


22.8. Electromagnet, 


The field strength produced by a solenoid may be greatly increased if we 
replace its air ‘core’ with a core of soft iron or other material of high permea- 
bility. The core becomes magnetized by induction and its field is added to that 
of the solenoid, In the resulting field a large concentration of the lines of force 
towards the core occurs giving rise to a vastly increased field strength at the ends 
of _thg solenoid. Such an arrangement is called an electromagnet. The 
strength of an electromagnet increases with the 
strength of the current (till saturation is reached) N S 
and also.with the number of turns of the coil. 

Italso depends upon the nature of the core. - 

The material of the core of the electromagnet 
should have a large permeability (hence also a large 
susceptibility), Moreover it must have a low retenti- 
vity so that it loses its magnetism when the current is 
switched off, Hence soft iron, not steel, is preferred, 

A horse-shoe shaped electromagnet is shown in Fig, ete Ue 
22:17, The coils on the two limbs should be wound 2217 : An electromagnet 
oppositely, so that the polarities developed at the ends of them are opposite. 


es ee a E 


. direction [Fig. 22.18). Let us imagine -a north 
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Electromagnets are widely used in a lar i 

ey ge number of devices, a few of th 
Ag i r lifting magnet, electric bell, telegraph, telephone rar 
induction coil, radio, hi 5 ing i : 
ME i eadphone, motor, generator, roris measuring instru- 


22-9.. Action of magnet on current. 


We have already seen that an electric current gives rise to a magnetic field in 
the surrounding region, It follows immediately that a magnetic pole placed i 
the field experiences a mechanical force and if free to miove, it is ind ie = 
the direction of the force, From Newton’s third law, the reverse effect 
also happens. The current itself- simultaneously experiences a reaction force 
in the opposite direction. Thus if a current be placed.in a magnetic field 
it experiences a machanical force. Ifthe current-carrying conductor be free to 
move, it will describe a definite path under the action of this force. This branch 
of Physics which deals with. the mechanical force experienced by a current- 
carrying conductor situated in a magnetic field 
is called Electrodynamics and was developed 
mainly by Ampere and Faraday. 

For a better understanding of the pheno- 
menon, let us consider a straight wire 4B through 
which a current is flowing in the vertically upward 


pole to be placed at M. A force F acts on the 
north pole; the direction of the force may be 
easily found by applying the cork-screw rule. 
From Newton's third law, an equal and opposite ARL 
reaction fọrce F will act on the wire. If free to Bede e M. 
move, the wire will get displaced under the action ; 
of this force. An important feature worth noting is the direction of the 
force acting on the conductor due to the north. pole. ` We see that the magnetic 
field at the conductor, the direction of the current through it and the force acting 
on the conductor are mutually perpendicular to one another. 4 
The explanation of the phenomenon can also be given from the properties of 
lines of force, Let us consider the example of a straight vertical current-carrying 
wire placed in 2 uniform magnetic field, Let the current through the wire be 
flowing in a downward direction, The concentric circular lines of the field due 
to the current* in the wire and the equidistant parallel lines of the uniform field, 
are shown in Fig. 22°19 (a). The two fields are superposed and the lines of 
force of the resultant field are shown in Fig. 22:19 (b). This field pattern can 
be easily explained if we.note that on the upper side, the overlapping fields are 
in the same direction while on the lower side, they ‘are directed opposite, Hence 
the resultant field strength on the upper side increases producing a relative 
crowding of the lines of force in that region, As the lines of force behave like 


E 
* Conventionally the symbol © represents a current towards the reader and the symbol (5 
a current away from the reader. 
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stretched elastic cords, they will try to straighten out, The wire will, therefore, 
experience a force obviously in the direction shown, 


(6) 


(a) i : 
Fig. 22:19 

Fleming's left-hand rule: The direction of the force acting on a current- 
carrying conductor in a magnetic field may be obtained by applying Fleming's 
left-hand rule ( motor rule). The rule states: Stretch tke thumb, the fore 
finger and the middle finger of the left hand 
atrightangles to each other. Then if the 
fore finger be directed along the field, the 
middle finger along the current, then the 
thumb represents the direction of motion 
ofthe wire, ie. the direction of the force 
PP. ^ acting on it (Fig, 22:20]. 

We can apply the rule in the Figs. 22:18 
and 22:19 and see that the direction of the 
force may be easily obtained. 


The rule may be remembered by the 
letters J, F, M, in the words middle, Forefinger, thuMb respectively where 


T denotes the current, F the field direction and M, 
the motion of the conductor. 777 


Morry 


CURRENT 7i | 
Ke 
a 


Fig. 22:20 : Fleming's left-hand rule 


It should be remembered that if the current-carry- 
ing conductor lies parallel to a magnetic field, then 
no force acts on it [vide Art 22-10]. 


MOVING 
WIRE 


Demonstration experiment. 

(i) A wide glass tube with two insulating stoppers 
is taken. A wire projects into the tube through the 
upper stopper, its end being bent into the shape of 
a hook [Fig. 2221] A stout wire is suspended 
from this hook, its other end dipping into a shallow- 
pool of mercury placed at the bottom of the tube 
within a wooden ring and the side ‘of the tube. A Fig. 22-21 
sttong bar magnet is inserted into the tube through the lower stopper, so 
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that the end of the magnet projects a little above the surface of mercury. 
Electrical contact with the mercury is established by passing another wire 
through the lower stopper of the tube. When astrong current is sent through the 
suspended wire, it revolves Continuously round the pole of the magnet, as long 
as the current flows. The direction of rotation can be obtained from Fleming's 
left-hand rule. If the. direction of the current is reversed, the wire rotates in 
the opposite sense. 


(2) Barlow's wheel: Itconsists of a star-shaped wheel made of copper 
which can rotate about a horizontal axis passing through its centre [Fig, 22:22]. 
Some mercury is placed in a groove cut in the base of the apparatus, When the 
wheel rotates, different teeth just dip into 
mercury one after another. A horse-shoe 
magnet rests on the base of the apparatus 
so that the lowest tooth dipping into 
mercury lies between the two poles of the 
magnet. The terminals of a cell are connec- 
ted to the centre of the wheel and mercury 
so that a current flows along the vertical 
tooth. With the current and magnetic field 
direction shown in the figure we can easily 
see by applying the left-hand rule that the 
tooth dipping into mercury experiences a 
force towards the right. The wheel therefore 
rotates in the direction of the arrow. As 
successive teeth come into contact with mercury, the current flows through them 
and by the action of the magnetic field, the wheel goes on rotating, The 
direction of rotation . may be reversed either by reversing the poles of the 
magnet or the direction of the current, 


Fig. 2222: Barlow’s wheel 


22:10. Magnitude of force on a current-carrying conductor in a magnetic 
fleld. 

‘Let us consider a very small element A7 of a current-éarrying conductor 
(Fig. 22:23] From Laplace'slaw, the magnetic field H’ at a point Pand ata 
distance r from the element due to a current į e.m.u, 
flowing through it is given by 

H- iAlsin 0 


where @ is the angle between r and AJ. 
If a north pole of strength m be placed at P, then 
the force experienced by it is 
iAlsin 0 
TA - 
Fita The force is perpendicular to the plane containing 
Aland r and is directed down into the plane of the paper. 


F=mH'=m 
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From Newton's third law, the current clement experiences an equal force F 
in the opposite direction, ie. in a direction upward from the plane of the paper. 


But 7,18 the field Hat the element due to the pole m, the line of force being 


along r. Hence the force on the elementary current is given by 
; F=Hi Al sin 9 EM ie EN (22:6) 
The force is directed perpendicular to both H and AJ. 
Special cases 3 ds J 


- (i) -For a straight conductor of length / situated at right angles to a uni- 
form field of strength H, 0—90? ., ‘sin 0—1. The force on an element A is 
Hi Al and the force on the total conductor is ` ; : 


=Hit Al- Hil m net (22:7) 
(ii) If the current be along the magnetic field, then 0—0? and sin 0-0. 
Hence the force on the current is zero. 


2211. Force on a charged particle moving in a magnetic field. 


‘A moving charged particle is equivalent to a current. Hence ina magnetic 
field, it wil! experience a force. 


Let us consider a particle of --ve charge e travelling with a velocity v in a 
direction perpendicular to a uniform magnetic field of intensity H. Let 
i be the time taken by it to travel a distance /, Then t—l|v. The rate 
of flow of charge or the current i is given by i-eJt. 

i i—— =F or, il=ev 
Since the force F ona current element is given 
by F=Hil, it follows that the force on the moving 
charged particle is 


F=Hey E m (22:8) 


It acts in a direction perpendicular to both the 
magnetic field and the direction of motion of the 
charged particle [ Fig. 22:24]. The direction of 
Fig, 22:24: Force on a the force can be obtained from Fleming’s left-hand 


, moving charge rule. From this relation F is obtained in dyne 
if H is in oersted, e in e,m.u. and v in cm per sec. | 


r 


Example 22:5. 4 wire carrying a current of 10 amp and 2m in length is 
placed in a magnetic field of 1500 gauss in air. What is the force on the wire if it 
is placed (a) at right angles to the field, (b) at 45° to the field and (c) along the 
field. [ H. S.'84] 

Solution: 10 amp=i e.m.u, of current ; 2 m—200 cm 

(a) From eqn. (22-7), the force on the wire 


F=Hil=1500 x 1x 200=3 x 105 dyne. 
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(b) Fromeqn. (22-6), the force on the wire 
F— Hil sin 0—3 x 105 x sin 45*—2:12 x 10* dyne 
(c) Here 0—0?. .. force on the wire, F=0 
22:12. Action of current on current. 


A current produces a magnetic field in its neighbourhood. Moreover a 
current experiences a force when placed in a magneticfield. Hence if two 
current-carrying conductors are brought near each other, each will exert a force 
upon the other. Ampere first investigated the nature of this force. 


Parallel currents, 
Let us consider two very long straight parallel wires 4 and B through which 
currents are flowing in the same direction [ Fig. 2225 (a)]. From the cork- 
screw rule, we see that the magnetic field at 


any point of B due to the current flowings in 4 CURRENT 

is perpendicular to the plane of the paper and 

is directed downwards. The current carrying FIELD y 

conductor B is therefore situated in this magne- ^ ee 
E 


tic field perpendicular to its length. From 
Fleming's left hand rule, we find that the 
force actiag on it is directed towards the con- 
ductor 4. From Newton's third law, an equal A B À 5 
and opposite force acts on A. Hence the 
currents attract each other. If the current 
through B flows in the opposite direction [Fig. 22:25 (b)J, the force on it as 
well as that on A is reversed. The currents then repel each other. Hence 
we can state : 
Parallel currents in the same direction attract each other. 


Fig. 2225: Parallel currents 


Parallel currents in opposite direction repel 

each other. 
We can arrive at the same conclusions from 
———— — œ» the consideration of the lines of force of the 
ATTRACTION REPULSION . resultant field ( vide Art. 22:5]. As the lines of 
force always have the tendency to contract, we 
mo Po see from the Fig. 22:9 that the two parallel 
f currents in the same direction will attract each 
; other. The lines of force also repel one another 
NS En laterally. Fig. 22:10 makes it obvious that in 
ATTRACTION REPULSION this case repulsion between the two currents 


"Fig. 22:26 : Oblique currents takes place. 

Oblique currents: In this case, the rule is: Two oblique currents 
attract cach other if both approach or recede from the point where pe 
directions meet; they repel each other if one approaches and the other recedes 

s ; 
from that point (Fig. 22:26]. 
tion experiment : 
prea A m are hung close to each other from two hooks attached 


P-II /32 
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to a fixed support [Fig. 2227]. Their lower ends dip into a pool of mercury so 
‘that these ends are free to move, When currents are sent through the wires in 
the same direction, they. are mutually 
attracted as shown in Fig. 2227 (a). 
ALM When currents flow through the wires in 
F opposite directions, they are mutually 
repelled [Fig. 22:27 (5)]. 

(2) Roget’s vibrating spiral: A 
long spiral of copper wire is hung verti- 
cally from a fixed support. At its lower 
end the spring carries a small metal 
weight W which keeps the spring slightly 


(a) (b) 5 : 
Fig. 22-27 stretched (Fig. 22:28). A fine metallic 


pointer attached to W just dips into a pool of mercury. If a strong current is 


sent through the spiral, it begins to vibrate up and 
down. This motion continues till the current is 
` switched off. 

The explanation lies in the fact that parallel 
currents in the same direction attract each other. 
Adjacent turns of the coil carry currents in the 
same direction and hence they attract each other 
producing a contraction of the spiral. The weight 
W is thereby raised and the contact with the 
mercury is broken. This. breaks the circuit and the 
attraction ceases immediately. The weight W then 
descends and again the circuit is made by contact Fig. 22:28 : Roget's 
with the mercury. The above process is then repeated vibrating spiral 
and the spiral goes on vibrating. 


MMM 


22:13. Galvanometers. 


Electrical instrument based on the magnetic effect of current which is employed — 
for the detection and measurement of electric current is called a $a1vanometer. 
These instruments may be divided into the following four main groups : 
(1) Moving iron galvanometer in which a piece of soft iron moves in the 
magnetic field produced by the current flowing through a fixed conductor. 
(2) Moving magnet galvanometer in which a magnet moves due to the 
magnetic field produced by the current in a fixed conductor. 
(3) Moving coil galvanometer in which a current-carrying coil moves in the 
magnetic field of a fixed permanent magnet. 
(4) Electrodynamometer in which a current-carrying conductor moves in 
the magnetic field due to a current in a fixed conductor. 
Each of these types of galvanometer has its own merit but the one most 
widely used is the moving coil galvanometer. In addition to that we shall also 
describe in this book the moving magnet galvanometer. 
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22:14. Moving magnet galvanometers, 


(1) Tangent galvanometer ;- 


Introduction: Moving magnet galyanometers illustrate the action of 
current on magnets. Such galvanometers enable us to measure the current in 
absolute units from first principle, Of different types of moving magnet galvano- 
meters, tangent galvonometer is most widely used in the Jaboratories mostly for 
the purpose of understanding the basic principles involved than as a tool for 
measurement of current. It is robust, simple to use andto understand. We 
should remember that for accurate measurement of current, such galvanometers 
are never used; moving coil galvanometers are always employed for this 
purpose. 

Description: A tangent galvanometer essentially consists of a circular coil 
of several turns of insulated copper wire wound ona vertical frame C Fig. 
22:29] of non-magnetic substance e.g. wood or brass. The ends of the coil are 
connected to binding screws at the base of the frame C. The frame and hence 
the'coil can be rotated about a vertical axis. At the . 
centre of the frame (i.e, of the coil) a small magnetic Em 
needle Mis pivoted, The needle can oscillate freely 
in a horizontal plane. A long light pointer P of 
aluminium is attached to the centre of the needle at 
right angles to its length. The ends of the pointer 
move over a horizontal circular scale graduated in 
degrees from which the deflections can be read, A 
plane mirror R is fixed below the pointer, The 
needle with its associated arrangements are enclosed 
ina shallow cylindrical box B with a glass cover. 
In some forms of the instrument, the circular scale 


also can be rotated horizontally about 2 vertical 


axis passing through pivot by rotating the box B. Fig. 2229: Tangent 
galvanometer 


The whole arrangement is mounted on a suitable 

base A provided with three levelling screws (Lı, Le etc). 
The gaivanometer is at first levelled, Tnis ensures that the plane 
and that the magnet can swing freely. Any magnet or 
magnetic substance is removed from the vicinity of the galvanometer, The coil 
is then rotated until its plane becomes parallel to the axis of the needle. The 
coil now lies in the magnetic meridian. The ends of the pointer should then 
point the 0°—0° marks on the scale. If not, then this is realised by 
carefully rotating the box containing the circular scale without displacing the 


coil, 

The galvanometer is now ready for use. 
through the coil. The needle gets deflected. : 
from the circular scale. The current through the galvanometer is reversed and 
the reading of both ends of the pointer are noted again. The mean of the four 


readings so obtained is taken as the deflection of the needle, 


Working : 
of the coil is vertical 


The current to be measured is sent 
Both ends of the pointer are read 
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Theory: We know that fora current i e.m.u. passing through a circular 
coil, the magnetic field at the centre is given by Paste where n=no. of turns 


and r=radius of the coil.. This field at the centre is uniform over a small region 
and is perpendicular to the plane of the coil [vide Art. 22:6]. Since the coil of 
the tangent galvanometer is placed in the magnetic meridian, the horizontal 
component H of the earth’s magnetic field is parallel to the coil. 


The small magnetic needle is therefore acted on by two fields, Fand H, at 
tight angles to each other. If the resultant field makes an angle 0 with H 
(Fig. 22:30], we have, 


uo 2i i 
tan d == Es (22:9) 
T FH. * 
. Or, in [ A (22:10) 


On passing the current, the needle therefore rotates 
through an angle 0 given by the eqn. (22:10). Fora 
particular galvanometer the quantity 2zn[r is a 
constant and is called the galvanometer constant. 
It is usually denoted by G. So 


i— T tan 8 i4 (22111) 


But at a particular place, H is also constant. 
Hence, for a particular galvanometer at a given 
place the quantity H/G=k (say) is a constant. 

Fig. 22:30 Thus, i—k tan 9 

k is called the reduction factor of the galvanometer as it d 

tangent of the angle of deflection into the current, 


If the current is measured in ampere, then since le.m.u. of current—10 
ampere, we have 


(22:12) 
irectly converts the 


i (in ampere)— 10K tan 0 ise (22:13) 
The above equations show that the current is directly proportional to the 
tangent of the angle of deflection ; hence the name of the instrument. 


When §=45°, tan 0—1. Then from eqn. (22-12), i=k. Hence the reduction 
factor of a tangent galvanometer is equal to the current in emu, 


which produces a 
deflection of 45° of its needle. 


Some important points: (i) The size of the needle sh 
in comparison to the radius of the coil. 
the needle moves will not be uniform, 


(ii) Smaller the reduction factor, greater will be the value of tan 0 and 
hence of 6, for a given current ; and the instrument is Said to be more sensitive. 
To reduce the value of k, the value of G=2nn/r must be increased. Hence the 
sensitivity of the galvanometer may be increased by (a) increasing n, the number 
of. turns and (5) decreasing r, the radius of the coil, These are not, however, 


ould be extremely small 
Otherwise the field of the coil in which 
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possible beyond a certain limit because (a) if n is increased, the resistance of the 
galvanometer increases and (b) r can not be decreased much due to the reason 
cited in point (i). 

(iii) As the value of tan 0 varies from O to oc, eqn. (22:12) shows that the 
measurement of a current of any magnitude is theoretically possible by this 
galvanometer. In practice, however, the range of measurement is limited over 
a range for which the value of į corresponds to a deflection of 45°. This is 
because the accuracy of the galvanometer is maximum i.e. minimum error in 
the calculated value of current is introduced due to the error in observing the 
deflection, when the deflection is 45°. For too small or too large values of 0, 
the error in observing it will introduce a large percentage error in the value of į 
and the value of the current obtained from the galvanometer becomes unrcliable. 
This may be proved by calculus. For students who are familiar with calculus 
the proof is given below :— 

From eqn. (22:12), log i—log k--log tan 0 

2 

Hence, differentiating, C Finn 

d represents the proportional error in measuring the current i ; this is minimum 


when sin 20 is maximum, i. e. when 20—90^ or 0—45*. 

(2) Sine galvanometer. 

This instrument is essentially the same as the tangent galvanometer ; the 
only difference is that in this case the vertical coil can also be rotated about a 
vertical axis, the amount of rotation being read off from another horizontal 
circular scale attached to the base of the instrument. 

To use it, the instrument is at first levelled and the coil is. brought to magne- 
tic meridian as in the case of a tangent galvanometer. When the current is 
passed, the needle is deflected. This deflection, HA 
however, is not measured. Instead the coil is rotated i 
in the direction of deflection of the needle. As the x 
coil rotates the needle also rotates but at a slower N 
rate. Finally the coil overtakes the needle and then N 
the coil and the needle again lie in the same plane, 
The rotation @ of the coil from its initial position 
in the magnetic meridian is noted. 5 

Fig. 2231 shows the condition of equilibrium Y 
of the needle. The magnetic field F due to the 
current acts perpendicularly to the plane of the coil 
and hence to the neile So ud sepe Fig. 2231 

= , However, the restoring coup! 
ue x 2 © * Eun for equilibrium of the needle mF x 2l=mH x 2l sin 6. 
s. F=Hsin@ e (22°14) 


deni _ H sin 0 
F 


r--- 


^j 


?, 
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ete fe Haane : 
TAL jm 0 g 0—k sin 0 Ls t (22:15) 


where k, the reduction factor of the galvanometer, is a constant for a particular 
coil and at a particular iocality. Why tbe instrument is so named becomes 
obvious from eqn. (22:15), 


Comparison with a tangent $alvanometer : 

(i Asthe maximum value of sin 8—1, for 0=90°, the maximum current 
that can be measured by this instrument isk. There is however no such restric- 
tion in the case of a tangent galvanometer, 

(ii) A sine galvanometer is, on the other hand, more sensitive than tangent 
galvanometer. This can be shown as follows :—For a current, i, let 9, be the 
deflection in a sine galvanometer and 0, be that ina tangent galvanometer, the 
reduction factor remaining the same. Then i—k sin 6,=k tan 6,, or, sin 0, —tan 6. 
Hence except for very small angles, 6, is greater than @,, since the value of tan 6, 
increases more rapidly with 0,. 


` For this reason, sine galvanometers are preferred for measuring weak 
currents and tangent galvanometers for large currents, 

(iii) We have seen that in a sine galvanometer, the plane of the coil is turned 
with the needle so that the latter always lies in the plane of the coil,. Thus the 
needle moves in more uniform field than in the case ofa tangent galvanometer, 
Hence the needle used should not be necessarily small and moreover, the working 
formula for the current is obeyed more rigorously. p 

But this also poses a disadvantage for the sine galvanometer, because in 
every measurement, the above-mentioned adjustment must be done. 


Example 22-6. 4 tangent galvanometer has a coil of radius 10 cm nd 
number of turns 50. Calculate the current in ampere which when passed through 
the galvanometer gives a deflection of 45°. Given that the horizontal component 
of the earth's field is 0°18 C.G.S. unit. i 


Solution: Applying eqn. (22°10), we have 


_ 10x018 " 
UTAX3d4x 507 tan 45 —0-00573 €.m.u, —0:0573 amp. 


Example 22:7. A circuit comprising of a battery of e.m.f. 3V with negli- 
gible internal resistance, a. resistance of 202 and a tangent galvanometer of 
resistance 109, all connected in series. If the mean deflection of the galvano- 
meter is 50°, calculate the reduction factor of the galvanometer. 


Solution : Equivalent resistance in the circuit, R=20+10=302 


DD Me S: 
=R 30 Toon? 


Applying. eqn. (22°13), we get 4, —10 k tan 50° 


1 ; 
o k = 00x1 19187 00839 amp. 
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Example 22:8. Whena current of 10 amp passes through a tangent galva- 
nometer it shows a deflection of 60°. What will be the strength of the current 
required to produce a deflection of 30° in the same galvanometer ? 

Solution i Applying eqn. (22:13), 

7 1 
10=1 P km — 
0=10k tan 60 k vi 
Let the current i amp be required to produce 30° deflection. 
; o 1 1 
i=10k tan 30°=10x 2*5 

Example 22-9. A current is sent for 45 minutes through a tangent galvano- 
meter producing a deflection of 45°, and also through a copper voltameter connected 
in series. If 0-5 gm of copper is deposited, calculate the reduction factor of the 
galvanometer. Given that E.C.E. of copper =0°00033 gm|coulomb. 

Solution: Applying eqn. (22:13) we have, since tan 45*—1, the current 
through the galvanometer, i= 10k amp. oe (1) 


Again from the relation (21:2), iz a Maca 


amp 


25 34 amp, 


where Wis the amount of copper deposited in gm and Z is the E,C.E. of 
copper and ¢ is the time in sec. Equating for i from (1) and (2), 


wo AMNEM ee IC 
*= 167; 7 10x 000033 x 45 x 60 eps 


Example 22:10. What is the magnetic field intensity a. the centre of the coll 
of a tangent galvanometer consisting of 14 turns of average radius 10 cm, when a 
current of.0:5 amp passes around the coil? What deflection will be produced by 
a current of 1-8 amp? Given that H=0'18 oersted. E 

Solution: Applying eqn. (22:4) and expressing i=0°5 amp=0°05 e,m.u., 
we have magnetic field 


Pe _2x314x 14x005 04396 oersted. 


Taking i= L:8 amp = 0°18 e. m. u. and applying eqn. ( 22:10), we get 
agn 10x018 tang: whence, tan 0=8792. ~. 0=83:35° 
O18 ae 050080007 | 
i. hm shows a 
Example 2211. A tangent $ galvanometer of resistance 10 o 
deflection of 60° when inserted in a circuit in which the total resistance including 
that of galvanometer is 100 ohm. What shunt must be used in order that the 


deflection be reduced to 30° ? 
ne [Jr Entrance '80 ] 

Solution: Obviously the external resis- 
tance connected to the tangent galvanometer is 
(100—10)=90 ohm. If; be the current through 
the galvanometer which is the same as that in 


the circuit then | 
i=10k tan 609—4/3.10k . and i^c where E is the e.m.f. of the source; 
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When the shunt is connected, the circuit is as shown in the figure. If i’ -be 
the current in the main circuit, then 


Pista amc A 
—— 'dq08 105 
Oe. tae 


If i, be the current through the galvanometer, then 
i,==10k tan 30°=10k/4/3 =i/3 
ES 
10+S 
me 100 ^ * TE 
90+ To +S 
Solving, we get, S=4-5 ohm, 


Also, i,xl10—i'x 


or, 


22-15. Moving coil (D' Arsonval) $alvanometer. 


Principle: We have seen in Art. 229 that when a current-carrying 
conductor is placed in the magnetic field of a fixed permanent magnet, the 
conductor experiences a force in a direction given by Fleming's left hand rule, 
If the conductor is free to move, it moves in that direction, This fact is 


utilised in the construction of a moving coil galvanometer, also known as . 
D’ Arsonval galvanometer, 


Description: Yt essentially consists of a coil C (rectangular or circular) 
containing many turns of fine insulated copper 
wire. The coil is wound on a light metallic 
frame of aluminium, The ‘frame is suspended 
from a torsion head T by a thin strip P of 
phosphor-bronze between the poles N and S 
of a permanent horse-shoe magnet [Fig. 22:32 
(a). One end of the coil is joined to the 
suspension fibre, the other end being joined 
to a loosely wound helix H of this copper wire 
which exerts a negligible effect upon the rotation 
of the coil. These serve as the leads by which 
the current is made to pass through the coil 
and are connected to the terminals of the 

ig. 22: ; ree galvanometer. -The strip P of phosphor bronze, 

Fig. geo na co therefore, serves the double purpose of the 

Suspension fibre and the current lead. 

A small plane mirror is attached to the suspension fibre, This allows the 

measurement of small rotations of the coil with a lamp and scale arrangement. 


The pole pieces N, S of the magnet are cut into a concave cylindrical shape 
[Fig. 22:32 (6)}. A cylindrical piece 7 of soft iron is mounted co-axially 
between them. This cylinder lies within the coil without touching it. The axis 
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of suspension of the coil is also the same as that of the cylinder. The coil 
rotates freely in the annular space formed between Iand the pole pieces. The 
lines of force of the magnetic field pass radially 
across from the pieces to the soft iron cylinder, 
This ensures that for all positions of the coil, 
its plane always lies parallel to the magnetic 
field, Such a field is called a radial field. More- 
over, the soft iron cylinder brings forth a con- 
centration of the lines of force and thereby 
increases the strength of the magnetic field, Fig. 22:32 (b) 


The whole thing is enclosed ina metal casing provided with a glass window 
in front of the mirror M. In order to protect the fragile suspension, the ins- 
trument is provided with a device for clamping the coil when it is not in use. 
This prevents any damage of the suspension dueto any mechanical shock 
received. The base of the instrument is provided with three levelling screws. 


Working: The instrument is at first levelled so that the coil swings freely in 
the annular space. The lamp and scale arrangement is set up so that the spot 
of light reflected from the galvanometer mirror coincides with the zero mark of 
the scale. If necessary, this adjustment is done by slightly rotating torsion head 
T attached to the suspension fibre of the coil. 

The current i to be measured is then sent through the galvanometer. As the 
coil gets deflected, the spot of light on the scale shifts through a distance d. 

; This distance is noted, ` 
Theory : Let us consider a current į to be flowing through a rectangular coil 
ABCD of length 7 and breadth b lying with its plane parallel to a uniform field 
of intensity H (Fig. 22:33]. The coil is suspended 
by a torsion wire P. j 
The two horizontal sides 4B and CD of the 
` coil Jie parallel to the direction of the magnetic field 
and therefore experience no.force. The vertical 
sides 4D and BC of the coil are, however, at right 
angles to the field and each of them vill experience 
a force F—Hil (vide eqn. 22°7), at right angles to 
the plane of the coil. As the currents in the two 
sides flow in opposite directions, the forces on them 
are also oppositely directed which can be obtained 
Fig. 22:33 by Fleming’s left hand rule. These forces constitute 
a couple which tends to deflect the coil from its position of rest, The moment 
i i le* : 
Miser —Hilx b—HiA Ab ES oe 
where A=/x b=area of the coil. If there be n turns of wire in the gem 
total moment -nHiA qe a É , 


eee ts 2 5s oon ; 
*It should be noted from Fig. 22:32 that this couplestries to rotate 
plane perpendicular to the magnetic field. 


the coilso as to set its 
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Under the action of this couple, the coil rotates about its axis of suspension. 
The suspension fibre P becomes twisted and the elastic forces in the fibre oppose 
the rotation. The coil, therefore, comes to rest after rotating through an angle, 
say 0, when the restoring torsional couple becomes equal to the deflecting 
couple. If c be the restoring couple per unit twist of the Suspension fibre, then 
the restoring couple—c6, Hence in the equilibrium position of the coil, 
| à 
| nid He=c0 SUBE Blvd ; i (22:18) 
lo 1 

where ke isa constant for a particular galvanometer, The current is 


therefore Proportional to the angle of rotation 6. 


Ifa lamp and scale arrangement is used in conjunction with the galvano- 
meter, then let d be the corresponding shift of the spot of light on a scale placed 


at a distance D from the galvanometef mirror, Thus, 0= 8 since rotation of 


mirror through @ result in the reflected ray to be rotated through 20, 
Then substituting for 0 in egn. (22:18), 
Sera "ur 
t i—5p 4 K4 nal "A (22:19) 
^. icc d fora given galvanometer and distance p, 
Thus, an unknown current Can be measured by comparing the deflection of 


the light spot produced by it with that obtained when a known current is passed 
through the galvanometer, 


Sensitiveness of the galvanometer : From eqn, (22:18) we have 


9 "AH 
i c 


The galvanometer is said to be more sensitive if la. 
currént is Obtained, i.e. if 24H be large, 
should be fulfilled : 

(i) H should be large. 
employed, R 


(i) BothAandn should be large. They however can not be increased 


indefinitely as the size of the galvanometer, the mass and the moment of inertia 
of the coil and also its resistance are increased, 


Fger deflection for a given 


For this the following requirements 


A very powerful Permanent magnet is therefore 
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22-16. Comparison of the two types of galvanometers. 


Moving magnet type 


(1) The controlling field is provi- 
ded by the earth's magnetic field which 
is rather weak, Hence the instrument 
is affected by external magnetic fields. 

(2 To usethe galvanometer, the 
coil must every time be adjusted to lie 
in the magnetic meridian. 

(3) As the reduction factor (k— 
HJG) depends on H, its value changes 
from one place to other. Hence the 
measurement of current involves the 
prior determination of the reduction 
factor for every particular locality. 

(4) When the magnetic needle is 
deflected, it oscillates for a long time 
before it comes to rest. 


(5). The galvanometer can not be 
calibrated to give the current readings 
directly. ; 

(6) Such galvanometers can not 
measure currents smaller than 10-5 
amp. 


Moving coll type 

(1) The coil being situated in the 
Strong magnetic field due to the 
permanent magnet, external magnetic 
fields have negligible influence, 

(2) No such adjustment is neces- 
sary and the galvanometer may be 
placed in any position, 

(3) The constant of the gaivano- 
meter remains the same for a parti- 
cular instrument as it does not change 
from place to place, 


(4) The galvanometer coil is 
arranged to reach its position of rest 
quickly without any or a little oscilla- 
tion. Such a galvanometer is called a 
dead beat one. 

(5) The galvanometer may be 
calibrated to give the current readings 
directly, — ice 

(6) These galvanometers are much 
more sensitive. Currents as low as 
10-? amp can be measured, 


"The only disadvantage of a moving coil galvanometer is that the value of the 
current can not be obtained directly from the dimensions of thé instrument 
which is possible in the case of a moving magnet galvanometer. 


22:17. Moving-coil table galvanometer. i 
: This type of galvanometer works on the same principle as the suspended-coil 

galvanometer described before but it is designed in such a way as to make it 
robust and portable. 

The coilis wound on a light aluminium frame and is mounted on pivots 
turning in jewelled bearings instead of being suspended by a fibre (Fig. 22:34]. 
The restoring couple is provided by a pair of spiral springs, one above and one 
below (not shown in the fig.) the coil. These are made of phosphor bronze and 
also serve as current leads to the coil. With the flow of current, these springs 
are slightly warmed and hence expand. To compensate for this, the springs are 
wound in opposite directions. Hence they expand in opposite directions 80 that 
the resultant turning effect on the coil becomes nil. A long aluminium pointer 
is attached to one end of the spindle of the coil It moves across a graduated 
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circular scale. Usually the zero of the scale lies at its centre, The coil rotates 
in a radial field provided by concave cylindri- 
cal pole pieces N, S ofa permanent horse- 
shoe magnet and a soft iron cylinder (not 
shown in the fig.) mounted within the coil. 
When a current is sent through the 

galvanometer, the coil is deflected and the 
equilibrium position is reached when the 
deflecting couple is balanced by the restor- 
ing couple provided by the springs. 

Fig. 2234: Table galvanometer This type of galvanometer can be designed 
to measure a current as low as one microampere. 


22-18, Ammeters and Voltmeters. 


Ammeters and voltmeters are essentially galvanometers. Their designs are 
therefore the same as those of galvanometers with slight modifications, 

Ammeters are uscd to measure the currents in a circuit and shouid, therefore, 
be placed in series in the circuit, In order that the Strength of the current is 
not appreciably aliered by its introduction in the Circuit, the resistance of 
an ammeter should be small compared to any Circuit resistance, Hence 
a low resistance shunt is connected across the coil of a galvanometer to convert it 
into an ammeter. Actually a perfect ammeter should have a zero resistance, 
The scale of the instrument is calibrated in amperes and is usually not of the 
centre-zero type. 

Voltmeters are used to measure e.m.fs. and potential differences’ in a circuit 
and are, therefore, placed in parallel between two points in a circuit whose p. d. 
is being measured. The voltmeter should not, therefore, draw an appreciable 
current, so that the main current in the circuit remains practically unaffected, 
Hence resistance of a voltmeter should be high. Actually a perfect voltmeter 
should take no current from the circuit ie. it should have an infinite resistance. 
A galvanometer may be converted into a voltmeter by connecting a high resistance 
or multiplier as it is called, in series with it, The scale of a voltmeter is cali- 
brated in volts and is usually not of the 
centre-zero type. 

The ammeter should, therefore, be 
always connected in series and a volt- 
meter in parallel in a circuit. This is 
illustrated in Fig. 22:35. The letters 4 and 
V denote an ammeter and a voltmeter 
respectively. 

How to convert a galvanometer Fig. 22:35 


into an ammeter and a voltmeter : Use of shunt and multiplierjto convert 2 
galvanometer into an ammeter and a voltmeter Tespectively is best under- 
stood by calculations from first principles. No Beneral formula is, therefore, 
discussed, 
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Suppose the moving coil of a galvanometer has a resistance of 10 ohm and 
a current of 5 milliampere is needed for its full scale deflection, 

(a) How may it be made into an ammeter reading upto 20 ampere t 

Here a shunt S must be connected in parallel with the galvanometer G (Fig. 
2236]. The maximum current to be used being 20amp and the maximum 
current through the galvanometer being 5 


milliamp or 0 005 amp, the current through 0*005AMP, Do 
the shunt is 20—0:005—19-995 amp. Hence (e) 
if 4 and B be the terminals of the instrument 
Va—V3-—0:005 x 10—19:995 x S 20AMP, SHUNT 
—0:0025 ohm. A S B 
(b) How the above galvanometer may Fig. 22:36 


be converted into a voltmeter with full-scale reading of 50 volt ? 
Here a multiplier, i.e. a high resistance R should be connected in series with 
the galvanometer [Fig. 22:37}. Since the 
R 10.0, converted voltmeter is to read upto 50 
volt, it is obvious that when a p.d. of 50 
volt is applied between the new terminals 
A and B, a current of 0'005 amp must 


O05 AMP. MULTIPLIER 


A 50V: B pass through the instrument. The total 
J resistance between A and B being (R+10), 
Fig. 22:37 e 


50—0:005 (R+10) or, R—9990 ohm. 


Example 22:12. The coil of a galvanometer has a resistance of 50 ohm and 
producesa full-scale deflection when the current through it is 0:01 amp. Find the 
value of the shunt-resistance needed to make the galvanometer a 10 amp ammeter, 

Solution: Let a shunt of resistance S is to be connected in parallel to the 
galvanometer. The maximum current through the galvanometer for full-scale 
deflection is 0-01 amp. Hence a current of (10—0:01)—9:99 amp should pn 
through the shunt. Since the p.d. across the galvanometer must be equal to 
that across the shunt, we have 

0:01 x50 = $x9:99 
whence S — 0:05 ohm (nearly). 


Example 22-13. The coil of a galvanometer has a Hasse a va a a) 
t through i a 
produces a full-scale deflection when the curren h 
Calculate a value of the resistance that has been used in series to make the 
galvanometzr to read as a 20 volt voltmeter. : 
Solution: Let R be the resistance to be connected n E rta 
Balvanometer so that when a p.d. of 20 volt is applied ical E ke. spain 
the galvanometer shows a full-scale deflection. e 2 er x 
the current flowing through the galvanometer is 0:0 one T 
20=0:01x(R+50) of, Re 950 ohm. 
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Example 22-14. 4 galvanometer whose needle deflects 1 scale division per 
mA is to be used asan ammeter. Its resistance is‘200 Q. What should be the 
resistance of the shunt in order that the needle may deflect 5 divisions per ampere ? 

Solution; Deflection of 5 div. needs a current of 1mAx5=5mA=0-005 
amp through the galvanometer. - 

Let S be the shunt to be used in parallel with the galvanometer. Therefore 
for main current of 1 amp the current through the shunt is (1—0:005)—0-995 
amp. Since the p.d, across the galvsnometer is equal to that across the shunt, 
we have, 

200 x 0:005 —S x 0-995 
S S=1 ohm (nearly), 


Example 22'15, A 100 volt battery has an internal resistance of 3 ohm. 
What is the reading of a voltmeter having a resistance of 200 ohm when placed 
across the terminais of the battery? What should be the minimum value of. 
the voltmeter resistance so that the error in finding out the battery e.m.f. may not 


be more than one percent ? (Jt. Entrance, 74] 
Solution: The equivalent resistance, R—200--3—203 ohm. 
S n E 100 
The current in the circuit, i— 7593 P 


<.. Potential drop across the voltmeter V—1 x 200 
—182 x 200—985 volt (nearly) 
Hence the voltmeter reading is 98-5 volt, 


Let R' be the resistance of the voltmeter so that 1% error may creep in the 
measurement of battery e.m,f. 


A . 100 
t t| th = 
Current through the voltmeter Fi amp 
and potential drop across the voltmeter— R' x re 3 volt, 
For 1% error, the voltmeter reading is 99 yoit 
2:199. ar 35:300 
(o5 99-R RES 

Whence R'=297 obm. 


@ EXERCISE @ 
[A] Essay type questions, 
1. ‘A magnetic field isa manifestation of electricity in motion’—Explain the statement 


with reference to a suitable experiment, State and explain Ampere's swiming rule. 


2. State Laplace's law for the field at a point due to a Short element of current, Hence 
define an c.m.u. of current, Write down the expression for the magnetic field at a distance 
from an infinitely long straight wire carrying a current i, 


paraliel current carrying conductors ? 


4 Describe the magnetic field due to current flowing through a solenoid with uniform 
windings. How will you demonstrate to prove the statement that such a solenoid behaves like 
a bar magnet ? 

Write down the expression for the magnetic field inside a solenoid at a point on its axis. 
How can you increase the field without increasing the current and the number of turns per unit 
length ? 

5. What is meant by action of magnet on current? Explain the phenomenon from the 
properties of lines of force. State the rule by which direction of the force acting on a conductor 
carrying a current in a magnetic field can be determined, 

6. Obtain from Laplace's law, the expression for the magnitude of force on a current 
carrying conductor in a magnetic field, How much force is experienced when (a) the current 
carrying conductor lies perpendicular to and along the magnetic field ; (b) a charged particle 
moves in a direction perpendicular to a uniform magnetic field ? . 

7. Describe an arrangement for producing continuous rotation of a current carrying wire 
situated in a magnetic field. How is the direction of motion related to the field ? 

8. . Explain the action of the Barlow's Wheel. On what factors does the speed and direction 
of rotation of the wheel depend ? ; 

9. What happens when two current carrying conductors are brought near each other ? 
How will you explain the phenomenon logically and experimentally? State the rules which 
govern the mutual action of two (i) parallel currents (ii) obliqre currents, Describe the 
Roget’s vibrating spiral and explain its action, 

10, Describe the magnetic field due to a current flowing ina circular coil, State how 
from Laplace's law, the magnetic ficid at the centre of the circular coil is derived. 

11. How would you demonstrate the action between two currents, action of a magnet on 
current and action of a current on a magnet ? [Jt. Entrance '83} 

12, What do you mean by a gaivanometer ? Name the different types of galvanometers, 
Describe the construction of a tangent galvanometer. How is current measured by it? Explain 
the principle, Why it is called ‘tangent’ galvanometer ? : 

13. (a) Describe the construction and principle of action of a tangent gal TEXT ; 

(b) What is meant by the constant of a tangent galvanometer and what is its reduction 
factor? Explain, why in determining the reduction factor of a tangent galvanometer, the 
deflection is made nearly 45°. Explain when such a galvanometer provides maximum sensiti- 
vity and minimum error. x 

14, Explain how a tangent galvanometer may be used as a sine galvanometer. Is the sine 
galvanometer better than the tangent galvanometer ?—Explain. : 


15.(a) Describe with principle the construction and action of a moving coil galvanometer 
(D' Arsonval Type) [ Jt. Entrance '80, H. S. '78,'82] 


(b) How it is converted into an ammeter? — i H.S; 82] 
(c) How the sensitivity of a moving coil galvanometer can be increased ? S 
16. A rectangular coil of wire of n turns carrying a current i is yai ee epi rs 
uniform magnetic field B, One pair of sides of the coil having lengt! 
other pair having lengths b is horizontal, _ k 
Draw a neat figure showing the forces acting on the four se of x eho the D of 
o makes an angle 8 with B and calculate the magnitude of the va en 
17. What are the essential difforenees between a galvanometer and an ammeter? Between 


àn ammeter and a voltmeter ? 
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isit desirable for-(i) an ammeter (ii) a voltmeter to have a high resistance or a low one? 
Explain. , : 

Show how a voltmeter and an ammeter are connected in an electrical circuit, 

18, Describe the principle of operation of a moving coil ammeter. How would you con- 
vert it into & voltmeter ? [H.S. '80] 


[B] Short answer type questions. 


1... The current in a conductor is directed along the north-south direction. What is the 
direction of the defiection of a magnetic needle when it is placed (a) above the conductor. 
(5) below the conductor ? State also the rule which you adopt in determining those directions. 

2. A very weak current passes through a long wire which is stretched over and parallel to 
a suspended magnetic needle. The magnetic field produced is so weak that the needle is not 
deflected. Can you make an arrangement so that the needle will be deflected by the action of 
the same current ? Explain your answer, 

3, Equal current i are flowing through two infinitely long parallel wires. Will there be a 
magnetic field at a-point exactly half way between the wires when the currents in them are (i) 
in the same direction ? (ii) in the opposite direction ? { LLT. 78 ]- 

4. A circular loop of wire is suspended by a string in a vertical plane. An electric current 
is sent through the wire in a clockwise direction as seen from the front face. 1f the coilcan 
turn freely, to what direction (north, south, east or west) will the front face of the coil turn ? 

5. A charged particle is not deflected in passing through a certain region of space. Can 
you conclude that there is no magnetic field in that region? Explain. . 

6. Two infinitely long parallel wires carry equal currents in the same direction :— 

(i What isthe direction of the magnetic field due to one of the wires at any point 
along the other wire ? 
(ii) What is the direction of the force on one wire due to the other ? 
diii) By what factor does this force change if the current in each wire is doubled ? 
(iv) Whatis the direction of the magnetic field at a point midway between the two 
vires ? (LIT. 23] 
7. To determine whether current is flowing through a wire, (i) a magnetic needle is brought 
near it—the needle shows no deflection ; (ii) the wire was dipped in water in a calorimeter—the 
temperature of the water went on rising. How will you interpret these observations ? 
[ Jt. Entrance '80 ] 
8. You have a magnet and a charged particle. Will there be a force on the charged parti- 
cle if—(i) both the magnet and the charged particle are at rest (ii) both, are moving with uni- 
form velocity, identical in magnitude and direction, (iii) the magnet is moving, the charged 
particle is at rest, (iv) the magnet is at rest, the charged particle is moving, [ Jt. Entrance, "80 ] 

9. Ina tangent galvanometer it is a practice to use as small a suspended magnet as 

possible. . State the reason, Suggest an arrangement of coils by which this necessity is removed 
justifying your suggestion, [ Jt. Entrance '81 } 

10. What will be the action on rotation of Barlow's wheel when (i) the strength of the 

current is increased (ii) the direction of current is reversed (iii) the direction of magnetic field 
is reversed (iv) both the direction of current and magnetic field aro reversed (v) the magnet i$ 
taken off ? 

11. Inatangent galvanometer what happens (i) if the galvanometer is carried from one 
place to other, (ii) if the pole strength of the needle is increased, (iii) if the plane of the coil is — 
not in the magnetic meridian, (iv) if the plane of the coil is not vertical, (v) if the no. of turns 
in the coil is doubled ? 

12... By mistake, a voltmeter is connected in series and an ammeter in. parallel with a 
resistance in an electrical circuit. What will happen to the instruments ? (ELT. 76) 


now take and why ? [ Jt. Entrance, '74 | 


14, State Fleming's Left Hand Rule regarding the force on a current carryi duct 
placed in a magnetic field. xL H. S. "2 


15. State the principal difference between àn ammeter and a voltmeter, [ Jt. Entrance '82 } 
(C] Simple problems, 
1, Find the magaetic field within a solenoid of length 40 cm and having a total of 420 


turas when a current of 5 amp is sent through it, [ Ans. 66 oersted ] 
2. A solenoid carries a current ofoneampero. How many turns per cm must it have if 
the field inside is to be 8 oersted ? [4ns. 637] 


3. Acurrent of 4 amp js flowing through a very long straight conductor. Determine the 
magaetic intensity at a point P Situated at a distance of 8 cm from the conductor. What is the 
force acting on a magnetic pole of strength 6 e.m.u. at point P? [Ans, 0*1 oersted ; 0*6 dyne) 

4. Find the couple acting on a small magnet of magnetic moment 10 c.g.s. unit placed at 
the centre of a circular coil of 50 turns of mean radius 5 cm when a current of 2 amp is sent 
through the coil. The magnet lies in the plane of the coil. [ Ang. 125:6 dyne-cm ] 

5. A circular coil of radius 20 cm and 20 turas of wire is mounted vertically with its plane 
in the magnetic meridian. A small magnetic needle placed at the centre of the coil is deflected 
through 45° when a current is passed through the coil, What is the value of the current ? 
( Hw 0:18 oersted ) (LLT. '74) [ Ans. 0:29 amp j 

6. The coil of a tangent galvanometer consists of 5 turns of fine wire. The mean radius 
of the coil is 11 cm. What is the intensity of the magnetic field at the centre of the coil when 
a current of 1 amp flows through it? What is the value of the reduction factor of the galvano- 
meter ? (Given H=0:2 oersted) [ Aas. 0:285 oersted, 0:07 e.m.u. } 

7. A coil of a tangent galvanometer consists of 50 turns of mean radius 10 cm and of 
resistance 10 ohm. A 90 ohm resistance is connected in series with the galvanometer and a 
p.d. of 7 volt is applied across the combination. What is the deflection of the galvanometer ? 
( Given H=0:22 oersted ). [ Ans, 45°} 

8. A current of 0:5 amp when passed through a tangent galvanometer produces deflections 
of (a) 29:5° (b) 30°, On reversing the current, the deflections produced are (a) 30:5° (b) 30°. 
Determine the reduction factor of the tangent galvanometer. Also determine what current 
will give an average deflection of 60°, [ Ans. 0:0866 e.m.u. ; 1-5 amp] 

9. A tangent galvanometer is so designed that 5, 50 or 500 turns can be used, A current 
of 0*5 amp sent ein 50 turns produces a deflection of 45°, Find the deflection prodneed 
When the same current passes through (a) 5 turns (b) 300 turns. ; [4ns. 57558439] 

10. Find the strength of a current which produces a deflection of 60* in a tangan: pilven: 

isti i ircle of 44 cm diameter, given H=0-2 
meter consisting of a single metal rod bent into a circ du. ise] 
estan cough & tangent 

ll. Find the current which gives a deflection of 45° when passed ^ ju oed 
galvanometer if the radius of the coil is 25 Im the number of turns is 500 L Ans, 0-016 amp } 
Component of the earth's field is 02 oersted. ^ 

12. A current of 10 amp produces a deflection of 60^ in a. tangent roce e 
Current will produce a deflection of 30° in the same galvanometer ? NU E i a ad 

13. The coil of .a tangent galvanometer contains 5 Dike 5 3 y felch sha iler 
Calculate the increase in current needed to increase the deflectio [ dns, 6:0407 amp ] 
is 45°, given H—0-18 oersted. 


i matter of the number of turns 
bel rangent gain prick epee through them, the deflection 


in the coil, They are connected in series. 
P-1I/33 
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in A and B are found to be 45° and 35°. Calculate the ratio of the number of turns, given 

^ thattan 45°==1 and tan 35°=0-70, ( U.P.B.'50) [ Ans. 10:7] 

; 15, The coil of a tangent galvanometer is set along the magnetic meridian. A current is 
sent through it whence a field intensity of 0:09 oersted is produced at the centre. If the hori- 
zontal component of the earth's field is 0:18 oersted, determine the deflection of the needle 
produced. The coil is new turned towards the needle, By what angle should the coil be 
rotated so that the needle remains in equilibrium in the plane of the coil? [ Ans. 26:6°, 30°] . 

16. Two cells in series produce a deflection of 60° on being connected to a tangent gal- ' 
vanometer, and a deflection of 30° when the cells oppose each other. Compare the e.m.fs, of 
the cells. [ Ans. 2:1] 

17, A tangent galvanometer is joined in series with a resistance box and a cell of negligi- 
ble internal resistance, When a resistance of 10 ohm is put inthe box, a deflection of 45° is 
produced ; for 30 ohm, the deflection is found to be 30°. Find the resistance of the galvano- 

"meter. { Ans. 17:32 ohm] 

18. A tangent galvanometer of resistance 1 ohm produces a deflection of 45° when joined 
to two identical cells in series. The internal resistance cf each cell is 0-5 ohm. Find the 

deflection of the galvanometer when the cells are rearranged in parallel. [ Ans, 38940] 

19, A cellis connected in series with a tangent galvanometer of resistance 2 ohm anda 
resistance box. When a resistance of 8 ohm is inserted in the box, the galvanometer deflection 
is 60°, But-when the resistance in the box is 30 ohm, the deflection is reduced to 30°, Find 
the internal resistance of the cell, ( Jt. Entrance '79 ) [ Ans. 1 ohm]” 

20. Atangent galvanometer has a resistance of 200 ohm. When joined in series with a 
cell of negligible resistance and a resista ce R, the galvanometer shows a deflection of 45°, 

The galvanometer is then shunted by a resistance of 200 ohm and the deflection falls to 30", 
Determine the value of R. ; -[.Ans. 546-4 ohm] 


21. A tangent galvanometer and a copper voltameter are connected in series. A constant 
'cutrent is sent through that combination for 30 min. The average deflection of the galvano- 
meter is 45° and the mass of copper deposited is 1-325 gm. Calculate the reduction factor of 
the galvanometer. (Given, E.C.F. of Cu—32:94 x 10-5 gm/coulomb), { Ans. -0:2235 e.m.u. ] 

22. Am electric circuit contains a battery, a silver voltameter and a tangent galvanometer 
of 30 turns of wire of 24 cm mean radius, all connected in series, If 1:8 gm of silver is 
deposited in an hour, find (1) the reduction factor of the tàngent 'galvanometer and (2) hori- 
zontal component of earth's magnetic field when the deflection of the galvanometer needle is 
45° (E.C.E. of silver is given as 00011182 gm/coulomb.) - (Jt. Entrance, '75) 

[ ns. (1) 0045 e.m,u. , (2) 0:35 oersted ] 

23. The moving coil of a galvanometer has 60 turns, a width of 2 cm and a depth of 3 cm. 
It hangs in a uniform radial field of 500 C.G.S, unit. Find the turning moment of the coil in 
dyne-cm when it is carrying a current 1 mA, (Cal. Univ.) [ Ans. 18 dyne-cm ] 


24. A galvanometer with a linear scale has a coil consisting of 50 turns of wite wound on 
a frame 2 cm square, mounted in a magnetic field of Strength 3000 gauss. A current of 10 
micro amp produces a deflection of 5°, Calculate the couple required to produce a twist of 
1 radian in the suspension. ( Oxford & Cambridge ) [ Ans. 6-88 dyne-cm ] 
25. A. galvanometer has a resistance of 5 ohm and a full-scale deflection is produced by 

15 milliampere. Show how it can be used to read (i) 1:5 volt (ii) 1:5 amp. 
[ Ans. (i) 95 ohm in series, (ii) 0-05 ohm in parallel ] 
26. A moving coil galvanometer has a resistance of 10 ohm and gives a full-scale deflec- 
tion when the current through it is 1 milliampere. Find the value of shunt resistance to be 
used to convert it into an ammeter reading upto 10 ampere, [ Ans. 0:001 ohm] 


27. You are given a millivoltmeter of range 1 to 30 millivolt and of internal resistance 25 
ohm. Show how you will use the instrument to measure (a) potential between 1 to 30 volt 
(b) current between 0'1 to 3 amp. i ( Cal. Univ. ) 

[ Ans. (a) 24975 ohm to be added in series (5) 0-01 ohm as shunt ] 
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28. The needle of a galvanometer undergoes a deflection of 5 scale divisions per milliam- 
pere current. if the resistance of the galvanometer be 238 ohm, how it can be converted to 
` give a deflection of 10 scale divisions per ampere ? , [ Ans. 0:477 obm as shunt } 
29. Bach scale division of a sensitive milliammeter correspondsto 1 m4, It is converted 
into a voltmeter by connecting a suitable resistance in series so that the effective resistance 
becomes 500 ohm. What is now the value of each scale division 7 [ Ans. 05 volt] 
30. (a) A galvanometer having a coil of resistance 100 ohm gives a full scale deflection 
when a current of one milliampere is passed through it, What is the value of resistance which 
can convert this galvanometer into a meter giving a full-scale deflection for a current of 
10 ampere ? y . 

(b) A resistance of the required value is available but it will get burnt if the energy 
dissipated in it is greater than one watt. Can it be used for the above-described conversion of 
the galvanometer? | - 

(c) When this modified galvanometer is connected in series across the terminals of a 
battery, it shows a current of 4 ampere. The current drops to 1 amp when a resistance of 1:5 
ohm is connected in series with the modified galvanometer, Find the e.m.f. and the internal 
resistance of the battery. [I 17,72] 

[4ns. (a) 1/99:99 ohm in parallel, (b) Yes, energy dissipated is 0:9999 watt, (c) e.m.f.— 
2 volt ; internal resistance—0:49 ohm ]. . 

31. A galvanometer of resistance 20 ohm can carry safely a current of 1 milliampere. If 
a current of 0:2 ampere comes up to it what must bethe value of the shunt in order that the 
galvanometer may not be damaged? What is the equivalent resistance of the shunted 
galvanometer ? . ( Jt. Entrance '73) [ Ans. 0-1 ohm, 0-099 ohm ] 

. 32. The resistance of a shunted galvanometer is 75 ohm, that of the shunt being 100 ohm, 
The galvanometer is indicating a certain defiection when the resistance in the rest of the circuit 
is 2000 ohm. The shunt is now removed. What additional resistance must be introduced in 
the circuit so that the galvanometer deflection remains unaltered? What is the multiplying 
power of the shunt ? j [ Ans, 6000 ohm; 4] 

33. An ammeter of resistance 5 ohm is connected in series with a variable resistance R and 
a battery of internal resistance 2 ohm. The meter gives a full scale reading when R= 33 ohm. 

By what resistance must the meter be shunted in order to give a full-scale reading when 
R=8 ohm? ( London ) ( Ans. 2 ohm] 


[D] Harder Problems. 


1. Anytwo points of a circlé of uniform wire are joined to the terminals of a battery. 
Show that the field at the centre of the circle is zero. ( Nagpur *53 ) 
i ire i D i ally in the magne- 
2. A long straight wire carrying a current of 1-2 amp is placed horizont 
tic meridian. Find the deflection which would be produced in a compass needle placed $ em 
below it, Given, H=0:2 oersted. 5 ; es 1 & 1 A J 
i tic field and the fie 
3, The magnetic field at a point P consists of the terrestrial magne 
i ductor, How should the 
rod t of 9 amp flowing through a long straight con t 
inductor be MERE set to Pfor the resultant magnetic field intensity at this point 
to i , H=0°18 oersted. : 
pei peser of P with the current flowing upward, or, 10 om below P with the 
current flowing from west to east. Tyo more alternate sero 5 esp aces 
i is m 
4. With a wire of 0:2 mm diameter and sp. resistance 2x ohm-cm, 
and of didis 10cmismade. The coii is connected across a voltage 4 que of 10 sr lees 
the current through the coil. What must be the applied voltage A ld ge y yep 
magnetic field (H.—0:314 gauss) at the centre of the coil ? der $01 ns. 1 amp X A 
5. A tangent galvanometer having 100 turns and 30 ohm uana is peer task 
with a coil of resistance 5 ohm, Ifa battery of 5 ohm internal resistance is cross 
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the combination, a deflection of 45° is produced. What would be the deflection if only 50 turns 
of the galvanometer were used ? [ Ans. 38°40’ } 
6. A smail magnet is suspended at the centre of a vertical circular coil, When the coil 
carries a current of 1:25 ampere and makes an angle of 30° with the magnetic meridian, the 
suspended magnet points east-west. If the number of turhs in the coil is 10 and its radius is 
20 cra find the horizontal component of earth’s magnetic field. (LET. 7} 
[ Ans. 0:1963 oersted ] 
7. A battery is connected with a tangent galvanometer and a resistance in series and the 
deflection of the galvanometer is 60°. On placing a resistance in parallel with the galvano- 
meter, the deflection is reduced to 30°, If the resistance placed in parallel is 1/9th of the 
galvanometer resistance, calculate the ratio of the series resistance and the galvanometer 
resistance. ( Jt. Entrance '76 ) [ Ans. 2:7) 
8. An accumulator, a tangent galvanometer, and a copper volvameter are joined in series. 
The current flowing through the circuit for 1 hour produces on the cathode of area 100 sq cm 
a deposit of copper layer of thickness 0:01 mm, the galvanometer showing a steady deflection 
of 30°. What will be the deflection of the galvanometer when a current of 1 amp is sent 
through it?  E.C.E. of copper —0:00033 gm/coulomo sp. gravity of copper-7:8. 
f Ans. 41°20] 
9. A galvanometer, whose sensitivity is 0'50 divisions per microampere, gives a full-scule 
deflection of 250 divisions when connected in series with an accumulator (e.m.f. 2:20V) and a 
coil of resistance 4200 ohm. How may it be adapted to give a full-scale deflection for a current 
of 3:00 milliampero ? ( Neglect the internal resistance of the accumulator). ( London.) 
1 [ Ans. Shunt of 40 ohm} 
10. An accumulator of e.m.f. 2:0 volt and negligible internal resistance is connected in 
series with two resistances P and Q. A resistance Randa galvanometer of resistance G are 
joincd in series and then connected to the ends of P. The golvanometer is shunted bya 
resistance S, If P=2002, Q—18800, R—2840, S=202, G=80Q and the deflection in the 
galvanometer 20 division, calculate (i) the current sensitivity of the galvanometer in microam- 
pere per division (ii) power consumed in the circuit in milliwatts. [ Jt. Entrance '81] 
{ Ans, 4. amp/division ; 2 milliwatt ] 


23 | ELECTROMAGNETIC INDUCTION 
CHAPTER 


23:1, Introduction. 


Immediately after Oersted’s discovery in 1819 that magnetism could be 
developed by means of electric current, scientists obviously became interested 
in the possibility of finding the reverse effect—production of electric current by 
means of magnets. In 1831, Michael Faraday in England aud independently 
Joseph Henry in U.S.A. demonstrated that whenever the number of magnetic 
lines of induction passing* through a closed coil is changed, a current is induced 
in the coil. This phenomenon is known as electromagnetic induction. The 
change in the number of magnetic lines of induction passing through the 
coil may be produced by various ways, viz. (a) by moving a magnet towards 
or away from the coil, (b) by changing the current in a neighbouring coil or 
by relative motion of the two coils one of which carries a current and also 
(c) by rotating the coil in a magnetic field. In this chapter we shall deal with 
this phenomenon of electromagnetic induction, —the phenomenon which 
supplied us with the means of converting mechanical energy to electrical one by 
dynamos. 


23:2. Fundamental experiments. 


(A) Current induced by magnet : Let us consider a coil S$ having many 
turns of fine insulated wire [Fig. 23:1]. Its terminals are connected to a 
sensitive galvanometer G. Now, if one of the poles (say, N) of a strong bar 
magnet be moved towards one face of the coil, the galvanometer needle gives a 
momentary deflection showing that an instantaneous current has been induced 
in the coil [Fig. 23:1 (a)}. If the same pole is moved away from the coil, tbe 
galvanometer also shows a deflection, but this time in opposite direction i.e., 
the induced current flows in the opposite direction through the coil [Fig. 251 
(b). In both the cases, the induced current exists so long as the magnet is 
moving ; as soon as the magnet is stopped.the current also dies down, and the 
galvanometer needle returns to the zero position. 

The same effect is produced if instead of moving the magnet towards the 
coil, the coil is moved towards the magnet. In fact, it is the relative motion 


1 it i il. If both the 
between the coil and the magnet that induces the current in the co oth t 
magnet and the coil be kept at rest. or if both be moved in the same direction 


lina ee Meer ee eee 
a Those lines of induction which cross t 
lines passing through the coil. 


he area bounded by the coil are regarded as the 
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with same speed so that there is no relative motion between them, no current is 
induced in the coil. ; 


—  QQW6Q00U) &—3  - QRUUQUR 
Le A e 
AGE GE 


S (b) 
Fig. 23:1: Current induced by magnet 
If, instead of N-pole, the same experiment is conducted with the S-pole then 
with the approach or receding away of the magnet, the current in the coil flows 
in the direction opposite to that in previous cases. 


The absolute direction of the-induced current in the coil (ie., whether : 
clockwise or anticlockwise) as seen by an observer moving with the pole of the 
magnet presented to the coil is given in the following table ; - a ih 


Direction of induced* 


Motion Ai 
N-pole approaching Anticlockwise 
N-pole receding Clockwise 
S-pole approaching . ‘Clockwise 
S-pole receding Anticlockwise 


The following facts may also be observed from the same experiment 


The amount of galvanometer deflection and hence the strength of induced 
current increases with (1) the increase in the area and the number of turns of 
the coil; (2) the increase in the pole strength of the magnet used ; (3) the 
increase of relative motion of the coil and the magnet i.e. the rapidity with 
which the magnet is moved towards or away from the coil ; and (4) the presence 
of piece of soft iron inside the coil. 


Induced e,m.f.: The presence of induced current in the coil implies that 
an e.m.f. is induced in the coil. When there is an air gap between the terminals 
of the coil, the induced e.m.f, still exists, but it fails to drive the current because 
the resistance of the coil becomes infinitely large due to the presence of the air 

gap. ‘If however, the induced e.m.f. is made sufficiently large, sparking may 
occur in the air gap between the two terminals of the coil (vide Induction coil, 


Art. 23°9). 
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(B) Current induced by a current: Let us consider two coils P and S 
arranged co-axially one above the other (Fig. 232). The terminals of P are 
connected in series with a rheostat Rh, a 
battery B and a switch K respectively. P is 
called the primary coil. The terminals . 
of coil S are coanected to a sensitive P B 
galvanometer G, S is called the secondary of 
coil. 

Now, keeping the switch K ‘on’ i.e., 
with a current flowing through P, if P Q 
is moved closer to S, the galvanometer 
shows a momentary deflection. The 
galvanometer needie however returns to A 
zero position as soon as P is stopped, Fig: 252: Current induced by current 
When P is moved away from S, the galvanometer again shows a momentary 
deflection but this time in the opposite direction. The sanre results are obtained 
if P is kept fixed and S is moved towards or away from P. The direction of 
current through P may first be determined by noting its terminal connected to 
the positive pole of the battery. The direction of induced current in S can then 
be obtained: as follows : ie 

When P moves towards S, the induced current in S flows in a direction opposite 
to thet in P ; when P moves away from S, the induced current in S flows in the 
same direction as in P. The magnitude of galvanometer deflection i.e., the 
strength of the induced current increases with the rapidity with which the 
primary is moved towards or away from the secondary. 

Instead of moving the primary towards the secondary, an induced current 
may be produced in the secondary by any of the following : UE 

(1) Whenever a current in the primary is started by means of the iria 
or increased by means of the rheostat Rh, a current is induced in the Sg j 
in both the cases the induced current is opposite in direction to the primary 
current, 


i i decreased, a current is 
2) Whenever the primary current is stopped or 
mor in the pbb) but this time, in both the cases, the induced current 


flows in the same direction as the pri current. 

It is to be noticed that (a) the induced current drops down to zero " te 
as the change in the primary current is over, ie. when the primary 
reaches stationary maximum value or goes down to zero. - m 

(b) The iier. of the induced current increases with the rapidity with 
which the primary current is increased or decreased. V GEGEN A 

(c) The induced current is stronger when both the | 
iron cores. 


23:3, Magnetic flux, flux density. ` 


The word flux means ‘flow’ or ‘current’. 
intimately related to the lines of magnetic 


0000000 
n 


The concept of magnetic flux is . 
induction. We know that the lines 


/ 


520 ELEMENTS OF HIGHER SECONDARY PHYSICS 


of induction leave the north pole of a magnet, pass through the surrounding 
medium, enter the south pole, and continue through the magnet to the north 
pole again. Each line of induction is a continuous closed curve. 

Let us consider an area 4 at any point in a uniform magnetic field 
placed normal to the lines of induction. Then the number of lines of induction 
passing through that area is called the magnetic flux ($) through that area or 
magnetic flux linked with that area. 

By definition, the magnetic induction, B, at any point is the number of lines 
ofinduction that pass normally through unit area round about that point. 
Hence 

$2B.A o 

If the area 4 is not placed normal to the lines of induction i.e. to the direc- 

tion of B, then the above relation becomes 
j $=BA cos 0 
where @ is the angle between B and the normal to the area A. 

Fora non-uniform magnetic field, we should consider a very small area 

AA;; if the flux linked with that area be A, then 

4 A$—BAA 
Obviously magnetic inductio: is the flux per unit area of the surface normal to 
B ; so magnetic induction is also termed flux density. i 

The unit of magnetic flux is maxwell. As the unit of induction is gauss, 
therefore 

1 gauss—1 maxwell/square centimetre 


23:4. Laws of electromagnetic induction, 


(A) lstLaw: In the first experiment described above, when both the coil 
and the magnet are at rest, some lines of induction pass through the area of the 
coil i.e. a magnetic flux is linked with it. When both the coil and the magnet are 


(by 


Fig. : 23:3 


stationary, the magnetic flux through the coil is constant. If the magnet be 
moved towards the coil or the coil towards the magnet, the flux linked with the 
coil increases (Fig. 23-3(a)], If the magnet and the coil be moved away from 
each other, the flux linked with the coil decreases [Fig. 23:3(b). In both the 
cases an e,m.f. is induced in the coil, 


Again, we know that a current carrying coil is equivalent to a. bar magnet. 
Also the number of magnetic lines of induction arising out of the coil increases 


—————————————— M à 
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with the increase in the current in the coil. Thus in the second experiment 
described earlier, there is also a flux linked with the secondary ; this flux changes 
with the relative motion between the primary and the secondary and also with 
the changes in the current strength in the primary, Obviously at make or break 
of the primary current, the flux linked with the secondary changes. In all 
cases, an e,m.f, is induced in the secondary, Thus we arrive at the first law of 
electromagnetic induction which states— 

Whenever there is a change in the magnetie flux linked with a coil, an instanta- 
neous e.m.f. is induced in the coil. 

(B) 2nd Law: It has been mentioned in connection with the experiments 
described above that the magnitude of the induced current and hence that of the 
induced e.m.f. increases with the rapidity with which the action which causes the 
e.m.f, to be induced is performed. 


Now, in the first experiment, if the magnet be moved quickly towards or away 
from the coil, the number of lines of induction passing through the coil varies 
rapidly and the induced e.m.f. is large. On the other hand, if the motion of the 
magnet be slow, the rate of variation of the number of lines of induction linked 
with the coil is small and the e.m.f. is small. In the second experiment also, the 
quicker is the movement of the primary, or the quicker is the change in current 
in the primary, the larger is the rate of variation of the magentic flux linked 
with the secondary and hence greater is the magnitude of the induced e.m.f. 
Thus we arrive at the second law of electromagnetic induction, The law 
states— 


The magnitude of the e.m.f. indueed in the coil is proportional to the rate of 
variation of the magnetic flux linked with the coil. a 

Thus if 4, and ġa be the flux through a coil of single turn at the beginning 
and at the end of a time interval t respectively, then the induced e.m.f. 


ed ht $^ Ne (23:1) 
In calculus notation 
(sd zi a (32) 


If the coil is made up of n adjoining turns all of the same size, then pim 
of induction passing through the coil is linked with cach turn. gi sieh a 
induced e.m.f. is increased by the factor n and-eqn. (23:2) may be wri 


ecn <4 m (23:3) 


The first Jaw tells us when an e.m.f. in induced in a coil vac wi E 
gives us a quantitative measurement of the induced omi te Cio atit 
discovered by Faraday and are known 8s Faraday's laws of ele 
OR tic indu 

2 thi Jectromagneti 

(C) 3rdLaw: The third law of €. i 
the direction of the induced current. It was first enunciate 
therefore, known as Lenz's law. This law states— 


P-II/66 


ction tells. us about 
d by Lenz and is, 
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The induced current is always in such a direction that it opposes the action that 
produced it. 


Mathematically, Lenz's law is expressed by placing a minus sign in the r. h. s. 
of eqn. (23-3). Thus we have, the induced e. m. f. 


ence 
e oc 5 


s A a d$ 
ien kt, 

where k isa constant. With suitably chosen units k may be made equal to 
` unity. Hence finally we get 


au, d is vee (234) 


Eqn. (23:4) contains all the three laws of electromagnetic induction. 


Let us now see how Lenz's law applies to the. experiments described earlier 
for producing induced current; 


In the first experiment, when the N-pole of the magnet is moved towards the 
coil, according to Lenz's law the induced current must oppose this motion, i, e. 
it must flow in such a direction that north polarity is developed at the end of the 
coil facing the magnet ; since like poles repel, the motion of the magnet is 
opposed by the induced current: The current induced in the coil.must therefore 
appear anticlockwise as viewed from the magnet side [Fig, 23-1(a)], Further if 
the N-pole is moved away from the coil, then to oppose the motion of the 
magnet, S-pole must be developed at the near end of the coil, ` This requires the 
induced current to flow in the clockwise direction as observed from the magnet 
side (Fig, 23:1 (b)]. Both these results agree well with our experimental 
observations, 


Again, we know that parallel currents flowing in the same direction attract 
each other and currents flowing in the opposite directions repel each other. 
Hence, according to Lenz’s law, when the primary coil carrying a current is 
moved towards the secondary, the direction of the induced current in the secon- 
dary should be such as to repel the primary, i, e., the induced current in the 
secondary should flow in a direction opposite to that in the primary. Similarly, 
when the primary recedes away from the secondary, the induced current in the 
secondary must flow in the same direction as that of the current in the primary 
so that the secondary attracts the primary and hence opposes its motion. Both 
these results.also agree with experimental observations. 


The action of increasing the current in the primary is equivalent to the 
advance of the primary (carrying a steady current) towards the secondary ; in 
both the cases, magnetic flux linked with the secondary increases. Hence the 
induced current in this case must flow in the opposite direction as the current in . 
the primary, Arguing as before, the induced current in the secondary must 


flow in the same direction as the primary current when the primary current is 
decreased. 
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Thus, remembering that at make the primary current.increases from zero to 
a steady value and at break. it decreases from the steady value to zero, the direc- 
tion of induced current at make and break of the primary current may be 
predicted by Lenz’s law. 


23:5. Lenz’s law and the Principle of conservation of energy. 


Lenz’s law directly follows from the principle of conservation of energy. If 
one pole of a bar magnet be given a small displacement towards a closed coil, a 
small induced current is generated jn the coil. Let us suppose that contrary to 
Lenz’s law, the direction of induced current is such that the magnet is attracted 
towards the coil instead of being repelled. Then due to this attraction the 
magnet will continue to move towards the coil with acceleration and hence more 
and more current will be induced in the coil. This energy of motion of the 
magnet or electrical energy of the circuit of the coil will thus be obtained without 
the expenditure of an equal amount of energy supplied from an external source. 
This according to the principle of conservation of energy, is impossible, Hence 
the induced current must flow in such a direction so that the advance of the 
magnet is opposed, which is Lenz's law. 

What actually happens is this — when a currentis induced due to relative 
motion between a magnet (ora primary coil carrying a current) and a closed 
coil (or the secondary) the external agent which causes the motion does an extra 
amount of work against the force of attraction or of repulsion. This work 
provides the energy of the induced current. In the case of the current induced 
due to change in the primary current, the extra energy is provided by the source 
of e. m. f. which supplies the primary current. 


23:6. Direction of e. m. f. induced in a straight conductor moving in a 
magnetic field ; Fleming’s right hand rule. 2 

: is i ly when the 

It was shown by. Faraday that an e, m. f. is induced not on ) 
magnetic flux linked with a coil.changes but also when a straight conductor is 


moved at right angles Mino d Abr c 
to a .magnetic field. A! FURENT 


The required experi- 
mental arrangement is 
as follows : 

A sensitive galvano- 
' meter G is connected 
at the ends of a straight 
metal rod AB by means 
of flexible wires (Fig. 
23-4 (a)) The rod is 
placed atright angles e A tures ut dial o cs 


to the magnetic field Fig. 234: (à SUR 
between font opposite (b) Fleming's right-hand rule 


magnetic poles N,S. Ifthe rod is moved upwards, the galvanometer shows a 


momentary deflection indicating the presence of dn- instantaneous RERS 


INDUCED 
CURRENT 


524 ELEMENTS OF HIGHER SFCONDARY PHYSICS 


current in the circuit oí the rod. The direction of the induced current is as 
shown in the figure, When the rod is moved downwards, ihe induced current 
is reversed. 


Fleming’s right-hand rule (Dynamo rule) : 


The direction of the induced current in a straight conductor with reference 
to the direction of the field and the motion of the conductor were given by 
Fleming in a comprehensive form as follows : 


If the thumb, fore finger and the middle finger of the right hand be stretched 
out mutually at right angles, then if the Fore finger points in the direction of the 
magnetic Field and the thuMb in the direction of the Mction of the conductor, 
then the mIddle finger will point in the direction of the Induced current. 


The above statement is known as Fleming's right-hand rule, and is also 
sometimes called the dynamo rule. The cule is illustrated in the Fig, 23:4 (b). 
Students are to compare this with rig. 23-4 (a) to verify the law. 


Explanation of the e, m, f. induced in the straight conductor. 


Let us consider a straight conductor AB placed in a uniform magnetic field 
[Fig. 23'5), the field being perpendicular to the plane of the diagram and 
-ELECTRONS is directed upwards. Suppose AB is moved 
towards right always keeping it in the plane 
of the diagram. A free electron in the 
conductor moving towards right with the 
conductor is equivalent to a current flowing 
towards left, By Fleming’s left-hand rule, 
this current experiences a mechanical force 
towards 4. This force acts on the free 
electrons in the conductor and hence they 
accumulate at the end 4 and make the end 
negatively charged. This leaves the end B with 
Bí Y an increased amount of positive charge, Thus 
g. 2355 ` RUM : 
an e.m.f, is set up within AB and it acts 
from 4 to B. When the ends 4 and B are connected externally, the 
negative charge flows from A to B in the external circuit, Hence 
a conventional current flows from B to A in the external circuit and 
from A to B within the conductor. The direction of the induced current is 
thus exactly as obtained from Fleming's right-hand rule, 


It should be noted here that the positively charged atoms in AB also 
experience a force opposite in direction to that experienced by free electrons, 


But they are not free to move and hence do not contribute to the induced 
e. m. f. 


It can be shown both theoretically and experimentally that the magnitude of 


the induced e, m. f. in the conductor is equal to the rate at which the con- 
ductor cuts the lines of induction, 
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23.7. Mutual Induction, 


Two coils are said to be magnetically coupled when some of the magnetic 
lines of induction aris:ag out of the current in one of them, pass through the 
other. The coils should be arranged near each other, side by side or co-axially 
or one placed inside the other. 


When the current flowing in any one of two magnetically coupled coils is 
changed in any way, the magnetic flux linked with the other changes and an 
e. m. f, is induced in it, This pheno- 
menon is known as mutual induction. 
The coil P in which a source of e, m. f. 
i.e, a battery is connected to provide 
the necessary current, is called the 
primary coil; the coil S in which the 
e. m. f, is induced is called the Secondary 
coil [Fig. 23:6). It is to be noted that 
the primary and the secondary may be À 
interchanged to produce the same effect and hence the term ‘mutual’ is 
ascribed to the phenomenon, 

Let i be the instantaneous current through P; then the flux ¢ linked with S 
is obviously proportional to 7, Hence 

gai or, ó—HMi e (23:5) 
where the proportionality constant M depends on the shape, cross-sectional 
area and number of turns of the two coils, It also depends on the relative 
position of the coils and increases with the permeability of the medium inside 
the secondary. 
When i changes, the induced e.m.f. in S is given by 


di AY e (23:6) 

en - S6 MG ( 
The constant M is called the coefficient of mutual induction (or rend 

inductance) between the coils. It may be defined either from eqn. ( 

from eqn. (23:6) as follows :— 


From eqn, (23:5), the mutual a iios 
linked with one when the current in the other 1 ; gin 
From eqn. (23:6), the mutual inductance between id iiu " the emf. 
induced in one when the rate of variation of current in the other b Leas id 
It is to be noted that if the primary and the secondary se ie ee = 
instead of the current varying in P if the viele rou re A d 
linked with P at any instant is also Mi, the constan 
before. sd 
Units; The absolute (e.m.u.) unit of mutual inductance is ae ch "à = 
tance between two coils if a rate of change of gg ei id u. 
in the primary induces an ẹ.m.f. of one ¢.m.U- 


QUUUQUQ0UÜ 


Fig. 236: Mutua! induction 


ctance between two coils is the flux 
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The practical unit of mutual inductance is henry. Two coils are said to have 
a mutual inductance of one henry if a rate of change of current of one ampere 
. per second in the primary induces an e.m.f. of 1 volt in the secondary. 
Thus .- 
à 1 volt 
1 henry— Tinpseher 
10? e.m.u, of potential difference 
E. 107! e.m,u. of current/sec 
=10° e,m.u. of mutual inductance 


As henry is a very large unit, millihenry (10-* henry) aad micro henry - (2 
henry) are used for practical purposes. 


23:8. Self-induction. 


Let us consider a circuit which contains a battery B supplying a constant 
e,m.f., a coil C ‘of insulated wire and a tapping key K in series [Fig. 23:7]. 
; When. the key is open, no current flows in the circuit and hence the magnetic 
flux linked with the coil is zero. When the key is pressed, the current in the 
circuit takes time to grow to its steady value, The time for this growth is, of | 
course, very small—usually a very small fraction of a second. 

However, as soon as the key is pressed a current flows ; due to this current - 
a magnetic field is established. in and around the coil and a magenetic 
flux is linked with the coil itself. As the current grows, the flux linked 
with the coil increases and hence an instantaneous 
m.f. is induced in the coil, Due to Lenz's Law 
this induced e.m.f. opposes the applied e.m.f. 
(by the battery). When the current in the coil rises 
tothe maximum value and becomes steady, there 
is no more variation of magnetic flux and the © 
induced e,m.f. vanishes. If now the circuit is . 
broken by releasing the key, the current decays 
from the steady value to zero. Hence for the same reason, an instan- 
taneous e.m.f. is again induced in the coil, but this time in the reversed direction, 
i.e., in the same direction as the applied e.m.f. Thus an e.m. f. is induced in a 
coil when the current through the coil itself changes. This phenomenon is known 
as self-induction and the e.m.f. induced is called self-induced e.m.f. 
^. At any instant during the growth or decay, let ; be the instantaneous value 
of the current: through the. coil. Obviously the magnetic flux 4 linked with 
_the coil at the same instant is proportional to the current i. Thus 

$oci 
on $-—Li “a ays (23:7) 

where the proportionality constant L depends on the number of turns and 
cross-sectional. area of the coil. It also depends on the permeability of the 
medium inside the coil ; but it does not depend on the material of the wire. 

When ; changes, the self-induced e.m.f. in the coil is given by 


) ex $ =-14 *: ie (23:8) 


Fig. 23:7 


7" 23:9, Induction coil, ' 
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_ The constant L is called the coefficient of self-induction or self-inductance 


` or simply the inductance of the coil. We can define the inductance from eqn. 


(23:7) or (23:8) as follows :— . ; 

From eqn. (2377), the self-inductance of a coil is the magnetic flux linked 
with the coil due to .unit current flowing through it. Or, from eqn. (23:8), the 
seli-inductance ofa coil is the e.m.f. induced in the coil when the rate of 
variation of current in the coil is unity. 

It should be noted that self-inductance is neither magnetic flux nor. e.m.f. ; 
it is measured in terms of those quantities. Actually self-inductance is the 
property of a coil by virtue of which the coil opposes - the growth or decay, of 
current through it. 2 


: The practical unit of self-inductance is also henry. 
Demonstration experiment. 


In the case of a coil with a large number of turns and having a soft iron 
core, the self-induced e.m.f. is much greater than the applied e.m.f. across the 
coil. , This may be demonstrated using a 220 volt 
Heon lamp (N), a powerful electromagnet (M), 
a 6 volt battery (B). The connections are made as 
shown in the Fig. 23°8. The neon lamp requires at 
least 180 volt to glow. Thus when the switch S is 
closed, the applied e.m.f, of 6 volt is not sufficient to 
make the lamp glow, although a small direct current 
is established through the coil of electromagnet. 
Now, when S is opened, the lamp flashes momen- 
tarily showing that an e.m.f. much greater than the 
applied e.m.f. is induced in the. coil of the 
electromagnet;by the decaying current. 3 Fig. 238 


Non-inductive resistance coils : It is often necessary to get rid of self-induc- 
tion in resistance coils, In that case, resistance coils are wound on 
itself so that their inductance is zero. Such winding, known o 
non-inductive winding, is shown in Fig. 23:9. ecg" the = 
is so wound the current in one half of the coil M " i: 
by side with that in the other half ; but the current = deum 
halves flow in opposite directions. The flux popr i ee 
current in one half, therefore, exactly neutralises that p 


i If, Consequently no self- 
by the current in the other hal e Gan i 


Fig 239: Non- induced e.m.f. is developed when the s 


'inductive winding changes. 


i i il: the name 
The induction coil, often called Ruhmkorff's n subse tre E 
of its inventor, is a practical application of the toed pes The essential parts 
Its purpose is to transform a low voltage into à higher one. 
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of the instrument with electrical connections are shown diagrammatically in 
Fig. 23:10. 


Construction : 


(a) The primary coil consists of a few turns of insulated thick wire wound 
round a core consisting of a bundle of soft-iron rods. The rods are long and 
very thin and are insulated from one another by a thin coating of varnish, Such 
construction of the core minimises the current induced in it due to the make 
and break of the primary current and hence prevents the. core from becoming 
unnecessarily hot. 


(b) Surrounding the primary coil, but insulated from it with great care, the 
secondary coil is wound. It has many 
thousands of turns of very thin insulated 
wire. The ends of the secondary are 
connected to an adjustable spark 
gap G. 

(c) The primary coil is connected 
in series with a make and break device 
called the interrupter, and a battery 
B through a switch K. The interrupter 
is similar to that used in an electric 
bell. It consists of a spring S, fixed 
at one end, The other end carries a 
Fig. 23-10: Induction coil small piece of soft iron H called the 


hammer. In its normal condition, the spring touches an adjustable screw 
M through platinum contacts, 


(d) Atinfoil-paper condenser C of large capacity is connected in parallel 
to the platinum contacts. 


Action ; 


When the switch K is closed, the primary current is established and the iron 

core becomes magnetised, The hammer is thus attacted towards the core. This 
causes the platinum contacts to separate from each other and the primary 
circuit is broken. The primary current stops and the core gets demagnetised. 
The hammer is pulled back to its original position by the spring. The electrical 
connection between the platinum contacts is thus again established and the 
action goes on repeating as before. Asa result, the hammer vibrates to and 
fro causing arapid make and break of the primary current, the frequency of 
which depends on the strength and inertia of the spring. 
i At cach make and at each break of the 
is generated in the secondary. Obviously, the direction of the e m.f, induced 
at make is opposite to that at break, It can however be proved both theoreti- 
cally and experimentally that the pri 


mary current decays much more rapidly 
at break than it grows at make. Thus the flux linked with the secondary 


primary current an induced e. m. f. 
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changes much more rapidly at break than at make of the primary. Hence she 
induced e.m.f. is much greater at break than at make of the primary. current. 
The time variations of primary current 
and secondary e¢.m.f. are shown in 
Fig, 23:11. 


The e.m.f. induced in the secondary 
at break is so large that itis sufficient 
to send an electrical discharge across the 
spark gap. The small induced emf. 
at make cannot, however, send the TIME 
discharge especially when the spark gap 
is large. Thus although e.m.fs. are 
induced in the secondary at make as 
well as at break of the primary current— 
and these e.m.fs. are oppositely directed— 
discharge across the spark gap takes 
place in one direction only, that due to 
the e.m.f. induced at break. 


wv NN BREAK 


PRIMARY CURRENT. 


SECONDARY €.m.- 


Action of the condenser : TIME 


Owing to the self-induction of the s 
primary, there is a self-induced e.m.f. in Fe TUB 
the primary itself which causes small sparks to pass across the platinum contacts 
during the break and this makes them to wear away. Moreover, the sparking 


The condenser has got a further advantage. After being charged, fhe.00- 
denser due to the low bs of the primary circuit, immediately pris 
through it, but in a direction opposite to that of the primary peas the 
without the condenser, at break the primary current ropi en jee 
maximum steady value, say ip, tO Zero ; whereas with T a roig Asa 
the primary current is reversed in direction i.e. changes s LE the previous 
result, at break the primary current changes practically a bos rp HUNG 
rate and the corresponding e.m.f. induced in the secon x 
doubled. 

; ; i to an 

The induction coil steps up ue eph psu Tan call be 


enormously large value. An e.m.f. 0 EAN. 
obtained from its secondary by applying only 4 or 6 volt at the primary., 


P-11/34 
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Uses of the induction coil. 

Previously, the induction coils were used to study the electrical discharges 
through the gases and to operate X-ray tubes and Morse radio-telegraph, Now- 
a-days, the most important application of the induction coil is the coil-ignition 
system of gas engines such as those of motor cars. Ina gas engine, a mixture 
of petrol vapour and air is drawn into the cylinders, compressed and then 
ignited by an electric spark across the spark plug. For this a p.d. of several 
thousand volt is to be applied across the terminals of the spark plug, An 
induction coil supplies this high p.d. 

23:10. E. M. F, induced in a rotating coil; The dynamo principle. 

The induced currents obtained in the fundamental experiments on electro- 
magnetic induction described earlier, were feebly short-lived and have little 
importance outside the laboratory. The dynamos which provide the only 
adequate source of tremendous quantity of electrical energy used to-day, are 
based on the e.m.f. induced in a coil 
rotating with a uniform angular velocity 
in a uniform magnetic field. 

Let us consider a rectangular coil 
ABCD rotating with uniform angular 
velocity round a horizontal axis [Fig. 
23°12}. The coil is placed in the space 
between two pole-pieces N and S so that 
the magnetic lines of induction are per- 
pendicular to the axis of rotation of the 
coil, As the coil rotates the number of 
magnetic lines of induction crossing the area bounded by the coil changes and 
hence an e,m.f, is induced in the coil. This e.m.f. varies with time both in 
magnitude and in direction as described below, 

Fig. 23:13 Tepresents a cross-sectional view of the coil and the pole-pieces 
producing the magnetic field. Let the coil 
be rotating anticlockwise at a constant 
angular speed w. The axis of. rotation of the 
coil is perpendicular to the plane of the paper 
i €., perpendicular to the lines of induction. 
XY is the position of the coil when its plane is 
perpendicular to the lines of induction. Aftera 
time interval ,let the coil reach the position 
X'Y' after rotating through an angle à as” 
shown in the figure. Obviously 0—«t. At this 
instant, the number of lines of induction linked 
with the coil is BA cos 0 where B is the 
magnetic induction and A, the area of the coil, Fig. 23-13 


If there be n turns in the coil, the number of lines of induction i.e., the flux 
linked with the coil is 


Fig. 2312 


$—nBA cos 0 Dr am (23:9) 
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As the coil rotates, @and hence ¢ changes and an e.m.f. is induced ia the 
coil. The magnitude of the induced e.m.f, at any instant ¢ is given by 


e=- nga (cos e) 


dt 
Jue mer) 
—nBA sin d 
—nBáosinó  [ @=wt and w is constant] 
"^ — e-e, Sin 0e, Sin wt ar eve (23°10) 


where e,—=nBAw. 


During a complete rotation, 0 varies from 0° to 360°. The parts of the Fig. 
23:14, labelled (a), (b), (c) etc. show positions of the coil at different instants 
during à complete rotation. 

(a) When 6=0, i.e., when the piane of the coil is. perpendicular to the lines 
of induction, sin 0—0 and hence, e=0. 

(b) When 0—90? i.e. when the plane of the coil is parallel to the lines of 
induction, sin 0—--1 and hence e=e,. 

Thus during the interval 0—0 to 0=90° the e,m.f. increases and reaches the 
maximum value e, when 0—90*. 


Fig. 2314 

(c) When 0—180*, i.e., when the plane of the coil is again perpendicular to 
the lines of induction, sin 0—0 and hence e=0. : 

Thus during the interval 0:90" to npa: ee e,m.f. continually docresses 
and reaches the minimum value zero when U= 10% » 

(d) When 0—270*, i.e., when the plane. of the coil is parallel to the lines of 
induction, sin 0— —1 and hence e=—€,. ; es 

Hence, between 0=180° to 9=270°, the c.m.f. increases ^ mir de rh Pur 
mum value e, the direction of the e.m.f. being opposite 
of rotation. 
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(e) When 0—360? i.e., when the coil completes a full rotation and reaches 
the position perpendicular to the field, sin 0—0, <. e=0. 

ie., after the position 6=270°, the e.m.f. decreases until at @—360° or 0°, its 
value becomes zero. 


Thus we conclude that, (1) during the first half of the rotation of the coil 
the induced e.m.f. increases from zero to a maximum value e, and then again 
drops to zero and (2) during the second half, the induced e.m,f. follows the same 
pattern except that its direction has now reversed, 

The actual directions of the induced e.m.f. in the two halves of rotation are 
shown in Fig. 23:14 (b) and (d). These are obtained by applying Fleming's 
right-hand rule keeping in mind that during the first half of rotation [Fig. (b)] 
the portion 4B of the coil is moving downwards while the portion CD upwards ; 
and during the second half [Fig. (d)) AB is moving upwards and CD 
downwards. 

Thus as the coil rotates, the induced e.m.f. undergoes periodic changes both - 
in magnitude and direction (Fig. 23:15. It alternates, reversing direction each 
time the coil crosses its position per- 
pendicular to the lines of induction i.e., 
twice in each complete rotation, Since 
the variation of the induced e.m.f. with 
time is represented by a sine curve as 
evident from eqn. 23°10, the e.m.f. 
Fig. 2315 induced in a rotating coil placed in a 
bis magnetic field iscalled sinusoidal or simple harmonic or alternating 
e.m.f, - 

The maximum or peak value of the induced e,m.f. is 

e, nABo dm I (23°11) 
‘and it depends on the number of turns of the coil, the magnetic field in which 
the coil rotates, area of the coil and the angular speed of rotation. © 

One complete rotation of the coil produces one cycle of the e.m,f. This causes 
one cycle of the current in any circuit connected across the terminals of the coil 
[cf. Alternating current, Art, 23:11), Hence the number of cycles per second i$ 
equal to the number of rotations per second of the coil, It is called the frequency 
of the alternating e.m.f. or current, Generally, in India the frequency of the 
most supply systems is 50 cycles per second, 


2911, Alternating current (A.C.). 


We have seen in the previous article that the e.m.f. induced in a coil 
rotating in a uniform magnetic field is an alternating one and is represented 
by the equation 

e=e, Sin wt 
where e» w and z stand for peak value of the e.m.f., constant angular speed of 


rotatioa of the coil and time respectively. The magnitude of the induced e.m.f. 


alternates between the peak value and zero ; its direction reverses twice in each 


cycle. When such an e.m.f. is applied across a purely resistive conductor (0f 
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a circuit ) of resistance R, the resulting current j in the conductor at any instant 
t is given by 


i= sin oti, sin wf ape IR (23:12) 


where i= is peak value of the current. Thus the current is also a sine func- 


tion of ¢. It alternates, reversing direction twice in each cycle of the applied 
e.m.f. Such a current is called an alternating current of simply A.C. It can 
also be represented graphically as Fig. 23:15. 


The mean value of an A.C. over a complete cycle is zero ; for, during one- 
half of a complete cycle the current flows through the conductor in one direction 
and during the other half an exactly similar current flows in the opposite direc- 
tion. A moving magnet or a moving coil type galvanometer records the 
average value of t-e current over a period. Thus such a galvanometer shows no 
deflection when an A.C. is passed through it. 


The strength of an A.C. can, however, be measured by instruments (A.C. 
ammeters) based on the heating effect of current because heating effect of a 
current is independent of its direction of flow. 


Let us suppose that a given A.C. when passed through a coil of resistance 
R produces H calorie of heat per second. Now if I be the strength of that 
steady current which when passed through the same coil produces heat at the 
same rate, then 7 is called the virtual or the effective value of the A.C. An 
A.C. ammeter records this virtual value of the A.C. It can be proved that 


d i, d HL DS 23:13). 
wet: ene Ji (23:13) 

where E is the virtual or the effective value of the alternating e.m.f. The 
proof of the above relations is beyond the scope of this text. Thus peak value 
of the alternating current or emf. is 4/2 times the corresponding virtual 
values. 


In an A.C. supply when we say that the supply voltage is 220 volt, we 
always mean that it is the virtual e.m.f. The. peak em. is iore 
220x 4/3=311 volt (approx.). It is now „clear why a shock received m 
220. volt A.C. is more dangerous than that received from 220 volt D.C. For, in 
the case of 220 volt D.C. the shock is from 220 volt and no more ; but if the 
shock is from 220 volt A.C.; the maximum shock is due to a voltage of more 


than 300 volt and hence it is more severe. 


23312. A.C. Generator, : ari 

The A.C. generator essentially consists of a. coil of wire e = hi 
magnetic field. Fig, 23°16 shows 8 schematic diagram of an 5 A me 3 
Its basic elements are (a) a field magnet, (b) the armature and (c p- 
rings and brushes. 
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The coil in which the e.m.f, is induced is called armature (A). The peak 
e,m.f. is increased by increasing the number of turns of the coil and by having 
i the coil wound over a cylindrical soft iron core so 

that the flux linked with the coil is increased. The 
armature is rotated by mechanical means, e.g., by 


In hydro-electric generators, the armature is 
rotated by the mechanical energy of the flowing 
water of a stream. It should be noted that the 
running cost of a generator depends mainly on the 
cost of input energy. Obviously, for hydro-electric 
generators, the running cost is quite small and 
electricity obtained from them is very cheap. 

The armature rotates about its axis between 
the pole-pieces of a magnet, known as field magnet 
(N,S). Generally this is an electromagnet. When a 
permanent magnetis used, the machine is called magneto. However a higher 
peak e.m.f. needs larger magnetic field and hence necessiates the use of electro- 
magnet. The current necessary for the field magnet ( when it is an 
electromagnet) is supplied by the generator itself through a feedback 
system, 


Fig, 23:16 : A.C, generator 


For this, the coils of the field magnet and the armature coil are connected—soraetimes in 
series, often in parallel and in certain cases in mixed circuit, The generator is then called 
series, shuat-and compound generator in the three different cases. Tae field magnet is only 
once magnetised by current from an external source. Dueto the retentivity of its material, 
the field magnet retains some residual magnetism, however small it might be, when the current 
is switched off and in future no more excitation of the field magnet is necessary by the external 
source, At the start of the machine, the armature rotating in a weak field produced by this 
residual magnetism generates a weak current and a part of this current flows through the coils 
of the field magnet. The strength of the field magnet is thereby increased producing a corres" 
ponding increase in current generated. Thus one helping the other, both the field strength 
and the current steadily increase until the former reaches the saturation value when the currént 
also attains its maximum strength, 


The terminals of the armature coil are connected to two metallic rings, 
called slip rings (R, R), both of which rotate with the same speed aud about 
the same axis as the coil. Two carbon (graphite) brushes (B, B) pressing 
against the two rings lead the current to the external circuit, In many A.C. 
generators the armature is kept stationary and the field magnet is made 


to rotate. 


23:13, . D.C. Generator, 


The e.m.f. generated in a coil rotating in a uniform magnetic field is always 
an alternating one, changing its direction after each half revolution of the coil. 


an oil engine, a steam engine or steam turbine. 
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This e.m.f when applied to the external circuit may, however, be made unidirec- 
tional or direct by a device, known as commutator. An A.C. generator provided 


with & commutator, instead of slip rings is converted 
V 
js 
COMMUTATOR 


into a D.C. generator (Fig, 23:17). 
BRUSH 


The commutator consists of a metal ring split 
into two halves which are insulated from one 
another. The two terminals of the armature coil— 
instead of being connected to the slip rings as in 
A.C. generator—are attached to two halves of 
the commutator, The commutator is rigidly 
attached to the armature and, therefore, rotates 
with the same angular speed and about the same 
axis. 


Two fixed carbon (graphite) brushes pressing ^ exr.CIRCUIT 
against the two halves of the commutator, lead Fig. 23171 D.C. generator 
the current to the external circuit. The position of the brushes is so adjusted 
that they slip from one half of the commutator te the other half, exactly at 
the instant when the e.m.f. changes its 
direction in the rotating coil ie., 8t 
the instant when the coil passes its 
position per endicular to the magnetic 
field. To explain the action of the 
commutator, let us consider Fig. 23°18, 
which shows the position of the 
commutator segments C, and C, with 
(a) (6) respect to the fixed brushes By and B, 
Fig. 23:18: Action of commutator immediately before [Fig. 23:18 (a)| 
a er (Fig, 23:18 (b)] the armature coil passes its position perpendicular to 
a ae field. s armatere and hence the commutator rotates 


anticlockwise. 


ition (a), just before the armature coil crosses its perpendicular 
E pe ur d Ades the current is directed from A6 saei Vx 
segment C, and from the segment C; to the armature. In the € As — 
the current is directed from B, to B, 8$ shown by arrows drawn on 
circuit, j E dicul 
i position Q) jus after the armatur eon Lt #9 
.m.f. in the arma 
pine ria ke e to the segment C, and from the ee zl E: 
armature, But C, and C, have now interchanged aed Bi po By = Be 
i.e., C, is now connected to By and C, to By Hence : AI do df 
e.m f. acts in the external circuit remains d bad 
current (from B, to Bg) is obtained in the ex A Hed m 
It should, however, be noted that though the curren 
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flows always in one direction it is still not a steady current. ‘Without the 
commutator, the e.m.f. in the external circuit varies with time as shown in the 


Fig. 23:19 (a). With the commutator, the 


4 e.m.f, in the opposite direction is reversed 
w and the e.m.f.—time relation becomes as 
d represented in Fig. 23:19 (b). Thus-the 
Te e.m.f, though unidirectional fluctuates in 
‘strength with time and in many cases, this 

$ (a) is quite unsuitable. 
w In order to get a more steady and 
= unidirectional e.m.f. several armature coils 
* — =~ are used instead of a single coil. These are 
(b) TIME generally wound in slots spaced round a 
laminated soft iron cylinder in differently 
Fig. 23°19 : e.m.f.-time relation oriented positions at equal angular intervals, 


(a) Without commutator 


(b) With commutator 


The maximum e.m.f. for each coil occurs at 


different moments during the rotation of the armature. The connections are so 


made that all the e.mfs. due to the 
individual coils at any instant add up at 
the commutator. The resultant e.m f.— 
time curve thus shows less variation 
. than the curve for any one coil. Fig. 
23:20 shows the situation when three 
equally spaced coils are used, With about 
thirty coils, hardly any ‘ripple’ remains 
in the resultant e.m.f. and the current in 
the external circuit is practically steady. 


RESULTANT 
OUTPUT 


OUTPUT OF 
INDIVIDUAL Coll. 


EMF, — 


TIME— 


Fig. 2320: Output of a D, C. generator 
with three armature coils 


2334. D.C. Motor, 


An electric motor is a device for converting electrical energy into mechanical 


Fig. 23-21: D. C. motor 


energy. Obviously the action of a motor is 
opposite to that of a dynamo. Like dynamos, 
motors are of two types, viz. (a) D.C. motor, and 
(b) A. C. motor. We shall discuss here the action 
ofa D. C, motor; the action of an A. C, motor 
is beyond the scope of this text. 


Let us recall our discussions with regard to the 
principle of a suspended coil galvanometer. 
Suppose a coil C is placed in a uniform magnetic 
field provided by the poles, N and S, of a horse 
Shoe magnet (Fig. 23:21). The coil is capable of 
rotating about an axis perpendicular to the 
magnetic field, To start with, let us assume that 
the plane of the coil.is parallel to the magnetic 


field, Now if a current is passed through the coil from an external D. C. 
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source (e.g., a battery), the coil is acted upon by a torque. This torque tends 
to rotate the coil, the direction of rotation being obtained from Fleming's left 
hand rule. The coil rotates until the plane of the coil is perpendicular to the 
field, when the torque becomes zero. Due to inertia, however, the coil 
overshoots this position known as dead point. Application of Fleming's left 
hand rule demands that there will now be a torque tending to force the coil back 
to the dead point. If, however, the current through the coil is reversed at the 
instant the coil overshoots the dead point, the direction of the torque is also 
reversed and the coil continues to rotate further in the same direction, After 
rotating through a half revolution, the coil again reaches the dead point. A 
further reversal of current through the coil at this point is necessary to keep it 
rotating in the same direction. Thus if the current be reversed after cach half 
revolution when the coil just overshoots the dead .point, the coil rotates 
continuously in the same direction. This is the principle of a D. C. motor. 


The reversal of the current in the coil after each half revolution can be done 
by a commutator as described in D. C. generator, In fact, a D. C. motor is 
exactly similar in construction to a D. C. generator, having a field magnet, & 
commutator and an armature, The current from an external D. C. source is 
led to the commutator through carbon brushes, from which the current flows 
through the armature coil; this produces a torque wbich rotates the armature. 
The amount of the torque and hence the speed of rotation of the armature 
increases with the current, the flux density, the number of turns of the armature 
coil, and the area of the coil. The positions of the brushes are so adjusted that 
exactly when the armature coil overshoots the dead point, the brushes pass on 
to the other segment of the commutator and the current through the armature is 
reversed in direction. This happens after each half revolution when the armature 
coil crosses the dead point. Thus fhe armature rotates continuously in the 
samé direction. The electrical energy supplied to the armature is 
transformed into mechanical energy of rotation. arious machinaries may be 


operated by a motor merely by attaching the armature shaft of the motor to the 
machine. 


Back e.m.f. in a motor : 

When the armature coil of a motor rotates, an emf, is induced in it (as 4 
a generator) because it is rotating in à magnetic field. .By Lenz's law, this e.m.f. 
acts in a direction opposite to that of the voltage which is supplied to the pa 
from the power source. This induced e.m.f. is known as the back e.m.f. : 
the motor. Thus if V be the applied voltage and e be the back e.m.f. =. 
the difference (V—e) is the resultant voltage which sends current through = 
armature. When the armature revolves faster, the back emf. e is caged ; "s 
difference (V —e) is, therefore, smaller, Hence there isa larger current t re 
the armature coil when the motor is running slowly than when it is running tast. 


i i j f 
ture coil is not rotating appreciably, the back e.m.f. 
edo ugh the armature is maximum. Sometimes the 


is zero, Hence the current thro ; 
current at the start is so large tht there is a fair chanos of the arme v 
being burnt out, although it is quite capable of standing current. 
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this reason, at the start a resistance is usually used in series with the armature. 
This is known as the starting resistance. When the armature gains a certain 
speed, the resistance is removed from the circuit hy an automatic arrangement. 


23°15. Transformer, 

A transformer is an electrical appliance by means of which the e.m.f, ofa 
source of alternating current may be increased or decreased, Its working is 
based on the principle of mutual induction. 

A simple transformer is made up of two separate coils wound on a soft iron 
laminated core. One of the coils is called the primary and the other the 
secondary. The coils are insulated from the core and from each other 
(Fig 23:22). The relative number of turns in the two coils depends upon whether 
it is required to transform up or transform down the voltage. 


| 
| 


Nat E z = 
Ove E 5 rwg = Vs 


1 
[ 


(a) (b) 
Fig. 23:22: Transformer (a) Step-up (*>1) (b) Step-down (t<1) 


The alternating voltage to be changed is applied across one ofthe coils, 
called the primary. The output alternating voltage is obtained from the other 
coil viz. the secondary. If we want to get an increased voltage, a step-up 
transformer is used ; this has a . larger number of turns in the secondary than 
in the primary. To get smaller- alternating voltage, a step-down transformer is 
employed ; this one has a smaller number of turns in the secondary than in the 
primary. If N, and N, be the number of turns in the primary and the secondary 
respectively, then the ratio N,/N, is called the turns ratio, t. Obviously fora 
step-up transformer, t>1 (Fig. 23:22 (a) and for a step-down transformer 
t<1 [Fig. 23:22 (b)]. 

It should be noted that there is no fundamental difference between primary 
and secondary ; alternating voltage may be fed to any one coil and the output 
obtained from the other. À transformer may be connected either way depending 

\ upon whether we want to step-up or step- 


down the voltage. The symbol for an iron 
cored transformer is shown in Fig, 23:23. 
x When an alternating voltage, V,, is impressed 


on the primary, an alternating current flows 

Fig. pe A gi X through it. The resulting IE flux in the 
iron core, therefore, also varies periodically. 

As the flux also links the secondary, then from Faraday's law, an alternat- 
_ ing voltage, V, of the same form and same frequency as V, is developed ` across 
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the secondary. For a perfect transformer where th 1 
can be proved that ere is no magnetic loss, it 


Vs M a 
» `N; 


So for a step-up transformer, the output voltage V, is greater than the input 
voltage, V, ; the reverse is.true for & step-down transformer. 

The law of conservation of enezgy is obeyed ina transformer ; the power 
supplied to the primary is always equal to the power delivered from the 
secondary*. Actually 

V,I,—V.I, 
where J, and J, are the currents at any instant in the primary and the 
secondary respectively. 5 
pali 
oe I; f 

Thus in a step-up transformer, the current in the secondary is smaller 
than that in the primary ; the reverse is true in the case of a step-down 
transformer. 

Use: Transformers are widely used in transmission of electrical power by 
means of A.C. To minimise energy losses, transmission is. done at a very high 
voltage, say 50 kV. This is achieved at the generating end by means of a step- 
up transformer. At the other end i.e. the consumer e1.d of the line, a step-dowa 
transformer is used to reduce the voltage to a suitable value. 

‘Transformers also find wide applications in radio telephone, radio trans- 
mitters and receivers, television etc. Step-up transformers are used for 


weiding as well as in induction furnaces. 


@ EXERCISE 6 


[A] Eesay type questions. 


() The essential condition for the production of AA: 5 


idi) The factors upon which the directi induced 
dn The factors upon which the magnitude of the induced e.m.f depends. 


2. Whatis electromagnetic induction? What 
ic induction. 
circuit? State Faraday's laws of electromagnetic in 
Explain why the current in a secondary coil is zero when steady current flows in a nearby 
primary coil, j ad 
3. The terminals of a solenoid are Lew cni dou — "n — d nel 
pie e E Nas within the solenoid, and (c) withdrawa slowly. 


quickly into the solenoid, (b) kept 
; invariably smaller than the power. input due to 


haa -- E 
In actual practice, the power output is 
cemo energy losses inside the transformer. 


P 
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What are the factors upon which the magnitude and the direction of induced e.m.f, 
depend ? 

4, What is an induced current ? Describe experiments to show the production of such 
currents by a current. Upon what factors, and in what manner, do the strength and direction 
of the induced current depend ? From where does the induced Current get its energy ? 

5. You are given a bar magnet, acoilof wire whose ends are connected to a sensitive 
galvanometer and another coil of wire whose ends are connected to a battery. How would 
you arrive at the laws of electromagnetic induction ? [ Jt. Entrance %83] 

6. (a) State Lenz’s law of electromagnetic induction, and describe an experiment to 
illustrate it, Explain carefully how would you identify the directions of the induced currents 
in the illustration. 5 


(b) Explain, how Lenz’s law can be explained from the law of conservation of energy. 
[ H. S. "81, '84] 
7. State Faraday's laws of electromagnetic induction, How would you determine the 
direction of the induced e.m.f. ? [ H. S. '79,'81 j 
8. What happens when a straight conductor move;at right angles to a magnetic field? 
State Fleming's right hand rule, 
Discuss also the case when the conductor moves parallel to the magnetic field. } ; 
9, Explain what happens to the electrons in a straight wire when the wire is moved 


through a magaetic field perpendicular to the field direction, Indicate the end of the- conduc- 
tor having a lower potential. 


10. Explain what are meant by ‘self induction’ and ‘mutual induction’. Show that the 
phenomena follow from the basic laws of electromagnetic induetion. 


Define self and mutualinductance, What are their absolute and practical units ? Establish 
the relation between them, 

11. What is self-induction ? Describe a simple experiment to demonstrate it, What is 
meant by non-inductive winding of a coil ? 

12, Describe Ruhmkorff’s induction coil and explain fully the purpose served by the 
bundle of iron wires which form the core of an induction coil. Has the kind of iron used any 
influence on the working of the coil? Can a solid iron rod be used as the core ? 

13. Describe the construction and action of an induction coil, stating the function of the 
condenser. State some of the principal uses of an induction coi!, 

Why is the secondary of an induction coil wound with many more turns than the primary ? 

14. Obtain an expression for the instantaneous e.m.f. developed in a coil when it is 


rotated uniformly in a uniform magnetic field, Explain the nature of thee.m.f with the help 
of a suitable diagram. 


15. Explain with the help of a diagram tlie Construction and action of a simple form of 
A.C. generator, How can the current produced by such a generator be made direct ? 


16. State the fundamental difference of a dynamo and a motor, Explain with diagram 
the principle of an A.C, dynamo. [ Jt. Entrance '82 ] 


17, Describe the construction and action of a simple D.C, generator, How does an A.C. 
generator differ from a D.C. generator ? Explain your answer by suitable diagrams, 


18. Desctibe in an elementary way the Physical principles on which the working of an 
ordinary electric motor is based, Explain the production of-back €.m.f. in a motor. 
(B) Short answer type questions, 


1, In the experiments mentioned below, state with reason in what direction current will 
flow in a given closed coil. 


G) the north pole of a magnet is brought quickly near one end of the coil 
(ii) the south pole of a magnet is rapidly moved away from that end of the coil, 
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2. In an experiment on electromagnetic induction, the flux linked with a circuit is changed 
by a definite given amount in different intervals of time. Draw a curve showing the variation 
of the induced e.m.f. as a function of time. 

3. A coil is suspended, with its plane vertical, by a twisted string, between the poles of a 
strong electromagnet whose field is horizontal, Explain what will happen if the string ls 
allowed to untwist. 

4. A copper ring is held horizontally and a bar magnet is dropped through the ring with 
its length along the axis of the ring. Will the acceleration of the falling magnet be equal to, 
greater than or less than that due to gravity ? [LLT. 74] 

5. A bar magnet is pulled rapidly through a conducting loop along its axis with a uniform 
velocity, with its south pole entering the loop first, Sketch qualitatively (i) the induced current 
and (ii) the Joule heating as a function of time, (Take the induced current positive if it is 
clockwise when viewed along the path of the magnet ). (LLT. 73) 

6. A magnet is dropped down a long vertical tube of aluminium. Isthere any possibility 
that the magnet will move down with a uniform velocity ? Explain. 

7. An aeroplane is flying horizontally along the magnetic meridian. Does a p.d. is 
induced across the tips of the wings of the aeroplane ? Will the p.d., if any, change if it flies 
in any other direction at the same speed ? 

8. Two long straight conductors are placed parallel to each other. One of them carries a 
currenti, If they (i) approach each other, (ii) move away from each other, what will be tho 

direction of current induced in the other conductor ? 

9, Two identical coaxial circular loops carry a current i each, circulating in the same 
direction, If the loops approach each other, will you observe that (i) the current in each 
increases (ii) the current in each decreases (iii) the current in each remains the same (iv) the 


constant ? 
. Will there be a 

11, A cylindrical bar magnet is kept along the axis of a circular coil Wi 
current induced in the coil if the magnet is rotated about its own axis? Give pase Eh 
s is meant by the 

12. What is meant by alternating e.m.f, and alternating current ? What is, 

virtual value of A.C. ? Why a shock received from 220 volt A.C. is more dangerous than that 
received from 220 volt D.C. ? i s 
13. Define the peak value and frequency ofan A.C. What is the mean value of an : 


over a complete cycle? Explain. "s 
14. The alternating e m.f. in a circuit is represented by equation E=220 sin (100514). 


What are the peak value and frequency of the emf. ? 


15. A current from A to B is increasing in magnitudo, 


What is the direction of the induced current, if pecans 
loop shown in the figure ? (LIT. > E 


; What is the practical 
16. (a) What is meant by the coefficient of self-induction of a coil ? 
unit in which it is measured ? Nnm IRA 
t containing 8 CO! : 
(b) Why doesa spark appear at the switch when 8 circul a) 
off. 
SS un 
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24 CONDUCTION IN GASES 
CHAPTER CATHODE RAYS AND X-RAYS 


241. Introduction. 


A gas at ordinary pressure is found to be a very poor conductor of electri- 
city. But at low pressure, it becomes conducting. In 1879 Sir William 
Crookes performed a series of experiments to study the passage of electricity 
through a gas at low pressure, and found a remarkable result that the conducti- 
vity of the gas increases with the degree of its rarefaction. With the increased 
conductivity through a gradually rarefied gas, some peculiar phenomena are 
exhibited simultaneously, the most important being the production of invisible 
cathode rays. These phenomena are known as the discharge phenomena. The 
study of cathode rays later led to the discovery of electron by Sir J. J. Thomson 
in 1897, This historic discovery served as the foundation of the subject of 
Modern Physics. 


242. Electrical discharge through gases at high pressure. 


Dry air and other gases at ordinary temperature and nressure hardly conducts 
electricity under ordinary differences of potential. However, if a P a y 
insulated gold-leaf electroscope is charged and is left to 2 aee cap tH 
found to get discharged gradually even if it contams am. gases, 
Scola EE s: this effect showed that the leakage was due 
re becomes conducting. So the 


molecules, it sufficien! 

A gas may be ionised in various ways—{2) by heating qoum qm 
process being called thermal ionisation, (b) by the — = through the gas, 
ose gamma rays «-particles, arie gotiulo Tyre 
and (c) by passing electric sparks through it. ; in a 

Unless otherwise treated, gases under ordinary cono pega 
small amount of ions due to the presence of highly pe peer icinity of gases 
also due to radioactive substances which may be present n : n the order of 
and emit «, 8 and gamma radiations. Thus, if aget sd gas, a very small 
à few hundred volts) is applied across two electrodes pl fi through the gas, 
et of current, called dark cum peeve: gran a certain stage 
Owever, if the applied voltage is gradually : j of the 
(when the Joe B of the me of a few thousand volts) the resistance 


PAL / 35 


546 ELEMENTS OF HiGHER SECONDARY PHYSICS 


gas breaks down and a large current is found to pass through the gap between 
the two electrodes as a spark or glow discharge. A natural example of such 
discharge is the phenomenon of lightning which is nothing but abrupt and short 
lived conduction of electricity through the intervening air between two clouds 
at high potential difference. 


The potential difference needed to initiate the spark discharge between two 
electrodes is called the sparking potential. However, once the discharge is 
started, it is found to be maintained even if the applied potential difference is 
reduced by a large extent, The sparking potential depends on the nature of the 
gas, the distance between the electrodes, the shape and size of the electrodes 
and finally on the pressure of the gas. But it does not depend on the material 
of thé electrodes, The value of sparking potential between two identical spheri- 
cal electrodes of diameter 1 cm is about 30,000 V/cm in air at N. T. P. The 
value is, however, much less for pointed electrodes. Keeping the distance 
between the electrodes constant, if the pressure is gradually reduced, itis found 
that the sparking potential at first decreases, reaches a minimum value at a 
particular pressure and then again increases with further reduction of pressure. 
The pressure of the gas at which the sparking potential is minimum is called the 
critical pressure. Similarly, keeping the pressure constant, if the spark gap 
is reduced, the sparking potential reaches a minimum value and then increases. 
The length of the spark gap for which the sparking potential is minimum, is 
called the critical spark length. 


24:3. Electrical discharge through gases at low pressures. 


To study the different phenomena associated with the passage of electricity 
through rarefied gases, a discharge tube which is a cylindrical glass tube con- 
TO VACUUM PUMP taining air (or other gases) is taken 
[Fig. 24-1]. The tube is fitted with 
two aluminium electrodes. These are 
connected by platinum wires sealed in 
through the tube to the terminals of 
the secondary of an induction coil. 
Thus a potential difference as high as 
10,000 to 15,000 volts is applied between 
the electrodes, One of them serves as the cathode € and the other as the 
anode A. The distance between the two electrodes is called the effective length 
ofthe discharge tube. The discharge tube is connected to a vacuum pump 
and a manometer (not shown in the figure) through a side tube. 


As the air is gradually pumped out of the discharge tube, the following 
remarkable series of phenomena, called the discharge phenomena, ate 
observed. 


(1) When the pressure is above 40 mm of Hg no discharge passes through 
kthe tube. However, as stated before, a very small amount of current may flow 
through the tube as dark current. 


=Oinoucrion COILOT 


Fig. 24-1 : Discharge tube 
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(2) At about 40 mm pressure, discharge begins to pass between the cathode 
and the anode as irregular streamers with crackling sound [Fig. 24-2 (a)]. 

(3) When the pressure is lowered to about 10 mm, the discharge becomes 
steady and regular. A column of beautiful pink colour, known as positive 
column, occupies the entire region from cathode to anode [Fig. 24°2 (b)].. The 
colour of this column is different for different gases. A few examples are cited 


below : 


Carbon-di-oxide 


Hydrogen 
Neon 
Helium 


The so called “neon signs” used 
charge tubes containing different gases or mixture of gases which operate at this 


region of pressure. These tubes 
(4) At about 5 mm pressure, 
cathode and a blue glow, called 


— Lightblue 


— . Yellow 
for advertising purposes are actually dis- 


are generally bent into the desired shape. 
the positive column gets separated from the 
the negative glow, appears on the cathode. 


There is a dark region between the negative glow and the positive column 
which is called Faraday's dark space after its discoverer Sir Michael Faraday 


[Fig. 242 (c)]. 


Streamers 


Positive 


Negative glow :Faradays dark space Anode 
Striati 


(e) 


column to shorten more an 


Crookes’ 


p-40mm 
p-10mm 
column 
p-5mm 
ons glow 
p=2mm 
Green 
dark space I 
p=0 02mm 


i Fig. 24:2: Discharge phenomena 


i ure» inside the 
(5) Gradual reduction of ae V day's dark space (hd Mqu 


d more. 


tube causes the positiv: 
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. in length. At pressure of about 2 mm, the positive column breaks up into a 
number of alternate bright and dark discs arranged at regular distances. These 
are called striations. At this Stage, the negative glow separates out from the 
cathode and another dark space, known as Crookes’ dark Space, is formed 
between them. . At the same time a faint glow, called the cathode glow, appears 
en the surface of the cathode. Sometimes another faint glow appears on the 
surface of the anode, which is called anode glow [Fig. 24-2 (d)] 2 

(6) With further lowering of pressure, the Crookes’ dark space increases in 
length, the negative glow is pushed towards the anode, striations become fewer 
in number and are more widely separated. At pressures of 0:02 mm and below, 
the cathode’ glow and the rest of the positive column dissappear completely and 
the tube is filled entirely by Crookes’ dark space so that there is no trace of 
light within the tube. 

However, at this stage, the glass wall of the tube, especially the portion 
surrounding the anode, is now observed to glow with a greenish fluorescence 
[Fig. 24:2 (e)]. The colour of the fluorescence depends upon the nature of the 
glass ; it is yellow-green for soda glass and grayish-blue for lead glass. 

If the pressure is lowered further, the resistance of the Bas remaining inside 
the tube becomes so high that hardly any current passes through it. When the 


pressure reaches 10-* mm, the current completely stops. This is called no 
discharge stage. 


ays emitted from the cathode itself. These rays, 
Strike the glass wall and cause it to fluoresce. 


Towards the end of the last century, many eminent scientists carried out 
extensive study about the properties of cathode Tays which are nothing but 
Streams of negatively charged p 


articles or electrens [vide Art. 24:5) Evidences 
MALTESE CROSS of the particle nature of the cathode rays 

and of some related properties are obtained 
from the following experiments : 

(c 1) Cathode rays travel in Straight lines : 
Ina discharge tube, the anode in the shape 
of a Maltese Cross is taken. A Sharply 
= defined shadow of the cross is cast on the 
: walls of the tube [Fig. 24:3). The Sharpness 

Fig. 24:3 ; aene rays throw id Srp Proves the rectilinear propa- 
gation of the cathode rays. The cathode 

rays are found to travel with hi velociti i 
velocity of light." igh velocities ranging from $td to phth of the 
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(2) Cathode rays start normally from the surface the cathode: Existence of 
this property can be proved from the following observations : - 

(a) There is no penumbra in the shadow cast by the cathode rays. 

(b) If the cathode has a concave 
surface, the rays get focussed at the centre 
of curvature [Fig. 24:4). If.a luminescent 
screen is placed at this centre it shows 
a bright spot. The position of the spot 
does not depend on the shape or position 
of the anode in the tube. 


(3) Cathode rays produce intense +9 
heating of the objects on which they Fig, 24-4: Concave spherical cathode 
impinge: When cathode rays from a focusses cathode rays 


concave cathode are focussed on to a platinum foil placed at the centre of 
curvature of the cathode, the foil is heated to redness. This fact shows that 
cathode rays possess considerable kinetic energy which is transformed due to 
impact into heat energy. 

(4) Cathode rays possess inertia and exert mechanical pressure: These facts 

E can be demonstrated if cathode rays be 
= + directed on a wheel made up of mica 
j| CATHODE PVANODE ^ blades placed with its axis on two 

horizontal rails [Fig. 24:5]. The cathode 
and the anode are so placed that the 
cathode rays strike only on the vanes 
above the rails. It is found that the wheel 
is set into rotation towards the anode. 

(5) Cathode rays produce fluorescence : Cathode rays excite fluorescence in 
Certain substances on which they fall. Colour produced due to fluorescence 
depends upon the nature of the substance, e.g. diamond—all colours : alu- 
minium— red ; willemite—green ; tin-stone—yellow etc. Zinc sulphide, barium 
platinocyanide etc. also fluoresce under the action of cathode rays. Glass also 
possesses the same property. 

(6) Cathode rays penetrate through thin sheets : They can penetrate material 
substances, such as thin foils of aluminium, gold, tin, mica etc. without punc- 
turing them, The rays that come out on the other side of the foil are found to 
carry a negative charge. They were called Lenard rays after the name of the 
discoverer of this property. Actually, the Lenard rays are identical with cathode 
rays with their energies reduced somewhat, 

(7) Cathode rays are deflected by magnetic field: If one pole of a magnet 
be brought near the discharge tube the cathode rays are found to be deflected 
by the field. This can be shown by the Maltese-cross experiment as described 
earlier, The shadow is appreciably shifted due to the presence of a magnet 
near the discharge tube, The direction of deflection is found to be the same as 
that of a flexible conductor lying on the path of rays and carrying an electric 
current from anode to cathode, 


Fig. 24.5 
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(8) Cathode rays are deflected by an electric field: If the cathode rays are 
allowed to pass between two plates kept at a difference of potential, the rays are 
found to be deflected from the rectilinear path. The direction of deflection 
shows that the rays carry negative charges. This was first observed by Sir J. J, 
Thomson. 

(9) Cathode rays carry negative charges: The electrostatic and magnetic 
deflections of the cathode rays show that they consist of negatively charged 

particles. This fact was conclusively 

established by Perrin with the help 

TO of a Faraday cage. It consists of 

+ PEEETROMETER two hollow metallic vessels one within 

WE ASARIN the other but insulated from each 

Fig. 24-6 : Cathode rays carry negative other [Fig. 24:6]. The outer one is 

garga earthed while the inner one is 

connected to a quadrant electrometer or a gold-leaf electroscope. The outer 

vessel has a small window through which the cathode rays enter and strike 

the inner one. It is found that electrometer acquires hegative charge showing 

that cathode rays carry negative charge. The amount of negative charge carried 
by each particle of cathode rays is 4-802 x 10-10 €.S.U. 

(10) Cathode rays mutually repel each other: This property can be attri-7 
buted to the fact that the rays are nega- 
tively charged. To demonstrate this, a 
discharge tube with two cathodes C, and 
C, is taken [Fig. 24:7]. These cathodes 
may be connected jointly or separately to 
the induction coil, 4 is the anode, Ci 
and C, are so shaped that with only C, 
(or C) acting as the cathode, the cathode 
rays follow the path C,B (or C,B) But Fig. 24:7 :, Mutual repulsionzof 
when both C, and C, are joined to the a ae 
induction coil, the cathode tays follow the paths C,B, and C;B; showing thereby 
that they mutually repel each other. 

(11) Cathode rays can ionise a gas: Cathode rays act as an ionising agent. 
When it is allowed to pass through a gas, the gas is rendered conducting. 

(12) Cathode rays affect Photographic plate: A photographic plate placed 
in the path of cathode rays is affected by the rays, 


(13) When cathode rays ‘impinge on certain metals: X-rays are produced. 
(Art. 24-6). 


24:5. Nature of cathode rays. 


With the discovery of the cathode rays towards the end of the 19th century, 
a heated controversy raged throughout the scientific world concerning the nature 
of the cathode rays. Two schools of thought existed regarding their nature: 
G) they were streams of small invisible particles ; (ii) they were a new kind of 
wave. All controversies were, however, set at rest when Perrin definitely proved 
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that cathode rays are negatively charged. A wave, however peculiar it may be 
in nature, can never be imagined to carry charge. Perrin’s experiment conclu- 
sively proved that cathode rays are invisible streams of negatively charged 
particles. These particles were called electrons. 

Sir J. J. Thomson who believed that cathode rays are particles, was the first 
to determine the ratio, charge/mass (e/m), for the cathode rays. He also deter- 
mined the velocities of the cathode rays. He found that for the cathode rays (i.e. 
electrons) the value of e/m was of the order of 108 coulomb per gm. 

The presently accepted value is 


21759 x 108 coulomb/gm. 


Two important results came out of this measurement. Firstly, the value of 
e/m for electrons was found to be approximately 1850 times than that of the 
lightest atom viz. hydrogen atom, 

ie., = for electron=1850 x E for hydrogen. 

If it is assumed that the charge E on a hydrogen atom is the same as the 
electronic charge e, the mass m of the electron becomes 1850 times smaller than 
the lightest known elementary mass. 

Secondly, Thomson found that whatever be the nature of the cathode, the 
anode or the gas within the discharge tube, the same result is obtained for the 
value of ejm of an electron. It immediately fol.ows that the electrons are 
constituent parts of the atoms of all substances. Uptil now scientists believed 
that atoms were the least indivisible particles of all known elements. This belief 
was now shattered, Obviously, atoms can surely be broken up and smaller 
elementary mass can be obtained out of them. 

In the next stage the charge (e) of an electron was measured by various 
scientists, the most accurate one being carried out by the American scientist 
R. A, Millikan. He obtained the value 

e=4'802 x 1077? e,s.u. —1:601 x 10-1? coulomb. 
Hence the mass of an electron 


e 1:601% 10-2 gq, 10-25 
"rude = 50x10 7? 107 x 10-28 gm. 
24:6, Discovery of X-rays. 

The discovery of X-rays was accidentally made by a German Professor 
Wilhelm Róentgen in 1895 while he was experimenting with cathode Tay tubes. 
One day he noticed to his surprise that a fluorescent screen coated with barium 
platinocyanide placed accidentally in the vicinity of the tube became luminous 
with a faint greenish yellow glow. He then observed that as soon as the tube 
ceased to work, the glow disappeared, and it reappeared once again as 
the tube began to work, The glow was observed even when the tube was 
covered with black paper to prevent the escape of visible light. Mentri 
a photographic plate wrapped in lightproof black paper was found, on b z 
developed, to have been affected by the tube in working condition, just as 1f 1 
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had been exposed to light. These facts obviously led to the conclusion that 
some kind of invisible and penetrating radiation is coming out of the discharge 
tube. From further investigation Roentgen concluded that this unknown 
radiation is being emitted from the fluorescent glass wall of the tube where the 
cathode rays are impinging. Just as in algebra, the letter ‘X’ stands for any 
unknown quantity, so these rays, pending further enquiry as to their nature, 
were called X-rays. Although the nature of X-rays has long been revealed, the 
term ‘X-rays’ has persisted up to present times. Sometimes they were also 
called Réentgen rays after the name of their discoverer. 


347. Production of X-ray. 

Subsequent investigation, after Réentgen’s discovery established that X-rays 
are produced whenever fast moving electrons are suddenly stopped by collision 
with a target. Heavy metals were found to be the most effective target material. 
This fact led to the development of the X-ray tubes used for the production of 
X-rays. : 

[A] Gas discharge X-ray tube: This earlier type of X-ray tube is 
simply a suitable improvement of the discharge tube, a metallic target being 

HIGH placed within the tube. The 
VOLTAGE SUPPLY apparatus consists of a glass 
globe evacuated to a pressure 
between 10-3 and 10-* mm of 
mercury and provided with three 
projecting side tubes, each of 
which contains a metal electrode 
sealed into it |Fig. 24:8]. The 
arrangement of the electrodes is 
such that cathode rays emanating 
from the Concave shaped cathode 
(C) aré focussed on another 
electrode, called anti-cathode or 
target (T) placed at the centre of 
curvature ofthe cathode, The cathode C is made.of aluminium because aluminium 
Sputters least, The anti-cathode or the target T consists of a thick plate of a 
heavy metal such as platinum or tungsten or molybdenum having a. high 
melting point. This is embedded in a massive block of copper. Generally the 
anti-cathode is placed inclined at an angle of 45* to the impinging beam of 
cathode rays. A third electrode, called the anode A, is introduced somewhere 
in the tube. It is connected electrically to the anti-cathode, ` 

A high p.d. of the order of tens of kilovélts is applied between the 
anti-cathode and the cathode by means of an induction coil. Cathode rays 
emanating from the cathode are concentrated on the anti-cathode. When 
they strike the. anti-cathode, X-rays are generated from the surface of the 
anti-cathode. The emitted X-rays come out through the tube as indicated, 
Only a small fraction, 0:1 to 0 ‘2%, of the energy of the impinging cathode rays 
is used up in the production of X-rays ; the rest is converted jnto heat. 


X-RAYS 
Fig. 24:8: Gas discharge X-ray tube 
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As a result a large amount of heat is generated at the anti-cathode. The heat is 
conducted away rapidly by the copper base. Sometimes the target is attached to 
the end of a heavy copper tube which is hollow and cooled with circulating water 
for carrying away heat. The action of the separate anode A is not definitely 
understood ; but it is found to improve the working of the tube. F 
When the voltage in this type of tube is increased, both the quantity and 
quality* of the X-rays obtained from the tube are increased. Separate controls 
on quantity and quality of the X-rays are, therefore, not obtainable with such 
tubes. Moreover X-rays of high penetrating power (i.e., high frequency) cannot 
be produced by such tubes. These are the main defects of this kind of tubes. . 
[B] Coolidge X-ray tube: These defects have been removed when in 
1913 Dr W. D. Coolidge designed an altogether new type of X-ray tube. This 
type of tube is evacuated as completely as possible so that no discharge can pass 
through the tube even with the application -of a very high p.d. The cathode C 


HIGH . 
VOLTAGE SUPPLY 
O O 


+ 


RADIATOR 
FINS 


X-RAYS 
Fig, 24-9; Coolidge X-ray tube 


is made of a spiral of tungsten wire which is heated to incandescence by means 
of a low voltage A.C. supply. The tube is, therefore, of the hot cathode type 
in contrast to the previous one which is a cold cathode one. By the process of 
thermionic emission (vide Chapter 26), a copious supply of electrons is 
obtained from the filament cathode. These electrons are accelerated towards the 
target T connected to the positive terminal of a high voltage D.C. supply. The 
negative terminal of the said supply is'joined to C. The cathode C is sur- 
rounded by a tube of molybdenum M which focusses the electron _beam on to 
the target T. The target is made up of tungsten or platinum and is placed on a 
massive eopper base provided with radiator fins. The heat generated by rad 
bombardment of the target by the electrons is dissipated away through the 
Copper base. In some forms of the tube, water is circulated. behind the target 
to carry away the heat produced. X-rays generated by vollision of the electron 
beam with the target contes out of the side walls of the glass tube. 


n E? L/ i i dd 
. *By ‘quantity’ of X-rays we mean its intensity ; quality" signifies the penetrating po 
(i-e. frequency) of the X-ray beam. 
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The greater the number of electrons in the electron beam, larger will be the 
intensity of X-ray produced. The number of electrons emitted from the filament 
can be controlled by varying the current through the filament, larger filament 
current producing greater number of electrons. Hence the intensity of the 
X-rays produced can be varied by controlling the filament current. The pene- 
trating power of the X-ray beam increases with the increase in the high Voltage 
_ applied across the tube. So by changing the voltage of the high tension supply. 

the quality of the X-rays produced can be controlled. Hence the quantity and 
' quality of the X-rays produced by such tubes can be controlled independently. 
Moreover, p.d. of the order of million volts can be applied across the tube 


without the «occurrence of discharge. Hence X-rays of high penetrating power 
can be easily obtained. 


Comparison of the two types of tubes 


Gas discharge tube Coolidge tube 
(i) Thisisa cold cathode type of (i) This is of the hot cathode type. 
tube. Electrons are obtained by Electrons are obtained by ther- 
the principle of emission of moinic emission. 
cathode rays. 
(ii) The tube cannot be evacuated (i) The tube can be evacuated as 
beyond the pressures of 10-3 to completely as possible, 


10-4 mm of mercury ; at lower 
pressures, the emission of 
cathode rays ceases, 
(iii) Very high p.d. can not be (iii) Due to 
, applied across the tube as the 
resistance of the gas will break- 
down and a discharge will pass 
across the tube. Hence the tube 
is suited only for the production 
of soft X-rays. 
(iv) Separate controls on quantity 
and quality of the X-rays are 
not obtainable, 


24:8. Nature of X-rays. 
; After the discovery of X-rays, tw 


the high degree of 
vacuum attainable, p.d. of the 
order of million volts can be 
applied across the tube without 
the ‘occurrence of discharge. 
Hence very hard X-rays may be 
obtained. 

(iv) Quantity and quality of the 
X-rays produced can be con- 
trolled independently, 


case of X-rays, the phenomena of reflection, refr. 
etc., which are exhibited by a wave. 
year 1912, w 
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suitable openings for observing the diffraction phenomenon of X-rays. The idea 
was immediately put to test by his associates Friedrich and Knipping. They 
allowed an X-ray beam to be incident normally on a crystal and photographed 
the emergent beam. A symmetrical diffraction pattern, known as Laue pattern, 
was obtained. The experiment definitely established the wave nature of X-rays, 
Later on, other properties of a wave viz. reflection, refraction, interference, 
polarisation etc., were found to be associated with X-rays. 

X-rays are electromagnetic waves of the same nature as light but of very 
` much shorter wavelengths, Their wavelengths are about 1000 times shorter than 
those of visible light. Obviously their frequencies are about 1000 times greater 
than those of visible light. The wavelength of X-rays extends from about 
1A to OO1A (lA=10-8 cm.). This smallness of wavelength led to the initial 
difficulties in detecting the various optical phenomena in the case of X-rays. 


24.9. Properties of X-rays. 

(1) X-rays are transverse electromagnetic waves of same nature as light. 
Their wavelengths ranges from 1A to 0:014, about 1000 times shorter than 
those of visible light. The frequencies of X-rays are correspondingly about 1000 
times greater than those of visible light. 

(2) X-rays travel in straight lines with the velocity of light (3x 10 cm/sec) 
and are invisible to the human eye. The rectilinear propagation may be 
demonstrated by casting on a suitable screen the shadow of a suitable object 
placed in the path of X-rays. 

(3) X-rays are not deflected by electric or magnetic fields. This property 
shows that they are not charged particles like cathode rays. 

(4) X-rays exhibit the phenomena of reflection, refraction, interference, 
diffraction and polarisation, Due to the very smallness of their wavelengths, 
these phenomena cannot be easily detected. Improved experimental techniques 
conclusively established that X-rays exhibit all these properties. 

(5) X-rays affect photographic plates. É 

(6) X-rays produce photoelectric effect when they impinge on certain metals 
e.g., Zn. 

All the above properties of X-rays resemble those of visible light. The 
following properties are, however, not exhibited by visible light. S 

(7) X-rays can ionise a gas through which.they pass. This property 1s due 
to the energy of a X-ray beam corresponding to their large frequencies. } 

(8) X-rays produce fluorescence in many substances e.g., zinc sulphide, 
barium platinocyanide, calcium tungstate and almost all organic compounds. 

(9) X-rays can easily penetrate through many substances which are opaque to 
visible light, In passing through the material, however, the intensity of the 
beam is cut down by an amount depending upon the nature of the material and 
its thickness, It is found that the absorption of a beam of X-rays by different 
Materials increases very rapidly with the atomic weights of the constituent 
elements. X-rays can easily pass through materials like wood, paper, cotton, 
flesh, leather and thin sheets of light metals e.g., aluminium. But heavier 
substances like bone and sheets of iron, lead etc. are opaque to X-rays. Soda 
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glass is transparent but lead glass is opaque to X-rays. This property has wide 
applications in radiography. 

It is found that the penetrating power of X-rays varies inversely as its 
wavelength. The smaller the wavelength (ie., the greater the frequency) of 
X-rays, the greater is its penetrating power. 

X-rays are generally classified into two types according to the penetrating 
powers. Rays of high penetrating power are called hard X-rays, while rays of 
low penetrating power are called soft X-rays. The hard X-rays are those of j 
the shortest wavelength and highest frequency, the’ soft X-rays having larger 
wavelengths and lower frequencies. The hardness of the X-rays obtained from 
a tube increases as the p.d. between the cathode and the target is increased. 
Soft X-rays are, therefore, produced by ordinary gas filled tubes while very hard 
X-rays may be obtained from Coolidge tubes. 

(10) X-rays possess the ability of destroying living cells. This.property has 


. also found its medical use in treatment of diseases like cancer etc. Prolonged 


exposure to X-rays produce deleterious effects on human body like reddenning 
of the skin, surface sores and destruction of the white cells of the blood etc. 
Hence the operators are shielded from X-rays by thick shields of lead. 

(11) When a X-ray beam strikes a metal plate, a secondary X-ray beam may 
be produced. 
24-10. Use of X-rays. 


(1) There is little doubt that the most familiar applications of X-rays are 
medical. For many years past, the medical profession has made extensive use 
of X-ray methods in the diagnosis of ailments and in the treatment of certain 
bodily disorders, In these cases the penetrating action of the X-ray is used to 
called ‘Radiograph’. In principle, X-rays can easily 
"board, flesh, tin sheet, aluminium sheet etc., but 
they are stopped by heavier substances such as bones, sheets of iron, lead etc. 

Property which is made use of in radiography, 
n in which internal structures may be distin- 
c the different degrees of penetration of the various 
parts according to the nature of the substance. Thus radiography helps in 
surgery for the detection of fractures, foreign matter like bullets etc., formation 
of bones, Stones etc, in internal organs. Italso helps in engineering sciences 
and in modern industries for testing of metal casting, moulds, welding etc., and 
for detcting faults, cracks, flaws etc. in finished Products. Radiography has been 

ive department for detecting smuggled goods concealed in 
sewhere, for examining genuineness of the old documents etc. 


X-ray therapy, use is made of the damagi 
harmful growths in human bodies are destr 
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@ EXERCISE e 


[A] Essay-type questions. 

l. Describe the events which occur in a discharge tube with the lowering of pressure 
inside it. 

2. How conduction of electricity through gases at normal pressure occurs? Explain briefly. 

Describe the dependence of ionisation current on applied voltage across a discharge tube. 
How can you explain such dependence ? E f 

3. Describe a few (at least two) important practical applications of electric discharge 
through rarefied gases. 

4. (a) What are cathode rays? How are they produced ? 

(b) How can you experimentally show that cathode ray particles travel in straight lines 

and carry negative charge ? [H. S. *85] 
5. What are cathode rays and why those are termed so ? Describe an experimental arrange- 
ment to show that cathode rays possess inertia and exert mechanical pressure, 
6. State the principal properties of cathode rays. [H. S. 79] 
7. How it was proved that cathode rayscarry negative charges ? Discuss how it was con- 
cluded that electrons are constituent parts of the atoms of all substances. What are the values 
ofthe charge and mass of an electron ? : 3 
8. What are X-rays? How were they discovered ? State four important properties of 
X-rays. [H. S. '80] 
9. Describe in brief an X-ray tube and state the principal properties of X-rays. — (H. S. '78] 
10. State the properties and uses of X-rays. Why do radiologists use gloves and aprons etc. 
containing lead salts when working on the X-ray machine ? 
In an X-ray tube, what determines the frequency and the intensity of the X-rays produced ? 
ll. Describe dow X-rays was discovered. What is meant by soft and hard X-rays? Describe 
an X-ray tube suitable for the production of hard X-rays. Mention its advantages. Hence 
explain why the target of an X-ray tube in made of a metal of hi ;h melting point. 
12. (a) Explain with a simple diagram the production of X-rays in an X-ray tube. 

(b) Why are X-rays called a kind of invisible light ? State two of their properties 
similar to those of visible light. LH. S. *84] 
[B] Short answer type questions. $ 

Ll A dry gas at ordinary pressure is a bad conductor of electricity, But at low pressure it 
becomes conducting. Explain why ? 
2. What do you mean by ‘sparking potential’ in connection with conduction of electricity 
through a gas at normal pressure ? 
3. What are Faraday's dark space and Crookes’ dark space ? 
At what pressure inside a discharge tube the cathode rays are produced ? 
5. Mention a few differences between X-rays and cathode rays. 
6. What are the similarity and difference between visible light and X-rays. 
7. The energy of X-ray is greater than that of visible light. Explain. PEE 
8. Cathode rays are deflected by electric and magnetic field. What does it signify ? 
Why a metal plate placed in the path of cathode rays gets heated ? 
What happens when fast moving electrons strike a heavy metal target ? 
3 * Is the total energy of the electrons striking the target of an X-ray tube fully converted 
to X-rays ? 
12, In a Coolj ment current is increased, (b) voltage applied 
across the tube is pelea esi reet is changed in each case ? 
13. Compare a gas discharge X-ray tube with a Coolidge X-ray tube. y 
14. For production of soft X-rays which type of X-ray tube you would prefer—a gas discharge 
tube or a Coolidge tube? For hard X-rays ? 
15. How the penetrating power of X-rays can be increased ? ? 
16. Wher X-ray pictures of internal organs are taken, the patient in frequently asked to 
drink a preparation containing heavy atoms? Why this is done ? 


25 PHOTOELECTRICITY 
CHAPTER 


25:1. Discovery of Photoelectricity. 


In the year 1887, Hertz observed that in a gas discharge tube, a current 
passes even for small differences of potential across electrodes when the cathode 
is irradiated with ultraviolet light. One year latter, Hallwachs discovered that 
a negatively charged zinc plate loses its charge when exposed to ultraviolet 
radiation, He found no such loss of charge when the plate is charged 
positively. The reason for the phenomena described above was not clearly 
understood at that time. Ten years later, J. J. Thomson and P. Lenard showed 
independently that electrons are emitted from a metal surface when light of 
suitable wavelengths is incident on it.. The phenomenon is known as photo- 
electric effect and the electrons emitted are called photo-electrons to 
indicate their origin. The effectis found to be instantaneous, there being no 
appreciable time lag between the incidence of radiation and the emission of 
photo-electrons. : 

Experimental investigations have shown that all metallic substances exhibit 
this effect under radiation of suitable wavelength. The alkali metals viz., 
lithium, sodium, potassium, cesium show this effect even with visible light. 
These metals are, therefore, suitable for the purpose of construction of photo- 
electric cells as discussed in a subsequent article. The metals like zinc do not 
show photo-electric effect with visible light but photo-emission occurs when they 
are illuminated by ultraviolet light. X-ray and y-ray produce the photo-electric 
effect in all metallic substances. 


Demonstration experiments : 


A thoroughly cleaned zinc plate is taken and joined to the cap of a nega- 
tively charged gold-leaf electroscope [Fig. 25:1]. When ultraviolet light is 
allowed to be incident on the zinc 
plate, the divergence of the leaves 
slowly decreases. This shows a gradual 
. loss in the negative charge content 
of the electroscope and the plate due 
to the emission of  photo-clectrons 
from the zinc plate, The experiment 
= may be repeated by charging the 
Fig. 25:1: Demonstration experiment electroscope positively when no loss 
of charge will be noticed. The photo- 

electrons emitted are attracted back to the zinc plate due to its positive charge. 
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25:2, Experimental study on Photoelectric effect. 


To study the characteristics of photoelectric effect, a simple experimental 
arrangement may be set up as shown in the Fig. 25:2, An evacuated glass 
tube T fitted with quartz windows (W, W)is taken. Within it two plates 4 
and B are introduced, the INCIDENT 
plate A being coated with LIGHT 
the photosensitive material, 
Suitable radiation may be 
allowed to be incident on A 
through the quartz window 
The plates A and B are 
connected through a sensitive 
galvanometer G to a potential 
divider P, By means of P, the 
plate B can be maintained at a li 
positive or negative potential B 
with respect to 4, A voltmeter Fig. 252 : Experiment to study photoelectric effect 
V is connected across the plates, 

When radiations of suitable wavelength is allowed to fall on A, photo- 
electrons are emitted. - The emission is found to be instantaneous, no matter 
how weak thelight may be. The time-lag between the incidence of radiation 
and the emission of photo-electrons is not detectable being of the order 
of 10-9 sec, 

If the plate B is made Positive with respect to A, the photo-electrons are 
attracted towards B, and a current is registered by the galvanometer. Such 
current is called a photoelectric current. So long as ths plate B is positive 
Wt. A, all the liberated photo-electrons will reach B and the current will 
correspond to saturation current, 

If the plate B is made negative with respect to A, the electrons will be 
retarded and hence the photoelectric current will decrease. Ultimately ata 
certain definite negative value of the potential, the current will completely 
cease ; no photo-electron is then able to reach the plate B. This potential 
is called the stopping potential (V ,) and obviously provides a measure of the 
maximum kinetic energy possessed by the emitted electrons. 

If the maximum velocity with which an electron is ejected be vm, then 

V e= mv_? ay E (25*1) 
where e and m are the charge and mass of an electron, : e 

The experiment is repeated using radiations of different intensities and 
frequencies, The results are illustrated graphically in Figs. 253 (a) and 253 
(b), in which the photoelectric current (i) has been plotted against the p dnm 
difference (V ) applied between the plates B and A. Fig. 253 fa) ro 3j 
When radiation of the same frequency (v) but varying intensity (7) is prion 
Photoelectric current and hence the number of photoelectrons emitted per 
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unit time increases with the incréase of intensity, In fact, the photoelectric 
current is found to change proportionately with intensity. The figure also 
shows that the stopping potential and hence the maximum velocity of the 
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Fig. 253 


photo-electrons does not depend upon the intensity of incident radiation, For 
a given radiation, the photoelectric current is found to depend on the metal 
When radiations of different frequencies but of the same intensity are used, 
the results obtained are shown in Fig. 25:3 (b) The figure shows that the 
saturation value of the photoelectric current does not depend upon the 
frequency of the incident radiation bet the stopping y. 
potential and hence the maximum velocity of the “S 
photo-electrons increases with frequency. A straight | 
line graph is obtained when the stopping potential 
(V,)is plotted against the frequency (v) of the 
incident radiation [Fig. 25-4]. This shows that the 
maximum velocity of the photo-electrons is propor- 
tional to the frequency of the. incident radiation. 


Fig 25:4 also illustrates another very tmportant Vo eee 
experimental observation about photoelectricity, Fig. 254 i Variation of stop 
There is a minimum frequency v, (maximum wave- ping potential with 


length) below which no photoelectric emission frequency 

occurs from a given metal, however intense the Tadiation may be. This 
frequency is called the threshold frequency. Above this value, even the 
weakest illumination will give rise to photoelectric emission. This threshold 


frequency is different for different metals and for a given metal it is always 
constant. 3 


The existence of the threshold frequency explains the fact that some 
metals e g., zinc, show photoelectric effect with ultraviolet light but not with 
visible light. Obviously their threshold frequencies lie in the ultraviolet 
region, 


25:3. Laws of photoelectricity, 


The various features mentioned in the foregoing articles are summarized 
in the following laws of photo-electricity ; 
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(1) For radiation of a given frequency the number of photo-electrons emitted 
per unit time from a metallic surface is proportional to the intensity of the incident 
radiation. 

(2). The maximum velocity of the photo-electrons is proportional to the 
frequency of the incident radiation ; it also depends upon the nature of the surface, 
It'is completely independent of the intensity of incident radiation, 

(3) For each substance there is a minimum frequency, called the threshold 
frequency, below which no photo-electrons are emitted, however intense - the 
incident radiation may be, 

(4) Photoelectric emission is practically independent of temperature. 

(5) Photoelectric emission is found to be instantaneous with the incidence 
of radiation. 


25-4. Photo-electric celi, 


Photo-electric cells aK ‘wually of three types : (i) photo emissive, ii) photo- 
voltaic, and (iii) photo-conductive. 

In photo-emissive cells, emission of electrons takes place from sensitive 
surface of suitable metals by the action of light. Unlike the photo-emissive 
type of cell, the photo-voltaic cell generates its own e.m.f, proportional to the 
intensity of the incident light. As such no battery is at all required and hence 
it is called photo-voltaic type of cell. In this sense, it is a true cell. The action 
of photo-conductive cell is different from the earlier two types of cells. When 
illuminated the resistance of selenium decreases ; this effect is utilised in the 
photo-conductive cell, No photo-electrons are emitted in this case, but as 
the intensity of incident light changes, the resistance of selenium varies with 
it and the current in the circuit undergoes corresponding variation. 

Of the three types, we shall only discuss photo-emissive type of cell, the 
other two being beyond the scope of this text. 

Photo-emissive cells. 

An emissive type photo-cell contains the sensitive surface and an electrode E 
for collecting the electrons within an evacuated or gas-filled glass envelope. . 
The current produced is measured in 
microamperes, and anamplifier is usually 
required in almost all its applications. 

Photo-emissive cells are oftwo kinds : 
4) Vacuum type and (ii) Gas-filled type. 

(i) Vacuum type: It consists of a 
Semi-cylindrical photo cathode C of 
large surface area and an anode A of 
nickel or platinum in the form of a 
metal rod known as collector. The 
collector is placed along the axis of the 


Fig. 25:5: Photo-emissive ceil 

cylindrical cathode. The whole is contained in a Blass or quartz bulb 

E according as it is to be used with visible or ultraviolet light (Fig. 25:5]. 
P-IE / 36 


p. 
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The inside of the bulb is made vacuum as far as possible, A thin photo- 
sensitive material such as a film of alkali compound, usually cesium oxide, is 
deposited on the inner side of the cathode C. Maximum sensitiveness is 
obtained when the deposition is only one or two molecules thick. Other 
common light sensitive surfaces are potassium, sodium, rubidium etc, A 
battery of about 100 volt is connected across the anode and cathode through 
a micro-ammeier G, When a beam of light having frequency above the 
threshold frequency of the metal deposited on the cathode is incident on C, 
there is a flow of electrons to the collector. The current produced can be 
measured by the micro-ammeter, s 

The chief advantages of vacuum type cells are as follows : 

(1) There is no time-lag between the incidence of light and the emission 
of photo-electrons. J 


(2) The photo-electric current is directly proportional to the intensity of 
illumination. 

(3) These are extremely accurate in response. 

These cells are used in television, for sound reproduction in the cinema, for 
accurate comparison of intensities etc. 

(i) Gas-filled type: Vacuum type photo-cells have the disadvantage 
that the current in them is very small, To increase the value of this current, 
the cell is filled with an inert gas, such as argon or neon, at a pressure of 
about 1mm of mercury. During their travel towards the collector, the 
photo-electrons collide with the atoms of the gas and produce ionisation, 
The electrons reieased in this process also travel towards the collector while 
the positive ions move towards the cathode, A large increase of current is 
thereby obtained. ) 

The disavantage of this type of cell is thet the response of the cell to the 
changes in the intensity of light no longer remains linear. 


15.5. General uses of photoelectric cells. 
To-day photoelectric cells or 
are performing an imposing list 
of these uses are as follows : 
(1) In the re 
cells are used. 
(2) In applications whi 
and establishment of lig 


Photo tubes, as they are more properly called, 
of jobs in widely varied applications. Some 


Production of sound in cinemas and in television, photo 


ch depend only on Tesponse to the interruption 
a ht, uses of photo-cells are indispensible. These 
include the detection and timing of all kinds of movements, the counting of 
moving Objects, the automatic opening of doors, burgler's alarm and the 
Protection of enclosures from light rays etc, 3 

(3) In applications which depend on the measurement of intensity of light 
and also of the colour, the uses of Photo-cells have increased greatly during 
recent years. They have been applied to the measurement of absorption of 


sunlight in the atmosphere, of the temperature of stars, of the penetration 
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of day light in the seas and Jakes. They are used in photometry for the 
comparison of illuminating powers of different sources. Applications of photo 
cells are found in colour matching and the sorting of colours, temptrature 
determination and control by colour response. In photographic exposure 
meters and in portable illumination meters, photo-cells are used. 

(4) In modern industries photo-cells are most commonly used to detect 
minor flaws and holes in thin metal sheets such as tin plate and metal foil, 
and to regulate slack in materials passing through weaving processes. 

(5) For use in every day life, some developed countries use photo 
cells for providing automatic control of drinking fountains and of traffic 
signals etc. 

(6) Photo-cells are used for constructing solar battery. When sunlight is 
incident on such a battery, electric currents are generated. This battery is 
utilised to supply energy for spacecrafts, for telephone lines etc, 


25:6. Particle nature of radiation. 

To begin with, accepting light as an electromagnetic wave, itis difficult to 
explain the various characteristics of the photoelectric phenomena. The 
following three major features of the photoelectric effect show the failure of 
the classical wave theory. 

(1) While wave theory predicts that the kinetic energy of the photo- 
electrons should increase with the intensity of the incident radiation, in 
practice it is found that the maximum kinetic energy of the photo-electrons is 
independent of the intensity of the incident radiation. 

(2) Wave theory never excludes the possibility of photoelectric emission 
at any frequency of the incident radiation. The result that the photoelectric 
effect totally disappears at frequencies less than the threshold frequency, however 
intense the incident radiation may be, is inexplicabie from the wave theory, 
For, according to the wave theory, no matter what the frequency of the 
incident radiation is, the metal should be receiving some amount of energy so 
that electrons should come out for all frequencies of the incident beam. 

(3) In photoelectric effect no detectable time lag between the incidence of 
radiation and the ‘emission of photo-electrons has been measured. Such a 
result is entirely contrary to the classical wave theory. According to this 
theory the energy of electromagnetic radiation is distributed continuously and 
uniformly over the advancing wave front. Evidently, any electron on which 
light of low intensity, spread out in this way, is incident should take an 
appreciable time before it gathers sufficient energy to emerge from the metal, 

In 1905 Albert Einstein showed that the paradox presented by the photo- 
electric effect can be explained by reviving the particle aspect of radiation in 
-a new form. * LP 

In 1900, Planck while trying to explain the energy distribution rer 
body radiation put forward the revolutionary hypothesis that Sent. uc 
not continuously but in tiny bundles or quanta. Each such quantu 
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energy of magnitude hy, where h is a constant called Planck's constant\/and v 
is frequency of the radiation, The value of h is equal to 6:62x 107?" erg-sec, 
Einstein took up this idea and went one step further. He proposed that 
energy is also absorbed not continuously but in tiny bundles or quanta of 
magnitude Av, If radiation is discontinuous at emission and if it is discon- 
tinuous also at absorption then obviously between emission and absorption, 
energy propagated through space must be regarded to be in the same form 
i.e. it must consist of tiny bundles or quanta. Each such quantum is called 
a photon, 

Thus in effect Einstein asserted that a radiation is nothing but a stream 
of photons, This means that the radiation behaves like a stream of tiny 
‘particles’, These particles, of course, are not material in the ordinary sense. 
The electrons oa which the radiation is incident, are disledged from the 
metal. 

In order to explain photoelectric effect, Einstein further assumed that an 
electron on collision with a photon absorbs either the whole amount of the 
energy hv or none at all. When this energy Av is absorbed, a part W of it 
is spent to ‘free’ the electron from the metal and the remainder ie, (wm —W) 
is utilised in providing the kinetic energy of the electron. The value of W 
varies from one metal to other, For some metals like zinc, the value of W 
is large, whereas for other metals like alkalis it is quite small. W is termed 
the photoelectric work function of the metal. Ifm andy be the mass and 
velocity respectively of the electron, then it follows that 

Amy? =hv -W sax M (25:2) 

This is the famous photo-electric equation of Einstein, 

If we put W=hv,, where v, is a new constant depending on the nature of 
the metal, we get 

imy? =h(v—v,) st ae (25:3) 

This equation explains all the featutes of photoelectric effect most 
satisfactorily. The energy of the photo-electrons is found to increase with the 
frequency v of the incident radiation and is quite independent of the 
latter's intensity, The equation also shows that if v be less than v, (v—vj) 
is negative and v becomes imaginary i.e, electrons do not come out of the 
metal. So the existence of the threshold frequency (v) is explained, 
Moreover as the electrons are knocked out of the metal by the photons, 
the instantaneous character of photoelectric emission can be easily grasped. 

For this work Einstein was awarded the ‘Nobel Prize’ for physics in 1921. 
The validity of the Binstein’s equation was verified experimentally by Millikan 
and he was also bestowed with the ‘Nobel Prize’ award in the year 1923. 

The work of Planck and Einstein conclusively established that radiation, 
which for a long time was thought to be completely wave-like in nature, must 
also be considered to have corpuscular Properties. Thus, there appears to be a 
dual picture of radiation: wave and particle. The wave theory explains the 
phenomena of interference, diffraction and polarisation, The particle nature 


. 
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of radiation must be invoked to explain those phenomena which involve 
transfer of energy. 


257. Elementary ideas of quantum theory. 


Quantum in Latin means ‘discrete portion’ or ‘quantity’. The quantum 
theory, therefore, deals with ‘discreteness’ in the properties of the surrounding 
world. Throughout many centuries philosophers have speculated whether 
nature is essentially continuous or discrete. As regards the concept of energy, 
philosophers up to the nineteenth century could never imagine such notion 
of discreteness. But, as mentioned earlier, Planck in 1900 took a 
revolutionary step in postulating that in questions of transfer of energy 
between atoms and radiation, the nature is essentially discontinuous. By 
assuming that energy interchange between matter and radiation takes place 
not continuously but-in bundles of energy or quanta, Planck was able to 
deduce a law of energy distribution in black body radiation in complete 
agreement with experimental results. 


Planck found that the quanta associated with a particular frequency v 
of radiation possess the same energy and that this energy E is directly 
Proportional to v, That is, E=hv, where his a proportionality factor which 
turus out to be the same for all types of energy that we know. It is now 
known as Planck's constant or the ‘quantum of action’. Its value is 
6 62x10-27 erg.sec. 


Thus according to Planck's formula, the energy of a quantum is determined 
by its frequency. The Planck's hypothesis gave birth to a new field in physics, 
called the quantum theory. The theory was most successfully extended by 
Einstein for explaining the laws of photoelectric effect, He asserted that 
throughout its carrier, radiation consists of a stream of quanta. Each 
quantum was named a photon. The quantum nature of radiation was thereby 
firmiy established, * 

Niels Bohr applied the quantum theory to develop successfully a model 
of the atom and predicated most strikingly the wavelengths in the various 
series of the spectrum of hydrogen. Compton proved from experiments with 
X-rays that photons possess momentum and obey the laws of conservation of 
momentum and energy when they collide with free clectrons. Erwin 
Schrédinger, Heisenberg, Fermi, Dirac—to name only a few titans in this 
field —made. substantial contributions by the early 1930s towards understanding 
à vast body of otherwise puzzling problems involving nuclei, atoms, molecules 
and matter in solid state. This led to the firm establishment of what is now 
known as quantum mechanics. à 

Example 25-1. A photon has an energy 5 electron-volt, Calculate its 
wavelength from the following data : 

1 volt = 5}, e.s.u. ; charge of an electron=4 809x107? e.s.u. ; velocity of 
light «3 x 10719 cm|sec ; and Planck’s constant = 6:62 x 10-*" erg-sec, 
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Solution: One electron volt is the energy acquired by an electron when 
it is led through a potential difference of 1 volt. 

But charge of an electron 24-809 10-10 e.s.u. and | volt= 

^. eV — 4:809 x 107 19x 1 ergo 1:603 x 10-12 erg. 

Thus, 5 eV =5 x 1:603 x 10712 erg, 


aby €.5 U. 


= va 


à 

5x1:603x 10712 _ 6°62 x 10727 x 3x 1020 
epe O ETT 

whence, , —2477:9 x 10-8 cm —2477-9À. 
Example 25:2, Calculate work function in electron volt for. sodium metal, 


given that its threshold wavelength=7000 A; h=6-625x10-2" erg-sec ; leV 
= 1'603 x 1071? erg. 


The energy of photon is given by E=hv zie [ 3 c ] 


Solution : The work function W s hy, =P where yo — 6. 
A 


z ^ r 0 Xo 
c is the velocity of light and 3, is the threshold wavelength 


= 6625x 107?" x 3x 1910 
W= ——7990x10=-8 — — t8 


6625x10-2'x3x1010 ` 
77000 x 10-8 x 1603 x 1971s ^" =L 771eV, 
Example 25:3. The photoelectric threshold wavelength for a.certain metal 
is 4000A. Find the energy of the emitted electrons from the metal surface by ultra 
violet light of wavelength 2000A ; given that he6:62 x 10-23 


Solution: Maximum kinetic energy E of photo-electrons is given by 
E-h(v—v»$4) where h is the Planck’ 


oW ; *S constant, v is the frequency of the 
incident radiation and Yo is the threshold frequency. 1f and Ao respectively 
be the wavelengths at those frequncies, em" 


erg-sec. 


71 72000 x 1078 = 7 x 101 5/sec [*- 1220004] 
Neh Cd 3x1010 ` ° 
o io 4000x10=8 = 3x 1015/sec Ct Xp =4000A J 


E=6°62x 10-3 ™(§x1015 — $x 1025) 
=4:965x 10-12 erg 
_ 4965 x 10-12 
"m l:6 x 10-12 E 
73:103 ev. 
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@ EXERCISE 9 
[A] Essay type questions. 


1. What do you mean by photoelectric effect and photo-electrons? What is 
threshold frequency in Photoelectricity and what does it signify ? On which factors the 
number and the kinetic energy of the photo-electrons emitted depend ? 

2. Describe a simple experimental arrangement for studying photoelectric effect 
and discuss the results obtained. 

3. Describe how the photoelectric current changes with the applied voltage and 
(i) the intensity, (ii) the frequency of the incident radiation. What is threshold 
frequency and on what factor does it depend ? 

4, State the iaws of photoelectric emission Briefly describe a vacuum type photo» 
electric cell. What is its chief disadvantage ? How this is avoided in gas-filled type cell ? 
Mention some of the uses of photoelectric cell. 

5. (a) Discuss the failure of classical wave theory in explaining the photoelectrig 
effect. : . 

(b) State how the basic factors of the photoelectric effect may be explained with the 
help of the quantum theory. [ E. S.°78 ] 

6. Whatare photons? State Einstein's photoelectric equation and hence explain 

the main features of Photoelectric effect from it. What is photosléctric work function ? 
How is threshold frequency related to it ? | 
7. Write short notes on: (a) Planck's constant, (b) Particle nature of radiation, 
(c) Quantum theory, : 
8. Indicate how the ideas of quantum theory can explain the photoelectric pheno- 
mena. What is Planck’s constant and how does it come ip the quantum theory? What 
~is its value ? [ Jt. Entrance '78) 

9. What is Photoelectric effect and what are photo-electrons ? How can the 

emission of photo-electrons be explained on the basis of quantum theory? — [ H..S.'801 
16. What is photoelectric effect ? What are the characteristics of photo-electric 
emission? State and explain Einstein’s photo-electric equation. [ H, S. 62} 


[B] Short answer type questions. 


l. What is Stopping potential ia connection with photoelectricity ? Explain its 
significance, " > 

2. Show graphically, bow photoelectric current varies with applied potential across 
a vacuum-type photo cell in the following cases : is 

(a)' When the intensity of the incident light is varied keeping its wavelength fixed. 

(6) When the wavelength of the incident light is varied keeping its intensity fixed. 

3. Inphotoelectric effect how does stopping potential depend on the intensity and 
the frequency of the incident radiation ? : MN 

4. Show grapically how the stopping potential varies with the frequency of the 
incident light. What does the intercept of the graph on frequency-axis signify ? 

5. Cesium shows photoelectric effect with visible light while zinc shows the 
effect with ultraviolet light. Does this statement mean that cesium wiil not show the 
effect with ultraviolet light and zinc with visible light? Explain your answer. 

6. Which phenoménon established conclusively the quantum nature of ligh: ? How ‘4 

7. If light transfers energy by means of seperate quanta, why do we not perceivea 
faint light as a series of tiny flashes ? ae ‘ ; 

8. Write Einstein's photoelectric equation, explaining briefly the meaning COE 
Symbols used [ Jt. Entrance ‘80 ] 

9. A circuit consists ofa battery, a suitable resistance and a parae cell, 
Connected in series. The p.d. across the resistance is found to change with the illumina- 


tion on the photoelectric celi, Explain this. 
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10. What is the essential difference between X-ray emission and photoelectric 
emission ? 

1l. Ina vacuum-type photo cell if the frequency of the incident light is doubled, 
doesthe maximum kinetic energy of the photoelectrons get doubled? Explain your 
answer. z 


[C] Problems 

I. Calculate the energy ofa photon of wavelength 5700 A. Given, e=4'8x 10-10 
€.$u.; h—6'6x10-27erg-sec and c=3x10 10cm/sec. [ Ans. 2°17 eV] 
2. Ultraviolet radiation of wavelength 2500 A is allowed to fall upon a metal 
whose work-funciion is 2'3 electron volt. Calculate the velocity of the ejected photo- 
electron whose mass is 9*1 x 10-28 gm. [ Ans. 965x107 cm/sec ] 
3. The photoelectric threshold of tungsten is 2730 A. Calculate the work func: 
tion in clectron-volt and also determine the maximum kinetic energy of the electrons 

ejected from a tungsten surface by ultraviolet light of wavelength 1800 A. 
j [ Ans. 4:533 eV, 27:342 eV ] 
4. The photoelectric threshold wavelength for a metal is 2300 A. The maximum 
kinetic energy of the emitted Photo-electrons from the metal surface bya light of 
.wavelength 1800 A iS 1495 eV. Caiculate the Planck's constant. (Ans. 66x 10-27 erg-sec.] 
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CHAPTER 


ELECTRONICS 


26:1. Thermionic Emission: 


When a metal ts heated, it emits electrons. This phenomenon is known as 
thermionic emission (Greek word ‘thermos’ means ‘hot’). The electrons 
obtained in this process are called ‘thermions’ to indicate the method of their 
production. The current obtained by the flow of thermions is called thermionic 
current. The phenomenon was noticed by Edison during his development of 
light bulbs. But an extensive study. was first made several years later by Sir 
O.W. Richardson, Nobel laureate in 1928. Richardson found that the rate of 
emission of thermions increases greatly with increase in temperature. He showed 
theoretically that the number of electrons emitted per unit area of a metal 
surface depends only on the temperature of the given metal and verified 
the fact experimentally. 

To understand how the electrons are ejected from r heated metal, we must 
remember that a metal contains a large number of free electrons which move 
about randomly within the metal in a manner similar to the motion of 
molecules of a gas. Qrdinarily these free electrons do not have sufficient 
energy to escape through the surface of the metal. When the metal is heated, - 
the kinetic energy of these electrons increased and some of them acquire 
sufficient energy to escape from the metal surface. The process is analogous 
to the escape of vapour molecules from a heated liquid during evaporation. 
The minimum energy needed by an electron to escape from the metal surface 
is called the thermionic work function of the metal and is expressed in volts 
( work per unit charge ). The values of the work function range from about 
one to six volt for the various metals used in practice. Obviously the metals 
Which have low work function provide a copious emission of thermions at 
Moderateiy low temperatures, 

The discovery of the thermionic emission was of paramount importance 
in the field of modern physics as it led to the development of a new branch 
of physics viz, electronics. The thermionic valves or tubes were developed and 
ultimately led to the invention of radio, television, radar and most of other 
electronic appliances. 


26-2. Thermionic valves or tubes, 

In the discussion of mechanical pumps, we saw that valves slow pater id 
fluid in a particular direction but not in the opposite one. Theemionip mares 
Or tubes developed on the basis of the phenomenon of thermionic emission 
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allow the flow of electronic current through a circuit only is one direction but 
not in the other and hence the name “valves”. 

Thermionic valves or tubes are also named according to the number of 
electroces present inside it. Thermionic tubes containing two electrodes are 
called diodes. A triode has three electrodes. Thermionic valves having more 
electrodes viz., tetrode, pentode etc. have also been developed. 

In some types of thermionic valves, the electrons are obtained by heating 
a metallic wire, called the filament or cathode, by sending a current through it 
[Fig. 26:1:a)]. The filament becomes incandescent due to the Joule heating 


N | /eecr RONS 


ELECTRONS: 


ELECTRONS 


FILAMENT 


L.T. A.C. SUPPLY 


a) b ; 
en heated cathode dires heated cathode 
Fig. 261 

produced and provides a copious Supply of electrons, The filament current is 
obtained by means of a low voltage battery or a low voltage A.C. supply. The 
low voltage battery is usually known as the low tension (L.T.) battery. The 
filament is usually made of tungsten due to its very high melting point. Much 
more copious supply of electrons are obtained by using tungsten filaments 
coated with oxides of barium or strontium or both, Such cathodes are called 
directly heated cathode. 

When the filament is heated by using an A.C. supply, it is found that the 
emission of electrons becomes irregular on account of the varying voltage, This 
difficulty is avoided by using an indirectly heated cathode [ Fig. 26:1 (5) . 
The current is sent through a tungsten wire F by means of an A.C. supply. 
Near the wire and completely surrounding it, there is à cylinder (C) of nickel 
whose outside is coated with a mixture of barium and strontium oxides, The 
cylinder C is kept insulated from the wire. Heat from the wire reaches the 
cylinder and thereby electrons are emitted from its outside surface. The 
cylinder is known as the cathode of the valve and the heating wire is called 
the filament or the heater of the valve, 


26:3, The vacuum diode. 


A two-electrode tube or diode (Fig, 26:2) was first devised by Sir John 
A. Fleming. It consists of a highly evacuated glass or metal envelope 
Containing a cathode which emits electrons and another electrode called the 
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anode or plate which collects them, The cathode may be either a directly 
heated or an indirectly heated type. The anode is usually in the form of a 
hollow tungsten or nickel cylinder Surrounding the cathode. The anode and 
cathode are mounted on the base of the tube which is provided with projecting 
pins, called contacts: 'These are connected to the electrodes and with their 


PLATE: 
FILAMENT CATHODE 
PINS 
Fig. 262: The vacuum diode ` Fig. 26:3: Symbolic representations 
(Directly heated cathode) 22 of a diode 


help necessary connections are made to an external circuit. The inside of the 
tube is highly evacuated so that the flow of electrons from the cathode to the 
plate is facilitated and also oxidisation of the ‘alament when it is hot, is 
prevented. In electronic circuit diagrams, a diode is symbolically represented 
as in Fig 26-3. The first one represents a diode with a directly heated cathode 
and the second one with an indirectly heated cathode, : 

Working of a diode: When the cathode is heated by means of a L. T. 
battery, large number of thérmions are emitted from it. If the anode is now 
maintained at a positive potential with respect to the cathode by means of 
another battery, electrons are attracted towards the anode, Thus thefe isa‘ 
flow of electrons from the 
cathode to the anode. This CURRENT a 
is equivalent to a flow of 
(Positive) current—called the 
anode or plate current—from 
the anode to the filament 
[Fig. 26-4 (a). The anode is 
Usually maintained at a high 
Positive potential with respect 
to the cathode and the battery 
used is called the high tension Fig. 264 
(H.T.) battery, : : the cathode; the 

If, however, we make the anode negative with respect to d 
electrons are repelled and none of them are able to reach the anode. $ Henge 
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there is no flow of current 


cathode but not in the reverse direction, 
a diode as a rectifier (see article 26:5). 


264. Characteristic of a diode. 


The characteristic of a diode is a 
anode current I, with changes in the p.d. 
The latter is called the anode voltage, 
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[Fig. 26-4(b)) in the circuit. 
action of diode as a valve allowing the flow of current from 


PHYSICS 


This explains the 
the plate to the 


This is the basic principle of using 


graph showing the variation of the 
V, between the anode and the cathode, 
The circuit is made as shown in the 


Fig. 26:5. The anode is maintained at a positive potential with respect to the 


filament by means of the H, T. battery. 


H. T. 


L.T: 


Fig. 26'5 : Circuit for obtaining diode characteristic 
current can be read from the ammeter 4, 

The characteristic curves for two tempe- 
ratures of the filament of a diode are shown 
in Fig. 26:6. It should be noticed that the 
&node current does not obey Ohm’s law, as 
otherwise the curve Would have been a 
straight line passing through the Origin. As is 
seen from the diagram, the &node current 
at first increases with the „increase of anode 
voltage. When the anode Voltage is 
sufficiently high, the anode current reaches a 
maximum value, With further increase in 
the anode voltage, the current does not 
increase any more; it ‘remains constant. 
ques is known as Saturation current, 

‘The explanation of the curve is as follows, 
cathode form a cloud in the 
negative charge is called the 
electrons back to the cathode. 


is made slightly Positive, the 


Space surrounding 
Space-charge which 
With zero an 
reach the anode and hence no anode current js obtained, 


electrons experience a small 


The anode voltage can be varied by 


means ofthe potentia] divider. 
The anode voltageis measured 
by the voltmeter connected 
across the anode and the 
filament, The anode current 
is obtained from the milli- 
ammeter (mA) joined in series, 
During one set of Obser- 


vations, the filament tempe- 
rature is maintained constant 
by sending a suitable steady 
through it. 


current This 


SATURATION 
CURRENT 


‘SPACE CHARGE 
LIMITED 


ANODE CURRENT, I — 


ANODE VOLTAGE, Va —- 


Fig. 266 : Characteristic of a diode 
This maximum value of the 


The electrons emitted from the 


the cathode, This cloud of 
has the tendency to repel the 
ode voltage, no electron can 
When the anede 
attractive force 
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towards the anode and under its action, some of the fastest moving electrons 
can penetrate through the space charge and reach the anode, A small anode 
current is thereby registered, As the anode voltage is increased, the increasing 
attractive force draws more and more electrons towards the anode until all 
the electrons emitted by the cathode reach the anode, The current then 
becomes maximum and is said to be Saturated. Obviously no space charge is 
present at this stage. Further increase in the anode voltage can not produce 
any increase in the anode current as no more electrons are available, The 
anode current before the saturation is said to be ‘space-charge limited 


current and varies with the anode voltage according to the following 
law : 


3 
I =AV,2 


where A is a constant for the valve. This is known as the three-halyes power 
law or Child-Langmuir's law, Obviously it corresponds to Ohm's law. 

If the temperature of the cathode is made higher by increasing the current 
through the filament, more electrons are emitted and hence the saturation 
current becomes higher. This is illustrated in the figure by drawing two 
curves for two filament temperatures T, and T, (T, T,). The variation is 
expressed quantitatively by the following equation, a 


I,,:74T? exp. (— deJKT) 
where T is the temperature of the filament in absolute scale, 4 and K are 


constants, e is the electronic charge and $, the work function of the metal 
of which the filament is made, This is known as Richardson’s equation. 


265, The diode as a rectifier, 


By rectification, we mean the conversion of an alternating voltage toa direct 
Voltage. A diode acts as a perfect rectifier. 

Half-wave rectification: A simple circuit for obtaining rectification with 
the help of a diode is shown in Fig. 26:7. A and F are the anode and the 
filament in the diode valve V, The 
filament is heated to incandescence 
by aL. T. battery. The alternating 
Voltage to be rectified is applied A.C. Input 
8cross the primary of a suitable 
transformer. The secondary of the 
transformer is connected across the Fig. 2677 : Half-wave reciifier circuit ; 
anode and the filament with a resistance R in series. A direct voltage is 
obtained across this load resistance R. « 

The principle of rectification is as follows. We already know that if the 
Plate of the diode has negative potential with respect to the cathode, denen 
are repelled by the plate and there is no plate current. So when the alternating 
Voltage in the secondary is applied across the valve, no current flows through 


Current 
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the circuit during the half-cycle which makes the plate A negative relative to F. 
But current flows through the circuit during the next half-cycle which makes 
the plate A positive w.r,t. F. The valve, therefore, conducts on the positive 
half of the cycle and does not conduct on the negative half. Hence an inter- 
mittent current but always in the same direction passes through R. The input 
alternating voltage from the secondary of the transformer is illustrated in 
Fig. 26:8 (a) and the output direct currentthrough the load resistance is shown 
in Fig. 26'8 (b), A galvanometer placed across R would register a deflection. 
The tube thus rectifies or changes the alternating voltage to a direct one. ` As ^ 
one-half of the alternating voltage is suppressed, the arrangement is called a 
half-wave rectifier. 
INPUT During the half-cycles when the 
anode is positive, the applied e.m.f. 
fluctuates in strength and hence the 
anode current produced thereby, 
although in the same direction, also 
fluctuates. Thus half-wave rectification 
converts alternating current toa pulsating 
direct current (vide Fig 26 8) ; it is thus 
not similar to the conventional direct 
current produced by a battery or 
generator where the direct current 
Fig. 268 remains uniform in strength, Moreover, 
used as a half-wave rectifier, the diode has a low efficiency as the supplier of 
direct current ; this is because, one half of the applied e.m.f. is not utilised 


- (b) 


z OUTPUT 


-at all. 


Full-wave rectification : Full-wave rectification may be produced by using 
two diodes. Both halves of the input alternating voltage are utilised in this 
method ic. a D.C. output across the load resistance is obtained during both 
positive and negative half-cycle of the input voltage. 

The full-wave rectifier employs a transformer with a centre-tap C in the 
secondary winding DE and two diodes [ Fig. 26:9]; The terminals D and 


A.C. 
Input 


Fig. 26'9 : Full-wave rectifier circuit 
E of the secondary are respectively connected to the anodes of the two diodes. 
The centre-tap C is joined to the filaments through the load registance R. 
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The filaments are as usual heated to incandescence by L.T. batteries (not 
shown in the diagram). With the A.C, input in the primary, an alternating 
voltage develops across the secondary and the terminals D and E become 
alternately positive and negative with respect to each other. When D is 
positive w.r.t. E, the centre-tap C becomes negative w.r.t. D but positive w.r.t. 
E. Then the diode 1 conducts and current flows through the registance R in 
the direction shown in the diagram. INPUT 

During this time, the anode of the other 
diode 2 remains at a negative potential 
relative to its filament ; hence this diode 
does not conduct, But in the. next half- 
cycle, E becomes positive w.r.t. D and 
the effect is reversed, i.e. the diode 2 
conducts and the diode 1 becomes non- 
conducting. The current through R, 
however, flows in the same direction as 
before. This goes on alternately. If the à 
alternating voltage across the secondary Fig. 2610 

be represented by the curve in Fig. 26:10 (a), the current through R is now 
of the form shown in Fig, 26°10 (b). So we get unidirectional current for 
both half-cycles of the input A.C, It should be uoted that the output is not 
of uniform strength but pulsating ; its drops to zero iwice every cycle, 

Instead of using two separate diodes, a single tube consisting of two 
plates and a single common filament in the same envelope are widely used 
now-a-days. This is called a double diode or duo-diode [ Fig. 2611]. The 
essential features of the circuit 
and the basic principles of opera- 
tion remain the same as before. 

The output across R is direct 
but not of uniform strength, In 
order to get a steady p.d. across 
R an arrangement containing a 

Fig. 2611 choke ( a coil high self-inductance) 
and capacitors is used; the choke is joined in series and the capacitors 
in parallel with R, This is called a filter circuit. Very little fluctuation 
of the unidirectional voltage then occurs across R : 


26-6. The triode. 

In 1907, Lee De Forest, an eminent American scientist devised a method 
of controlling the current in a vacuum tube. He simply introduced a third 
electrode between the filament.or cathode and the anode. This electrode is 
known as the control grid or simply grid. The grid is a helix of wire ora 
wire-mesh cylinder surrounding the cathode, so that electrons may freely pass 
through it. It is placed very near the cathode. As the valve now contains 


OUTPUT 


A.C. Input 


576 ELEMENTS OF HIGHER SECONDARY PHYSICS 


three electrodes, it is called a triode. These three electrodes are kept inside 
an evacuated glass envelope and are mounted on metal pins sealed into the 
tube. The electrodes are kept insulated from one another. Usually the anode 


PLATE 

ANODE 

(PLATE) le SI 

GRID GRID 

FILAMENT CA QA 
CATHODE: ESI AMENT. 


i DI [-«——— 8AsE pins CATHODE 


Fig. 26:12: Triode valve Fig. 26:13 : Symbolic representation 
(Directly heated cathode) of a triode 


is a nickel cylinder, the grid is made of molybdenum or nickel. For directly 
heated valves, the filament is of thoriated tungsten, If the cathode be 
indirectly heated, the outside of its cylindrical surface is coated with oxides of 
barium and strontium. "Thearrangement is shown inFig. 26:12.Fig. 26:13 shows 
how such a tube is represented symbolically in electric circuits. The first one 
represents a triode with directly heated cathode and the second one with 
indirectly heated cathode. The effect of grid is far reaching. Being nearer to 
the cathode and its associated space charge, it exercises greater control over 
the flow of electrons than that done by the plate. 


(a) (b) (c) 
Fig. 2614: Action of the grid 
Action of grid: Fig. 26:14 illustrates the basic principle of action of 
the grid in a triode. In Fig. 26:14(a), the direct connection of grid to the 
cathode is made ; it ensures no extra Brid voltage with respect to the cathode. 
Consequently, the grid has no effect on the electrons leaving the cathode, The 
result is an unimpeded flow of electrons from cathode to anode, and the 
milliammeter (A) indicates maximum anode current. InFig.26-14 (b), a battery 
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is inserted in the grid-lead so as to make the grid negative with respect to the 
cathode, The grid now exerts a repelling action on the electron stream and 
some of the electrons are returned back. Only those electrons which have 
high velocities can reach the plate. The anode current, therefore, decreases 
as can be seen from the milliammeter. If a number of batteries are inserted 
step by step in the grid-lead making the grid more and more negative with 
respect to the cathode, ultimately a stage is reached when all the electrons 
approaching the grid are turned back by its repelling action (Fig, 26:14 (c)]. 
Consequently, there is no plate current and the milliammeter reads zero, 

The grid can also be given a small positive voltage w.r.t. the cathode, when 
the anode current further increases, In usual practice, however, this is avoided 
and the grid is maintained negative with respect to the cathode, 


Some facts about triode, 

(1) The repelling action of the grid which tends to prevent electrons from 
reaching the anode, is proportional to the negative grid voltage with respect 
to the cathode, This is called grid-bias. If the grid-bias is sufficiently high, 
no electron succeeds in penetrating the region of the grid and the plate cuzrent 
is zero. This is called the cut-off grid-bias, 

(2) As the electrons are attracted by the plate, the anode current also 
depends upon the anode voltage. ‘ 

(3) Since the anode current I, depends both upon the plate voltage V, 
and the grid voltage V ,, there exists definite relationships between the plate 
and the grid voltage and the plate current. Mathematically, we have 
Ia=f Was V). If these relationships are expressed graphically, we obtain the 
characteristic curves of a triode, 


167. Characteristic curves of a triode, 
The characteristic curves of a triode may be obtained by the circuit shown 
in Fig. 2615. The filament is heated by means of a L, T. battery, The H.T, 


GB = 
c 


Fig. 2615 : Circuit for obtaining characteristic of «jode 
battery serves the purpose of making the anode positive with nd Ys 2 
filament. A small battery, called the grid-bias (G.B.) battery, is used to ma 


P-II/37 
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the grid negative relative to the filament. Potential divider arrangements are 
1 used to change both the anode voltage 
Flao Va=200V and the grid-bias. The milliammeter (mA) 
and the voltmeter (VA) measure the 
anode current and the anode voltage. The 
voltmeter (F ,! measures the grid-bias. 
By keeping the anode voltage V. 
constant, we can Vary the plate current 
I, by changing the grid voltage V,. The 
family of curves so obtained Correspon- 
ding to different constani values of V , are 
known as mutual characteristics Fig. 
26:16]. Similarly, if we keep the grid 
voltage V, constant, we can also vary 


RTI DNA wins 


p +Vg—> I, by changing V,. The family of curves 
NEGATIVE GRID POSITIVE GRID obtained in this way for different constant 
BIAS 


BIAS values of V, are called anode character. 
Fig. 2616 : Mutual characteristics istics [Fig. 26-17]. The filament current 
is the same for all curves. 


We see that each of the mutual characteristic curves consists of a straight 
portion in the middle together with two bends at the two ends—one above and 


The curves also show that fora Particular grid Voltage, the anode current is 
$*eater for larger anode voltage, The cut off bias applied to the grid is 
indicated by the points A or B or C etc, for different anode voltages. ‘The cut 
off bias, therefore, increases with increasing plate Voltage. 


The valve is usually worked at some particular Point of a characteristic 
curve, the point being chosen either on the straight line portion or on the 
bending portion of the curve. The actual 
choice of the Working point depends Ja 


determined by applying Correspoding 
voltages V." and V, When the valve 


Small changes in the grid voltage causes 9 K 


a large change in the plate current Fig. 26°17: Anode characteristics 

depending upon the Steepness of the curve, The ‘factor representing 
the rate of change of anode current with grid voltage is very 
important qmd is called the mutua] conductance, It is expressed. 
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by En= A = (Vis constant. From the 8raph this can be determined as 
g 


follows : 


Considering the characteristic for Va=100 volt, we see that a change of 
grid voltage from 0 to 2 volt, produces a change of plate current from 21:5 mA 
to10 mA. Thus, the mutual conductance, gos 2d c 9 Hou 5775 
milliampere per volt. A valve with higher mutual conductance is highly 
Sensitive to grid voltage changes and is employed in cases where maximum 
current changes for a given input voltage is required. 


The figure also shows that in order to restore the anode current to its 
original value (Keeping the grid at — 2 volt ) the plate voltage. must be raised 
from 100 volt to 150 volt, as shown at point D on the characteristic for 
V,=150 volt. So it is seen that a 50 volt change of plate voltage is required 
to compensate a 2 volt Change of grid voltage, so that the grid is 25 times 
More effective in producing a given change of plate current. The ratio of the 
change of anode voltage to the change of grid voltage to produce a given change 
of anode current is a measure of effectiveness of the gird control and is called the 
amplification factor. It is denoted by pu and is given by the expression, 

=Ala 

AV; 
is a pure number and has no unit. 


(when J, is constant). As the factor is the ratio of two voltages, it 


From the anode characteristic curves [ Fig. 2617], we can also find 
9ut the rate at which the anode current varies with change in anode 
voltage for a given grid voltage. This is called the anode conductance and is 


represented by g, = UA ( when V, is constant ) A more useful factor is the 
$ ; 
inverse of this conductance which is called the A.C. resistance or plate 


resistance of the valve, Thus LL AV. ohm (when V , is constant). 
AL 


Hence we can define the plate resistance of a valve as the rate at 
Which the anode voltage varies with change in anode current for a given grid 
voltage 


It may be mentioned that the plate resistance is not constant, but varies 
Considerably over the normal operating range of the tube, Thus if represents 
the resistance of the valve at a particular point of operation on the anode 
characteristic, 


These quantities are called the constants of a valve and they are interrela- 
ted according to the relation B — TS X Epm- 
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26-8. Relationship among the constants of a triode valve. 


The relationship can be obtained straight-forward from the definition of 
valve constants, We know, 


AV. 


u- ^ vy (when I, constant) a: x (i) 
, 9 

"TS AT (hen V , constant) it: M (ii) 
a 

A Is ET 

fT AY (when V, constant) ees pe (iii) 
g 


Now these equations (i), (ii) and (iii) give the required relationship as 
follows. 


AV, 


Bom =n 
9 


A 

AVa Ala 

Al, x AV, 

#=TaX2m_ (from (ii) and (iii) ] 


26-9. The triode as an amplifier. 


An amplifier is a device which amplifies or increases the magnitude of any 
alternating current or voltage applied at its input. The triode has been 
successfully employed to act as an amplifier of weak input alternating voltages, 

PU rRUE The signal voltage to be amplified (input) 
is applied in series with the grid bias 
battery of the triode. The anode voltage 
is supplied by a H. T. battery, A load 
resistance R is connected in series with 
the H. T, and the triode. The amplified 
A.C. (output) is obtained across A 
(Fig. 26:18). This type of amplifier is 
called class A amplifier. 

If there were no grid-bias, the input 
voltage would alternate about the origin 

Fig. 2618 : Amplifier O of the mutual characteristic curve 
(Fig. 26:19). This will make the grid positive during every other half-cycle 
resulting in a high grid current which is generally undesirable. The grid-bias 
is accordingly used to transfer the alternations of the input grid 
Voltage to a region where this does not occur and where the 
characteristic curve is straight. Then equal change of grid voltage 
‘results in equal change of anode current, The centre point of this 
linear portion of the characteristic curve represents the origin or axis of the 
alternating input voltage, If this operating point is wrongly chosen or if the 
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alternations in the input voltage be too large so that the bend portions of the 
characteristic curve are reached, 
then equal changes in grid voltage 
wiil not produce equal changes in AND 
anode current. As a result, the UNDISTORTED 
output will become distorted. — fmf a 
Hence to get undistorted amplifi- 
cation, a tube having a long straight 
portion in its characteristic curve 
must be used. Also the operation 
must be kept limited within this 
straight portion. By projecting 
each point of the incoming sine- 
wave up to the curve and then 
horizontally to the right, we Fig, 2619: Graph showing principle 
would obtain the undistorted but of amplification 

greatly amplified sine wave as shown in Fig. 2619. The fixed grid-bias 
given is represented by OD. This corresponds to the point A on the 
mutuai characteristic for the given anode voltage. In. the absence 
of the input voltage, a steady anode current represented by OP flows. When 
the input voltage is impressed cn the grid, the grid voltage varies sinusoidally 
about the value OD within the limits OE an OF. The operating point on the 
characteristic therefore oscillates about 4 within the range BC. Consequently 


the anode current varies in a sinusoidal manner about the value OP within 
the limits OR and OQ. ` 


Thus an alternating plate current of large magnitude and of exactly thc 
same frequency and characteristics as the weak alternating voltage impressed 
onthe grid is obtained. So an amplified undistorted alternating voltage 
develops across the load resistance R. This serves as the output, The 
arrangement thus gives linear magnification. 

The ratio of the output amplitude across Rto the input amplitude impressed 
between the grid and the cathode is called the gain of the valve and thisdepends 
"pon the amplification factor of the valve. It can be shown that the gain 
Produced (G) is given by Gu E. 


a * H 
It should be borne in mind that the energy necessary for the amplification 


ls obtained from the H, T. battery. Itis also ‘to be clearly reaiised that in 


order to get a high value of the *gain", the characteristic curve must be as 
Steep as possible, 


Example 26:4, A triode valve has an anode resistance 2x 10* ohm and 
amplification factor 20 ; find its mutual conductance. 
Solution: From the relation ,—r,xg, we have, 


20 
P = 10-9 mho. 
r2 3X0 


AMPLIFIED 


CUTOFF 


Em= 
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Example 26:2. In a certain triode, the anode current is 10 mA with an anode 
potential of 210 volt and a grid potential of —5 volt. When the anode potential 
is increased to 250 volt, the current rises to 12 mA. A change of grid potential 
to —6 volt restores the current to its original yalue. Determine the valve 
constants. 

Solution: The mutual Conductance g,, the anode resistance r, and the 
amplification factor gu are three essential valve constants. These are 
determined as follows : 

(a) Since the change in the grid potential from —5 volt to — 6 volt makes 
a fallin plate current from 12 mA to 10 mA, we have AI,=12-10=2 mA 
and AV,=6-5=1 volt, 


GAS. 
g, AVI =2 mA per volt. 


(b) When plate potential is changed from 210 to 250 volt, the plate 
current rises from 10 mA to 12 mA. Thus, AFY,-—250—210—40 volt ; 
A1I,—12—10—2 mA =2x10-3 amp. 

BEC IE Lind 
a ALT 2x19-3 = 2x10 ohm. : 

(c) Change in the plate voltage from 210 Volt to 250 volt i. e. 40 volt rise 
in plate voltage makes the rise in plate current through 2 mA. Thus A Va- 
40 volt. But the same change in the plate current is effected when the grid 
voltage is alteted from —5 volt to — 6 volt. ie, AV, =6—5=1 volt, 

AV, 40 
AV, = Ais =40. 

Example 26:3. A triode valve provides 30 linear magnification in voltage. 
If it has 50 Kohm load resistance and 20 Kohm anode resistance, what is its 
amplificatien factor ? 

Solution : Voltage gain or magnification in a triode is given by 


S b= 


=_uR 
d R+r, 
In the present case, G =30, R=50 Kohm and rg=20 Kohm 
#x 50 
30= 504-20 whence u= 42, 


26-10. Some other uses of triode. 


(i) Oscillator: In an oscillator circuit, with the help of triodes, 
oscillations of current are produced and maintained, i e, an alternating current 
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ordinarily, these oscillations die out quickly due to loss in the circuit. If, 
however, after each oscillation, a small e, m. f. is introduced in the circuit in a 
proper manner, the current strength may be brought back to the original 
value, Oscillating currents of constant amplitude can be obtaincd thereby 
for any desired time. A triode valve serves this purpose of feeding the circuit 
with the necessary e, m. f, 


T 
E 
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(b) 


AUDIO: FREQUENCY CURRENT PRODUCED 
IN MICROPHONE BY A PURE TONE 


(c) 


CARRIER CURRENT MODULATED BY 
AUDIO - FREQUENCY CURRENT 


(d) 
| 


FREQUENCY MODULATION 
Fig, 26°20; Modulation 

(ii) Modalator: In a modulator circuit, a high frequency oscillatory 
current (Fig, 26-20 (aj) and a low frequency one [Fig. 26:20 (b) are fed 
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together. The modulator varies either the amplitude or the frequenc; 
of the high frequency current in accordance with the low frequency one. 
Amplitude modulation is said to be done when the amplitude of the high 
frequency current is varied in the same manner as the low frequency one 
[Fig. 2620 (c)] If the frequency of the high frequency oscillatory current 
is changed in accordance with that ofthe low frequency one, frequency 
modulation is achieved. The amplitude then remains the same (Fig. 26:20 (d)). 
Triodes are used intensively in modulators, 

(iii) Demodulator or Detector: Demodulation or detection is exactly 
the reverse of the process of modulation. A demodulator or detector seperates 
the low frequency oscillatory current from the high frequency one when the 
modulated current is fed to it. Triodes are used for producing this effect. 


2611. Radio Waves. 

We already know that radio waves area kind of electromagnetic waves. 
‘They are, therefore, of the same nature as light waves and travel with the 
same enormous velocity of 3x 1019 cm/sec in empty space. The wavelength of 
radio waves is, however, much larger, varying from about 0-1 mm to 20 km. 

In 1865, J. C. Maxwell predicted the existence of electromagnetic waves 
from theoretical considerations. Twenty years later, experimental evidence in 
support of his theory was provided by Heinrich Hertz He was able to 
Produce and detect electromagnetic waves at short distances by electrical 
means This type of electromagnetic waves which are generated and detected by 
electrical circuits are called radio waves. 

Whenever an oscillatory current (ie. A.C.) is set up in a circuit, 
disturbances in the electric field in the surrounding space is created. This 
gives risc to radio waves that spread out in all directions. Comparison may 
b> made to the generation of water waves when-a stone is thrown into a pond. 
Each cyclo of the current produces a wave, so that the number of the cycles 
in the electric circuit and the frequency of the waves generated by the 
oscillatory current are the same. 

Obv.ously radio waves at low frequencies can be produced with A. C. 
generators but the frequency range gets limited by the speed at which the 
generators can be driven. The method is only of theoretical interest. In 
practice, radio waves are universally generated by means of oscillatory circuits 
which employ thermionic valves for maintenance of oscillation, Oscillatory 
currents of very wide frequency range can be obtained by this method. This 
oscillatory current is fed into a suitably shaped insulated conductor, cailed an 
‘aerial’ ( or antenna ), through a modulator the latter being connected to earth, 
Radio waves travel outwards in all directions from the aerial as the light 
waves from a luminous object. 

26-12. Principles of radio communication. 

One of the most wonderful achievements of modern science is the 

discovery and development of radio communication. By radio communication 


? ELECTRONICS 585 


we mean the transmission of signals, messages, speech, music etc, between two 
or more stations without the use of connecting wires, Speech, music etc. are 
converted to radio waves at one station, These radio waves are received at 
the other station and are re-converted into corresponding speech, music, 
etc. Due to the enormous velocity of radio waves, the human voice may be 
transmitted around the earth in less time than it takes to pronounce the word 
‘radio’. 

Many physicists, and engineers investigated the properties and uses of 
electromagnetic waves or radio waves but it is to Guglielmo Marconi, an 
Italian scientist, that credit must be given for successfully developing the 
technique of radio communication because it was he who showed how 
transmission of wireless signals and their reception may be made 
practical. Quite independently, Sir Jagadish Chandra Bose working in the 
Presidency College laboratory also did an outstanding contribution for 
developing technique regarding sending and receiving of radio signals. 


The technique of radio communication consists of two stages— 
(i) transmission of the speech, music ‘tc. (ii) reception of the same and its 
reproduction, That part of a radio communication apparatus which performs 
the first job is called a transmitter, while the other one is called a receiver. 
We shall discuss the principles of their operation in a simple manner. 


() The transmitter: Fig. 26-21 illustrates the various parts of a simple 
transmitter circuit. The type of diagram is called a block diagram. When 
a person speaks or sings or produces instrumental music before the 


R.F. 
OSCILLATUR 


Fig 2621: Block diagram of a simple transmitter 


microphone M, the sound waves are converted into a fluctuating electric 
current, This electric current fluctuates in an identical manner as the wave 
form of the sound, Fig. 26:20 (b) shows a sinusoidal form of the current 
Produced in the microphone, corresponding to your ei ai Ms ks ee 
Considering the case of a pure tone for the sake of simplicity and : ar hie 
Understanding. It should, however, be clearly DORE a We 
discussions made hereafter apply equally well to any other wave e SUBE 
already know that the audible frequency range corresponding A hone 
sounds extends from 20 to about 20,000 c.p.s. The current in the microp A 
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therefore, fluctuates with frequencies lying within this range. However, for 
obtaining satisfactory reproduction quality, this frequency range is usually 
confined to between 50 c.p.s. and 10 kc. p.s. A current having this frequency 
range is called audio-frequency (A.F.) current. The A.F. current is then 
amplified by mcans of one or more amplifiers termed audio-frequency (A.F.) 
amplifiers. This amplified audio-frequency current cannot be radiated directly 
from the transmitter for reasons stated later on. 


In order to transmit messages corresponding to such A. F. currents to long 


distances, it is necessary to take the help of a. high frequency oscillatory 
current. This current is generated separately by suitable valve oscillator. 


carrier-wave, 


In normal broadcast practice, carrier Waves are produced with wavelength 
lying within three wavelength bands, called the long-wave, medium-wave and 
short-wave bands.* The ranges of wavelengths and corresponding frequencies 
of each band are given below : 


Wavelength Frequercy in 
in Metres ke. p. s. 


Long wave 800 to 2,000 37510 150 
Medium wave | 180to 550 166710 545 
Short wave 50 18,750 to 6,000 


REPE 
By international agreement each broadcasting station operates at a few 
particular wavelengths; these are the wavelengths of the carrier waves trans- 


The A. F. current is blended with this carrier wave by a process called 


4 d for this purpose are called modulators. 
A modulated carrier wave is produced thereby, Amplitude, frequency and 
phase modulation methods may be employed, In Present day broadcasting, 


signal to be transmitted 
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is determined respectively by the intensity and the frequency of thé audio 
signal, The envelope of the carrier wave therefore represents a replica of the 
A. F. wave-form [Fig 26:20 (c) which in this case isa sinusoidal one, In 
practice this has a complex shape, An amplitude modulated wave is thus 
produced. It should be noted that this wave is a radio frequency one, 


Another method of modulation invented by Major Armstrong consists 
of changing the frequency of the carrier wave in accordance with that of the 
A. F. signal to be transmitted. The amplitude ofthe carrier wave remains 
Constant. This is known as frequency modulation and is illustrated in Fig 
26:20 d) for the same A.F, and R.F. carrier, shown in Fig. 26:20 (a) and 
(b) This mode of modulation is advantageous over the amplitude modula- 
tion in that electromagnetic disturbances, known as static, from lightning. 
sparking in nearby electrical appliances etc., do not hamper the reception of 
the broadcast programmes. Comparatively noisefree reception is thercby 
achieved. i 

From the modulator, the R.F. modulated current is fed to a suitable acrial. 
From the aerial, the modulated carrier wave is radiated in all directions, 

We now mention the reason for the impracticability of feeding the A.F. 
signal directly to the aerial It has been found experimentally that when 
frequency of oscillations is smaller than about 16 k c.p.s,, the energy radiated 
from the aerial is too small to be of any use, Frequencies of audio signals 
being usually lower than the above value, R.F. signals must, therefore, be 
used as a carrier, 

(ii) The receiver: The essential parts of a simple radio receiver, 
Popularly known as radio,are an aerial system, a tuning system, a R. F, 
amplifier, a detector, an A. F, amplifier and a speaker. This is illustrated in 
the block diagram of Fig. 26°22, 


y 


R.F. 
t 
TUNER AMPLIFIER 


zi 


Fig. 2622: Block diagram of a simple receiver : 

Each receiver contains am aerial system which may either be a wire 
slung on a pole in a high place or a small coil of wire inside the house, When 
the radio waves radiated from the transmitter come across the aerial, induced 
oscillatory e.m.fs. and hence induced oscillatory currents are produced in the 
aerial circuit in accordance with the ordinary laws of electromagnetic 
induction. These induced currents are faithful copies of the currents set up 
in the transmitting aerial. 
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At any time, however, not one but several radio transmitters ate 
broadcasting their programmes at different carrier waye frequencies. All of 
them would give rise to induced currents at the receiving aerial. Out of these 
large number of available signals, the receiver must select the single one 
desired and reject the other unwanted. ones, This process of selection of a 
particular carrier wave is known as the tuning of the receiver and is achieved by 
riaking use of the phenomenon of electrical resonance, The tuning circuits 
consist ofan inductance Land a capacitance C, oneor both of which are variable. 
When the resistance is extremely small, this circuit has the typical property 
that the current in it oscillates with a frequency. The frequency of oscillation 
of the current in this circuit is given by the relation f— EREIN where f is 

2n JLC 

in c.p s., L in henry and C in farad. Only that particular signal whose carrier 
wave frequency equals that ofthe tuning circuit of the receiver produces 
electrical resonance and is picked up by the receiver, Tuning the receiver, 
therefore, consists in changing the inductance or capacitance, usually the latter. 
The phenomenon is exactly analogous to acoustic resonance. For example, if 
in the neighbourhood of a vibrating tuning fork, a sonometer wire is placed, 
the wire responds readily and violently only when it is tuned to the same 
frequency as that of the tuning fork. 


Usually the inductance L is kept fixed and the capacitance C is varied. 
A variable air condenser is employed, a moving needle being coupled to it. 
By turning the tuning knob, the capacitance is changed and different radio 
stations can be picked up. The position of the needle helps the selection. 
In an ‘all-wave’ radio set, three inductances are employed, one for each wave 
band. Any one'of them can be brought into operation by means of the ‘band- 
change switch', 


As the incoming R.F. signal coming from a distance station must 
necessarily be weak, the induced currents are much too weak to be used 
directly. The picked up induced current which is an exact replica of the 
modulated carrier wave, is therefore first amplified by the one or more R.F. 
amplifiers which employs valves for this purpose. This final magnified current 
is, however, of too high a frequency to work a telephone or a loud speaker. 
The A.F. message is then extracted from this current bya process called 
demodulation or detection, This is done by suppressing either the lower or the 
upper half of the modulated signal. Diode or triode valves are used to carry 
out the operation and the corresponding electronic circuit is called the 
demodulator or detector. The output from the detector exactly resembles the 
original A.F. current in the transmitter. This A.F. output is then fed to 
one more A.F. amplifier, The amplified A.F, current is then allowed to reach 
the loud speaker when the transmitted programme is reproduced, 
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26:13. Propagation of radio waves. 


The radio waves emitted from the aerial of a transmitter travel in straight 
lines in all directions in space. According to their path of travel to the 
receiver, these waves are roughly classified into two groups: the ground wave 
and sky wave. 

The ground wave, as the name suggests, propagate along the surface of the 
earth, As the ground wave travels further and further from the transmitting 
antenna, it becomes weaker and weaker, the attenuation dependiug in a 
complicated manner on the distance, the frequency and the electrical conduc- 
tivity of the earth. The effective range of the ground wave increases with 
the conductivity of the surface. Sea water being more conducting than the 
earth’s surface, the range of the ground wave is much larger over the sea than 
over dry soil. For example, ground waves possessing a range of 1000 miles 
over a perfect conductor would travel approximately 900 miles and some 50 
to 100 miles over the sea and dry soil respectively. Higher frequency ( i.e, 
Shorter wavelength ) ground waves become more rapidly attenuated than the 
shorter frequency (i.e. larger wavelength ) ones, For example, the effective 
range of ground waves of 100,000 kc frequency is only a few miles whereas 
that of 100 ke frequency is some hundred miles, ali other conditions remaining 
the same. Due to such attenuation suffered by theground waves and also due to 
the curvature of the earth’s surface (Fig. 26:23], the ground waves are not suitable 
fer long distance communication. The medium wave and long wave transmitt- 
ing centres are received by their ground waves, therange therefore being 
limited over a few hundred miles. 

Long distance communication is made possible by the sky waves. The 
Sky wave consists of those waves which are sent out by the transmitter in an 
upward direction. It is obvious that if they could continue their upward 
journey, they would of course get lost in outer space and hence be completely 
useless for communication on the earth's surface. Fortunately, however, at 
altitudes of about 50 miles over the earth there exist a region in the atmosphere 
Which consists of conducting layers of ions. This region, called ionosphere, 
surrounds the earth like a shell and possesses the property of ‘reflecting’ the 
Sky waves back towards the surface of the earth. The ionosphere is created 
as a result of ionisation of airin the upper stratum of the atmosphere, 
produced mainly by ultra-violet radiation from the sun. There are two fairly 
distinct layers in the ionosphere. The first layer, known as the Kennelly- 
Heaviside layer or the E-layer, lies at the height between 50 and 80 miles. 
The existence of this layer was predicted independently by Kennelly in 
America and Heaviside in England and hence the name. There lies another 
layer at a higher altitude of between 90 and 250 miles called the Appleton 
layer or F-layer. (Fig. 26-231, after Appleton who discovered its existence, 
The effective heights of these layers change with the time of day and the time 
| of year. At night time, the layers rise considerably. 


| y 
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The sky waves are ‘reflected’ from these. layers back towards the earth, 
Actually the process is not like reflection of light froma Mirror but is similar 
to that involved in the formation of mirages. The radio waves on entering 
the ionised layer suffer continuous refraction and thereby undergoes gradual 


TO OUTER SPACE 
/ U.H.F. WAVES 


Fig.2623: Piopagation of radio waves 


bending till it is totally reflected back towards the earth. At the surface of 
the earth, the radio waves are again reflected upwards, In this way, they may 
suffer multiple reflections between ionosphere and the earth’s surface and 
may circle the carth and be received ata far distant. point, thereby enabling 
us to establish long distance communication, All waves of wavelength greater 
than about 400 metre are reflected back by the E layer. Shorter waves, 
however, penetrate through this layer but, of these, those having wavelengths 
greater than about 10 metre are reflected back by the Flayer. Ultra high 
frequency ( U.H.F. ) waves having wavelengths shorter then 10 metre are not 
usually reflected back by any of these layers and are lost in the outer space. 

As the ground waves of short wavelengths are quickly attenuated, short- 
wave radio communication is established by sky waves. Hence short-wave 
radio stations can be received over very long distances, 

Television and frequency modulated signalling instruments operate at the 
U.H F. region. The satisfactory communication in this region can be 
established only by using waves which reach the receiver directly in a straight 
line from the transmitter, Curved nature of the earth's surface limits the range 
to a distance of about 50 miles from the transmitting antenna. T.V. 
programmes can, therefore, be received only over this small region surrounding 
the broadcasting station. To increase the range, relay centres, which receive 
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and rebroadcast the programmes, must be established. Same is the case for 
micro-wave Communication, 

We have said earlier that the effective height of the layers rise considerably 
during night time. This has the effect of reflecting the waves back at a 
different point—further along—so that the night-time range of a transmitter 
is longer than the day-time range. 


@ EXERCISE @ 


[A] Essay type questions. 

1. What are thermionic emission, thermions and thermionic current? Mention the 
sole factor on which number of thermions emitted per unit area of a metal surface per 
unit time depends. What is thermionic work function ? State its unit. 

2. What are diodes and triodes ? How many types of cathode are used in 
thermionic tubes 2 Name them. What is the advantage of using an indirectly heated 
cathode over a directly heated one. 

3. Describe a vacuum tube diode. Draw the diode characteristics (current ys, 
Voltage ) and explain the same. Explain the use of a diode as a rectifier. {H. S.°79] 

4.(a) Draw the circuit diagram for obtaining characteristic curves of a diode. 
What are space charge limited current and saturation current of a diode ?. Explain the 
characteristic curves of a diode. 

(b Explain with the help of diagrams how an alternating current may be rectified 
Using a diode valve. (H. S. '78) (Jt. Entrance '78] 

5. (a) Describe a triode valve and plot its anode characteristics for different grid 
volts. 

(b) Explain how an alternating electrical signal can be amplified with the help of a 
triode valve, [ H. S. '80] 

6. Draw the circuit diagram to obtain the characteristic curves of a triode. What 
àre mutual and anode characteristics ? 

7. Describe the construction of a diode valve and explain how itcan be used 
aS a rectifier. [ H. S.'82] 

8. Describe with diagram the construction of a triode. What is the function of the 
grid? Discuss how a triode is used as a voltage amplifier. [ H. S. '83] 

9. Explain the action of a triode as an amplifier. x 

When a triode is used as an amplifier, it is desirable to use the linear portion of 
the characteristic curve. Explain why this isso. Discuss what happens when other 
Portions of the curve are used. 

10. (a) Name the different parts of a triode valve. 

(b) Give the self-explanatory circuit diagram of a triode valve as an amplifier 
naming the different parts with symbols, ee 
i ll. (i) Draw three triode characteristic curves between the variations of Va and Ja 
9r three anode voltages, ; 

(i) Which vetu of tho above curves are necessary for amplification ? Is the 
&rid bias applied —ve or +ve ? À E EE, 

(c) With the help of (i) and (ii) explain very sbortly how Myriam takes 
place, [ C. U. '79] 
" 12. Explain very briefly the action of a triode valve as oscillator, modulator and 
etector, $ 
n a valve amplify a steady voltage applied between the grid and cathode 


Ca 
Ofa triode? Explain your answer. 
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13. What do you mean by radio-waves ? Discuss briefly the techniques of radio- 
communication. " 

14. Distinguish between ground wave andsky wave. How are they used for the 
propagation of radio waves 1 

à Short wave broadcasts are sometimes not heard close to the transmitter but 

can be heard far from it. Why ? 

15. What do you mean by a transmitter 1 Give the block diagram ofa transmitter 
and explain its working. : 


(Bj Short auswer type questions. 


1. Whatshould be characteristics of the material of the cathode of electronic 
tubes ? 
2. Inadiode valve : 
(a) Why the anode current increases with anode potential ? 
(b) Does the anode current obeys ohm's law ? 
(c) Whatis saturation current and how it is achieved ? 
«d) How can the saturation current be increased ? 
3. What is Child-Langmuir law ? State the condition of applicability of this law 
in a diode valve. 
4. State Richardson's equation relating saturation current with absolute tempera* 
ture of the cathode of a diode valve- Label also the other terms of the equation. 
5. Distinguish between thermionic emission and photoelectric emission. 
6. What are grid bias and cut off grid bias 1 
1. Define mutual conductance, amplifücation factor and plate resistance of a triode. 
Obtain a relation between the three. 
8. Explain the function of grid ina triode valve. The amplification factor ofa 
triode is 20'— Explain what it means. [ Jt. Entrance ‘79 ] 
9. ina triode valve the grid is much more effective then the plate in producing à 
given change in plate current. Justify the statement. 
10. An alternating voltage can be amplified by a triode. Where does the added 
energy in an amplifier come from ? 


(Cj Problems. 


1. Theanode resistance of a triode is 20,000 ohm, and its amplification factor is 30. 
Calculate its mutual conductance. [ Ans. 1°5x10-% mbo | 
2. A triode having an amplification factor of 33 and anode resistance cf 16 k ohm 
is required to amplify a sinusoidal signal of 0'5V to give an output of 125 V. Calculate 
(a) the voltage amplification and (b) the load resistance. [ Aas. (a) 25 (b) 50k ohm) 
3. Ina triode, the plate current is 15 mA when ihe plate potential is 200 volt 
and tbe grid bias is —6 volt. When the plate potential is increased to 260 volt, the 
current rises to 18 mA. A change of grid bias to —8 volt restores the current to its 
original value. Determine the valve constants, 
(Ans, 49 —30; ra 7-20 k ohm; gm=1'5 milli-mho ) 
4. The voltage amplification of a triode is 20 with 50k ohm and 34 with 85 
k ohm load resistance. Determine the valve constants. 


5 (Ans. 1.542; ra=20 k ohm ; gm=21x 10-3 mho ) 


2d ELECTRONIC STRUCTURE 
OF THE ATOM - 
| | 


271. Development of ideas on atomic structure, 


CHAPTER 


The word atom is derived from the Greek word atomos which means indivi- 
sible. We owe this concept of indivisibility of the atom to Dalton. It was» 
developed in the last century but was discarded by the more recent discovery of 
various fundamental particles like electron, proton, neutron etc, which constitute 
the atoms of all elements. 

The first indication of the complex structure of atoms was obtained from a 
study of cathode rays emanating during discharge through a rarefied gas. It was. 
observed that cathode rays consist of negatively charged particles called ‘elec- 
trons’ (vide Art. 24:4). It was soon discovered that metals on being heated also 
give off electrons (vide Art. 26:1). Experimental determination of the charge 
and the mass of an electron were carried out and these values were found to be 
quite independent of the nature of the cathode or of the gases used in the 
experiment or of any other experimental conditions. The same values were also 
obtained for electrons produced by thermionic emission, These proved conclu- 
sively that electrons are present in the atoms of all substances. The long held 
belief of the indivisibility of the atom was thereby shattered. 

An atom, as a whole, is electrically neutral. Thus, if an atom contains 
electrons or negatively charged particles, there must be equal amount of positive 
charges in it to counteract the effect of negative charges. Subsequent discovery of 
positive rays and emission of «-particles from the atoms of radioactive materials 
proved conclusively that an atom contains positively charged particles as well. 
The problem is therefore how these particles are arranged inside the atom. Pi 

Thomson's model: Sir J. J. Thomson put forward a model according to ^ 
which an atom consists of a positively 
charged sphere of about 10-5 cm in 
diameter with the positive charges spread 
out üniformly throughout it, while the 
negatively charged electrons are embedded 
systematically within this positive cloud 
like plums in a pudding [Fig. 27]. 
Thomson worked out this model of 
an atom, called ‘plum-pudding atom’ ` ONE ER 
from Coulomb's law in electrostatics. . c as ened 
There was no evidence ia. support of Fig. 271 : ge s : ol 
a er an er qu e pertormed ouest i, 
On «particle scattering. The results of this experiment were inconsis 


the Thomson’s model, which was subsequently abandoned. 


P4I/ 38 
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Rutherford’s experiment: Rutherford, in 1911, studied the scattering 
of « particles by thin metal foils. As we shall see latter (vide Chapter 30), 
« particles are similar in all respects to 
UAE ( . ) positively charged helium ions (ie. a 
eS k helium atom bereft of the two electrons) ; 
NUCLEUS ved Y they are ejected from radioactive nuclei 
mp E ee with high speeds, and although exceeding- 
DEN Ce) ly small have a much larger mass than 
75: electrons, Rutherford struck a thin metal 
foil with a stream of «-particles and 
noted that they easily pass through the 
foil without making holes in it. He also 
noticed that most of the «-particles 
suffered very slight deflections and a few 
changed their directions quite sharply 
[Fig. 27:2]. In some cases the deflection 
was more than 90* and even a few of 
Fig. 27-2: «-particlescattering them were reflected back, i.e., suffered 
a deflection of nearly 180*. 
Rutherford's model: it wasobvious that during their passage through 
the foil the «-particles have experienced 8 
a strong repulsive force exerted by the de B 
positively charged part of the atoms and 1 e) Og 
hence are deflected from their paths. i 
Rutherford found that it was not possible  ; 
to explain the large angles of scattering i © 7 © \ 
on the basis of Thomson's atomic model. | B ; 
On the contrary, his experimental results CO POSITIVE NUCLEUS ©) 1 
led him to propose an entirely different — / 
pattern of an atom. According to this new t © Q T: 
idea, all positive charges and most of the PEE Aro ECTRON 
atomic mass are concentrated in a very small Zr. 
central region called the nucleus; the elec- 
trons are distributed in some way surrounding this positive nucleus [Fig. 27:3]. 
. When an «-particle, which itself is positively 
charged, penetrates into an atom near its edge, 
it suffers a relatively weak electrostatic repulsive 
force and undergoes a small deflection. The 
repulsive force and hence the amount of deflec- 
tion increases as the «-particle passes closer to 
the nucleus. In the extreme case when the 
«-paiticle goes almost straight towards the 
nucleus, it is repelled back in the direction 
from which it came [Fig. 274]. Calculation 
E shows that in that case, the «-particle should 
reach within 10- cm from the centre of the nucleus, Thus the radius of the 


Fig. 27:3: Rutherford's model 


Fig, 27-4 
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nucleus is not greater than 10- cm. Moreover, evidences from chemistry 
and from kinetic theory of gases show that the diameter of an atom is of the 


order of 10-5 cm. Hence the nucleus has a diameter only about » part of 


the whole atom i.e. almost all the space occupied by an atom is empty. This is 
why in Rutherford's experiment majority of the «-particles went straight through 
the metal foil without being stopped or even appreciably deflected. 

Now in Rutherford’s model, the electrons are assumed to be „distributed in 
the globular region surrounding the nucleus. These electrons can not remain 
stationary in space. Because due to electrostatic force of attraction between the 
positive nucleus and the negative electrons, the latter would be drawn towards 


eti ATIS TES 
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(a) 
Fig. 275: Rutherford's planetary atom model 


the central nucleus. To overcome this difficulty, it was suggested that the elec- 
trons revolve round the nucleus in circular orbits with high speed, so that the 
electrostatic attraction merely provides the necessary centripetal force to the 
electrons. This is Rutherford's planetary atom model and the arrangement 1s 
thus similar to the solar system [Fig. 27:5 (a) and (b)]. 

Defects of Rutherford's model : Rutherford's model had a serious defect. 
According to classical electromagnetic theory, an accelerated charged particle 
must radiate energy in the form of electromagnetic radiation. Since an electron 
revolving in a circular orbit possesses centripetal acceleration, it should therefore 
lose energy continuously. As a consequence, the speed of rotation and hence 
the orbital radius of the electron would gradually diminish. The electron would 
spiral towards the nucleus and would ultimately fall into it when all the rotational 
energy is spent on radiation. Calculation showed that an Re di electron dom 
lose all its energy and fall into the nucleus within 10- sec. An atom of this 
kind, therefore, could not have a permanent existence. This is in direct iin 
diction to the fact that atoms do exist permanently. it was at this stage when 
Niels Bohr attacked the problem of atomic structure from the quantum concept. 


27-2. Introduction to Bohr's atom model. " 
In 1913 Niels Bohr, a student of Rutherford, proposed a bold and unprece- 


dented theory of atomic structure. In contravention of be pe t 
principles of classical mechanics and electr pp ; 


omagnetic theory, 
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principles of Planck and Einstein to Rutherford’s atom model. His model was 
based on the following three postulates concerning the motion of electrons within 
an atom, 


€ Bohr's postulates. 


(1) The electrons can not revolve round the nucleus in all mechanically 
possible orbits but in certain particular orbits which satis Y some definite quantum 
conditions, i.e., the ‘permissible orbits” are those for which the angular momentum 
of the electrontis an integral multiple of h|2z, where h is Plank’s constant. These 
orbits are known as stable, stationary or quantum orbits. This postulate 
contradicts the principles of classical mechanics. 

Let m be the mass of an electron moving with constant angular velocity w in 
a stable orbit of radius r. Then the angular momentum J of the electron is 


J=lw 
where J (—mr?) is the moment of inertia of the electron. 
w=" So J—m?x'-my 
r r 
According to Bohr's first postulate J-mvr-— zs m (27-1) 
3T 


where n is an integer such as 1, 2, 3, etc. called the principal quantum number. 
The value of n is different for different Orbits. It can be shown that electrons in 
different orbits possess different amounts of energy, the energy being greater for 
larger values of n. 

(2) As long as an electron moves along one of the stable orbits, it does not 
radiate energy at all. This postulate is on direct contradiction to classical 
electro-magnetic theory. 

(3) Energy is emitted by an atom when an electron “Jumps” from an orbit of 
higher energy to one at lower energy and absorbed when the electron moves in the 
reverse direction. Since there are only some discrete orbits, this postulate demands 
the energy to be emitted or absorbed in quanta, 

If E, and E, be the energies of the electron in the initial and final orbits 

\ during emission or absorption 
of energy, then the energy of 
the photon emitted or absorbed 
is given by 

ho E, E, e (272) 
where v is the frequency of the 
radiation and A, the Planck's 
constant. 


The concept is illustrated in 
Fig. 27:6. Orbits having values 
of n—1,2,3 etc. are shown. 

Fig. 276: Bohr's concept of clectron “jump” When the electron falls from a 
higher to a lower orbit, it emits a quantum of energy. When the atom absorbs 
& quantum of energy, the electron jumps from a lower to a higher orbit, 


ELECTRONIC STRUCTURE OF THB ATOM ‘597 


@ Frequency of the emitted photon. 


From these postulates, Bohr derived an expression for the frequency of the 
emitted radiation from a hydrogen atom when the electron fails from k-th orbit 
to l-th orbit. The expression is 


2w*me*(1 1 1-4 3 
"2ce a e Aa oe) 
where c is the velocity of light, m and e are the mass and charge of an electron 


22?me^ . 
and R[— CMT is a constant known as Rydberg constant. 


It is obvious that k and / represent the principe! quantum numbers of the 
initial and the final orbits respectively. Here / can be any integer but k must be 
any integer greater than /. 

Since, c—», we get from eqn. (27:3) 


1 ESSI 

pe cy n ARR: 274 

À R(j al CRD 
_where Ais the wavelength of the emitted light. 


@ Success of the Bohr’s Theory. 

(A) Explanation of the spectra of hydrogen. 

(i) The Balmer series : The line spectrum of hydrogen in the visible region 
was studied by Balmer and in 1885, he became successful ir obtaining an 
empirical relation which expressed the wavelengths of these lines in agreement 
with the experimentally determined values. Since then, these lines are called the 
Balmer serics of hydrogen. The relation is 

1 Lega 

x7 Rs je 
k being an integer greater than 2. Comparing with equ. (27-4), we sce that 
Bohr's theory was successful in deducing the above relation. Putting 1—2in 
eqn. (27-4), the two equations become identical. Hence from Bobr's theory, we 
can say that the Balmer series is obtained when the electron jumps from the 
higher orbits corresponding to n=3, 4, 5, 6 etc. to the lower orbit having n—2 
[Fig. 27:7]. ! 

Agreement of the value of R: The theoretical value of R as obtained from 
the standard values of e, m, h and c is 10973732 cm-!. This agrees closely with 
the experimental value of 109677-76 cm~ obtained from the analysis of hydrogen 
spectrum. This is quite remarkable, since the values of the four constants e, m, 
h and c are obtained from various measurements which are completely indepen- 
dent of the spectrum of hydrogen. i 

Other series: The Balmer series lies in the vi 
to that other series of lines in the hydrogen spectrum 5 
and these are named according to their discoverers. These are : 

(ii) Lyman series : 

LR where k—2, 3, 4 ..- 
A Wu pg 
This liss in the extreme ultra-violet region of the spectrum. 


sible region. In addition 
had also been discovered 
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(ii) Paschen series : 


iR where k=4, 5, 6 ... 
(iv) Brackett series : 
i51) where k=5, 6, 7 ... 
À e k et 
(v) Pfund series : 
ie where k=6, 7, 8 ... 


These last three series lie in the infra-red region of the spectrum. 

The explanation of these series of lines in the hydrogen spectrum can easily 
be given from Bohr's theory. When the electron jumps from any one of the 
outer orbits corresponding to n=2, 3, 4 etc. to the innermost orbit having n=1, 
it gives rise to a spectral liae belonging to the Lyman series. The spectral lines 
in the Paschen series arise when the electron falls from the orbits having n=4, 
5, 6 ... etc. to the third Bohr orbit (n—3). Similarly the other two series can be 
explained. These are illustrated in Fig. 27:7. 


m 


rackett 
series 


Fig. 277: Bohr's circular orbits of hydrogen atom showing the 
origin of hydrogen spectra 


(B) Absorption of spectral lines. 


In the discussion on line absorption spectra [see Chapter 7], we have seen 
that a gas absorbs those wavelengths which are emitted by itself, Explanation 
of this follows easily from Bohr’s theory. As the electron can remain only in 
stationary orbits having particular energy values, the differences in energy among 
these orbits are the same irrespective of whether the electron emits radiation or 
absorbs it. The electron can not absorb such amount of energy which would 
bring it to an energy in between the permitted orbits, Hence the frequencies of 
the absorbed photons must exactly equal the frequencies of the photons that 
the atom radiates, 

@ Limitations of the Bohr theory, 


Despite its success in explaining the main features of 
the hydrogen spectrum, 
the Bohr model of the atom failed to explain the finer fate of FA said 
spectrum. The theory was modified by introducing orbits of elliptic shape, 
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motion of the nucleus etc. and yet failed to explain all the features of the 
hydrogen spectrum. Moreover, the theory failed completely for atoms with 
more than a single electron, e.g. the helium atom. 


27:3. Deduction of the frequency of the emitted photon, 

Let e and m be respectively the charge and mass of the electron. If r be the 
radius of a stable orbit and v be the velocity of the electron revolving in that 
orbit, then the centripetal force acting on the electron is mv*/r. This centripetal 
force is supplied by the electrostatic force of attraction on the electron exerted 
by the nucleus having charge Ze, Z being the atomic number of the substance 
concerned. Hence we have 


2 2 2 
m a or, wi Z6 (27:5) 
r r mr 
Again from the first postulate of Bohr (eqn. 27-1) we have 
nh 
MA CDS 2T: 
í 2zmr Pie) 
Combining eqns. (27:5) and (27:6), we get 
Ze. nh nh? 
foe ee ee SC ME hte ge 277 
mr 4x??? oD VS gamze ay 


Eqn. (27:7) shows that the radius of a stable orbit is directly proportional to 
the square of its corresponding principal quantum number. 

For hydrogen, Z=1. Putting the standard values of h=6-625 x 10-* erg- 
sec, m—9:11x 1078 gm and e—4:8 x 10-1? e.s.u., we get the radius of the first 
orbit (n —1) of an hydrogen atom vds. 

n- EM 210 00016 NIU a 
nme  Ax(Vidjx9 11x 10725 x (48x 10719) 

Larger orbits having n=2, 3, 4, --- etc. are also possible. However, for 
normal smallest value ry, the diameter of a hydrogen atom is about 107* cm. 
This value is in close agreement with the experimentally obtained dimension of 
hydrogen atom from the kinetic theory of gases. 

The total energy of an electron in the stable orbit consists of two parts— 
kinetic and potential. | 


2 
The kinetic energy E =4m = [from. eqn. 27:5] 


2 
and the potential energy E=- 


The total energy, E, is therefore 
ze ze. Ze 
E-ECRE,.—X r E 
Substituting the value of r from ean. (27:7), we get : 
1 2n%mZ?e! zr in (27:8) 
pius s ; i 
i i ive and is inversely proportional to the square 
Since the total energy is negative ier for: get vies of 


of the principal quantum number, the energy will be great : AFER 
n approaching a maximum value of zero for very large orbital radius. This implies 


A ergy. In 
that an electron in the innermost orbit (n=1) possesses hele SPEE 
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that case, the atom is said to be in the normal state. When the electron lies in 
an Cu ?r orbit (n—2, 3, 4 ...), the atom is said to be excited. Obviously, the 
electrun can go to a higher energy orbit only by absorbing energy. This may 
come from collisions when the gas is heated to a high temperature. This occurs 
also when an electric spark is sent through the gas or when the gas absorbs 
radiation of same frequencies that it is able to emit. 

Let us now consider, as an example, that an electron jumps from ;—k orbit 
to n=1 orbit, when k>/. Then according to Bohr's third postulate, the fre- 
quency v of the emitted radiation is given by 

2z?Z*me* | 1 I 
Uri ir Mem (a 
. 22?Z?me* |1 1 
UN (a-g) 

For hydrogen atom, Z=1 ; hence the frequency of the emitted radiation due 

to transition of an electron from kth orbit to /th orbit is 
2 4 n 
en (a z) =R 7) 


wae AR B) OR pe 


where c is the velocity of light and R(= 


or, (27:9) 


(27-10) 


2z?me* 


ch? 


) is a constant known as 
Rydberg constant. 


Example 27-1. What is the radius of the third permissible orbit of the elec- 
.tron in a hydrogen atom? Also calculate the velocity of the electron is the orbit. 
Given, PlancK's constant=6°63 x 10-27 erg-sec, electronic mass--9:11 x 10-?* gm, 
electronic charge—4:8 x 10719 e.s.u. 
Solution: From eqn. (27-7), putting Z—1 for hydrogen we get, 
ize zia 
ame? 
For the third orbit, n—3 
E 3? x (6563 x 10-27? ES 
* 4x14) x911x 10758; (8x10712 7 
Also from eqn. (27:6), putting n=3, 
3 x 6:63 x 10-27 Es 
7 IXSSHXS TEX 10-4 TTX 1076 7 7 23 X 10" cm/sec. 


r 


4°77 x 10-8 cm. 


Example 272 4 singly ionised helium atom has only one orbital electron. 
(a) What is the radius of the smallest possible orbit for the electron? What is 
the total energy of the electron in its second permitted orbit ? Use the numerical 
data given in the previous example. 

Solution: (a) For helium Z—2, Also for smallest orbit n—1. 

From eqn. (27:7), 
BON ENIRO (6:63 x 107?7)2 
| ArZmé 4x (3-142 xX2x 911 x 10-8 x (4:8 x 10-19) 
(b) From eqn. (27:8), putting n—2 and Z =2, we get 
E y [sone X 2? x (4:8 x 107194 x 9-11 x 10-28 
, 22 (6° 3x 10-?7)2 


—0:27 x 10-8 cm. 


n 


|= —2:18 x 10-" erg. 
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Example 27:3. What is the wavelength of the photon emitted when the 
hydrogen electron jumps from n=3 to n—2? Ts this a photon of visibie light ? 
Solution: From eqan. (27:10), we have the frequency of the emitted photon 
2x (3:14? x911x 1079 «(48x10 951 DE a 
yes (S63 IU [73] —4:57 x 10" Hz, 
Wavelength of the emitted photon 
ez 39199 
v 457x10U'4 
Hence, the photon is of visible light. 
27:4. Shell structure of atom. 


It appears from the Bohr’s theory that the extra nuclear electrons for heavier 
atoms exist in definite orbits of restricted 
energies. Accordingly, all the rotating 
electrons aré not at the same distance 
from the nucleus and not in the same 
orbit But a definite number of electrons 
are grouped into orbits or shells as they 
are commonly called. These shells are 
counted by the number 1, 2,3 etc. from 
one which is nearest to the nucleus. They 
are also denoted by the letters K, L, M, N 
etc., the K shell having the smallest radius ? 
and hence the lowest energy [Fig. 27:8]. Fig. 278: Atomic shells 

In case of lighter elements, like hydrogen and helium, there exists a single 
shell in each of them. The number of electron in hydrogen is 1 and that in 


1+ K 
n=1 ; 
HYDROGEN HELIUM 


NEON SODIUM 
ig. 27 i ifferent atoms 
Fig. 27-9: Electronic structure of di Me 
helium is 2. However, for other elements, the number of the shells is higher 


602 ELEMENTS OF HIGHER SECONDARY PHYSICS 


than unity. This is so because a shell can not contain an indefinite number of 
electrons but the electrons permitted in each of these shells are limited in 
number. It can be shown that the maximum number of permitted electrons in 
n-th shell is 2n?. à 

Evidently, the maximum number of electrons in the first K shell is 2, in the 
second L shell is 2x 2? —8, in the third M shell is 2x 3?—18 and so on. 

In practice, a particular shell may or may not be filled up by its maximum 
permitted electrons. The distribution of electrons in the different shells may be 
explained as follows. Hydrogen, the lightest element, has a single electron out- 
side the nucleus. Since this is the only electron in the atom, it occupies the K 
shell. Helium has two electrons, both of which are in the K-shell All the 
other elements have 2 electrons in the K-shell. which is the maximum permitted 
number in this shell. In atoms of elements whose number of electrons lie 
between 3 and 10 inclusive, two electrons occupy the K-shell and the remaining 
fill in the L-shell. Sodium has altogether 11 electrons. outside the nucleus ; of 
them 10 is utilized in filling up the K and L shells and the last electron occupies 
the M-shell [Fig. 27:9]. 

Due to the lowering of the Coulombian attraction of the nucleus with 
increasing distance, electrons from the outermost shell can leave the atom most 
easily ; or one or more electrons can easily be accepted into this shell if it is not 
filled up previously. Hence, the number of electrons in this outermost shell 
determines the chemical activity of an atom. These are called the valence 
electrons. When any outermost shell of the atom of an element contains 
the maximum permitted number of electrons viz., 2 for the K-shell, 8 for the 
L-sheli and so on, the chemical activity of that element becomes most restricted. 
Such is the case, for example, with helium, neon, etc. Helium has 2 electrons in 
the outermost K-shell, neon 8 electrons in the outermost L-shell etc, These are 
called the noble elements and are placed in the zero group of the periodic table. 

The substances which follow the inert gases in the periodic table have one 
electron in excess and this extra electron is in the next higher shell. Thesé 
atoms always try to get rid of this extra electron and attain thereby the structure 
of inert gases. These substances are, therefore, electropositive in character and 
their valency is one. Li, Na, K etc. are examples of this class, On the other 
hand, those elements which precede the inert gases in the periodic table have 
one electron less than what is necessary to satisfy the outermost shell. In these 
cases also the valency is unity, These substances are electronegative in character. 
F, Cl, Br, etc. belong to this class. A stable compound is formed when 
one substance of the former class combines with one of the latter, For example, 
sodium and chlorine have in the outermost shell 1 and 7 electrons respectively, 
so that it is easier for the sodium to give up this single electron and for the 
chlorine to accept it when both of their outermost shells become complete and 
a stable compound is formed. It is seen that potassium, like sodium has one 

electron in its outermost shell and, its chemical Properties are similar to that 
of sodium, 
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e EXERCISE e 
[A] Essay type questions, 
1. Discuss how the concept of the iudivisibility of atom was discarded. Describe Thomson's 
model of an atom. 
2. How did Rutherford arrive at his atomic model? What was the defects of the model ? 
Indicate how quantum concept modified Rutherford's concept. 


3. Describe the Bohr-Rutherford model of ths structure of an atom. State Bohr’s postulates. 


How is the origin of spectral lines explained by Bohr’s theory ? LH. S. 79, *01, '83) 
4. Obtain an expression for the energy of an electron in a stable orbit following Bobr’s 
theory. / 


Mention the limitations of Bohr's model, 

5. What is meant by K, L, N, M,N, etc. shells? Describe with the help of a suitable 
diagram the electronic structure of an oxygen atom according to Bobr model. 

Explain how the chemical activity of an element can be explained from the electronic 
structure of the atom. 

6. Describe with the help of a suitable diagram the electronic structure of a carbon atom 
according to Bohr model. (Jt. Entrante '78] 

7. Write a short account of the shell structure of atom, 


[B] Short answer type questions, 


|. What do you mean by (a) stationary orbit (b) principal quantum number p 
2. Explain why the spectrum of hydrogen has many lines although a hydrogen atom has 
only one electron. 
3. Select the correct alternative(s)— n d 
In the Bohr model of hydrogen atom 
[A] the radius of the nth orbit is proportional to n°, 
[B] the total energy of the electron in the nth orbit is inversely proportional to n. 
[C] the angular momentum of the electron in an orbit is an iategral multiple of hj21. 
[D] the magnitude of the potential energy of the electron in any orbit is greater than its 


kinetic energy. (4. 1. T. *64) 
4. 'The radius of the first Bohr orbit of helium atom is less than that of hydrogen atom. 
Why? 


5. Prove that an electron in the innermost Bohr orbit (n=1) possesses the least energy. 

6. The energy of an orbital electron of an atom increases with its distance from the nucleus. 
But the maximum value of this energy is zero. Justify the statement. 

7. According to Bobr, the electrons of an atom cannot revolve round the nucleus ia all 
mechanically possible orbits but in certain particular orbits. Explain. 

8. Bohr postulated that, as long as an electron moves along one o° the stable orbits, it does 
not radiate energy atall. This postulate is on direct contradiction to classical electromagneuc 
theory. Point out the contradiction. 


[C] Simpie Problems. 


1. The energy of the electron of an hydrogen atom in first Bohr orbit is —13:6 eV. 
Calculate its energy in second and third orbit. [Ans. —3'4 eV; —151 eV] 
2. The radius of the first Bohr orbit of hydrogen atom is 0:53 A. What are the radii of its 
second and third orbit ? [Ans. 2°12 A; 477A) 
3. Calculate the radius of the first orbit of the electron in the hydrogen atom from the 
following data : 
h=6'6 x 10797 ergesec 
m==9'1 x 10728 gm 


e 48 x 10719 esu, [Ans 0:527 A] 


604 ELEMENTS OF HIGHER SECONDARY PH™/SICS 


4. Show that the velocity of the electron in first Bohr orbit of hydrogen atom is about vie 
times the velocity of light. Given that e=4:8x 1071? e, s. u, and 4—6:6x 16-7 erg-sec, 
5. Find the radius of the 2nd Bohr orbit of the hydrogen atom and also calculate the total 


energy of the electron in that orbit. [Ans 2: GBA 3 —3°417eV) 
6. Determine the wavelength of the first line of the Balmer series, given h=6°625 x 10727 
erg-sec ; c=3 X 101? cm/sec ; e—4803 x 1071? e,s.u. ; m—9-107 x 16-25 gm. [4ns. 6572 À] 


[D] Harder Problems. 


l. Asingle electron orbits around a Stationary nuc'eus of charge +Ze, where Z is a constant 
and e is the magnitude of the electronic charge. It requires 47:2eV to excite the electron from 
the second Bohr orbit to the third Bohr orbit. 

Find 

(i The value of Z 
(ii) The energy required to excite the electron from the third to the fourth Bobr orbit. 

(iii) The wavelength of the electromagnetic radiation required to remove the electron from 
the first Bohr orbit. 

(iv) The kinetic energy, potential energy and the angular momentum of the electron in the 
first Bohr orbit. 
(v) The radius of the first Bohr orbit. 

[ he ionization energy of hydrogen atom—13:6 eV, Bohr radius-5:3 x 1071 m, velocity o 
light=3 x 10° m/sec, Planck's constant=6'6 x 10-4 joule-sec.] (I. I. T. 781) 

[4ns. (i) 5, (ii) 16:539eV, (iii) 36-44, (v) 340eV, --680eV, 1:05 x 10-34 joule-sec. 
(v) 1:06 x 10-44] 

(Hints: Ionization energy of hydrogen atom=magnitude of the energy of the electron in 
first orbit] 

2. Hydrogen atom in its ground state is excited by means of monochromatic radiation of 
wavelength 975A. How many different lines are Possible in the resulting spectrum? Calculate 
the longest wavelength amongst them. You may assume the ionization energy for hydrogen 
atom as 13°6eV, (4.1. T.'82) (Ans. Six; 18203°6 A] 

3. The ionization energy of a hydrogen like Bohr atom is 4 rydbergs. (i) What is the 
wavelength of the radiation emitted when the electron jumps from the first excited state to the 
ground state? (ii) What is the radius of the first orbit for this atom? (l rydberg=2:2 x 1078 
joule ; Bohr's radius of hydrogen atom=5 x 107m) — (1.1 T.'64) [Ans, 300A ; 2-5x 10711m] 

[Hints: Ionization erergy of hydrogen atom=1 rydberg] 


28 STRUCTURE OF NUCLEUS: 
CHAPTER | ISOTOPES 


28:1, Positive rays. 

While experimenting on electric, discharge through gases at very low pressure 
(about a fraction of a mm of Hg)! Goldstein, in 1886, noticed that if the 
cathode is perforated, then behind the cathode, luminous rays emerge from the 
holes in it, Obviously, these rays proceed; down the discharge tube from anode 
io cathode i.e., in a direction opposite to 


the cathode rays (Fig, 28-1). Goidstein ANODE CATHODE *——3 

called these rays canal rays as they PON MIS — > MS 

emerge from the holes or. canals in the pma 
Ro 


cathode. Later it was shown that these gien 

rays could be deflected by the electric ; 

and the magnetic fields. From the Fig. 28-1: Positive rays 
direction of the deflection it was concluded that these rays consist of positively 
charged particles. Hence these rays were also called positive rays. This 
terminology is generally accepted. 

Origin of the positive rays can be easily explained on the basis of ionisation 
of gases. A smal! amount of gas is left within the tube. When the swiftly 
Moving cathode rays (electrons) collide with the gas atoms, electrons are 
knocked out of the atoms and the gas becomes ionised. The resulting positive 
tons move towards the cathode and some of them pass through its holes. Thus 
Positive rays are, in fact, atoms of the gas inside the discharge tube which have 
lost one or more electrons and are thereby positively charged. Sir J.J. Thomson 
Proved this and many other facts about the positive rays after analysing them in 
parallel electric and magnetic fields as described in the next article. 

28:2. Thomson's method for analysis of positive rays. 
In 1913, J. J. Thomson investigated the ratio of the charge (e) to the mass 
EH . (m) of positive ray particles. Fig. 28:2 
A PARABOLAS shows the essential features of the method. 
Parallel eiectric and magnetic fields E and 
abe H are applied between the plates 4 and B 
Af. / at right angles to a narrow beam of 
Losmive positive rays. A photographic plate 
S is held with its plane perpendicular to 
the direction of the beam, On entering 
S the electric and magnetic fields, a positive 
ray particle experiences the electric and 
magnetic forces which are mutually at 
Fig..28-2: “Thomson's method right angles and undergoes deflection— 
the actual amount of deflection depending on the charge, mass and velocity 

of the particle. 


RAYS === -- E 
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Now in the beam of positive rays, individual particles travel with different 
velocities. This occurs because the production of the particles by ionisation 
can take place anywhere in the electric field between cathode and anode. So 
different ions are accelerated towards the cathode through different distances 
and hence their velocities vary widely. It was proved by Thomson that the 
particles of different velocities but having the same e/m values should all lie on 
a parabola. Actually on the photographic plate, the ions left traces in the 
shape of parabolas. 


Thus ifthe charge e be constant, the particles of positive rays distribute 
themselves in different parabolas according to their mass m. The mass of the 
ions can be obtained quite accurately from the geometry of the parabola. 


Thomson’s apparatus provides a method of sorting out a group of ions 
according to their individual masses. This is analogous to the separation of the 
constituents having different wavelengths from a polychromatic light by spec- 
troscopes. Hence such a device is called a mass spectrograph and the parabolas 
obtained are called mass spectrum. Atomic masses of different elements can be 
measured by the apparatus. 


Thomson has shown that masses of the positive ray particles are the same 
as those of the atoms of the gas, from which they were derived. However, their 
charges were not always the same. Difference in charges can, however, be 
explained from the fact that sometimes more than one electron might be 
stripped away from some of the atoms during ionisation. 


Experimenting on positive rays produced in hydrogen discharge tube, 
Thomson proved conclusively that such positive ray particles always gave the 
same value for e/m and always carried a positive charge of the same magnitude 
as that of an electron. Hence he concluded that the lightest atom, hydrogen, 
consists of a nucleus having single positive charge and one orbital electron. 
This single charged hydrogen nucleus is called a proton. 


28:3 . Isotopes, 


While investigating the positive rays obtained from neon gas Thomson 
obtained a surprising result, The chemical value of the atomic weight of neon 
is known to be 202. Instead of obtaining one parabola, corresponding to this 
value, Thomson obtained twc parabolas, the stronger one corresponding to a 
mass of 20 and the fainter one to a mass of 22. From the ratio of the intensi- 
ties of the parabolic traces, the relative proportion of the two types of ions was 
found to be 9 : 1, the lighter one being more numerous. 


The above result provided the first experimenta] evidence oftwo kinds of 
neon atoms differing in mass but possessing identical chemical properties (their 
presence can not be detected by chemical experiments), Moreover, the mass 
values are almost exactly integral numbers. So we can say that ordinary neon 
is actually a mixture of two kinds of neon atoms and the chemical weight is 
simply theaverage weight of this mixture, This can be confirmed from the 
above data. 
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The average weight of the inire n 20 20 


— 20:2 —chemical weight of neon, 

We say that neon has two isotopes of masses 20 and 22. The name refers to 
the fact that these two types of neon occupy the same position in the periodic 
table (iso—same, topas— position ; Greek). 

We can thus define that atoms having the same chemical properties but diffe- 
rent masses are called isotopes. We shall see later that isotopes ofan element 
possess the same number of protons but different number of neutrons in the 
nucleus. Thus the isotopes have also the same number of orbital electrons. 
As the chemical property of an element is determined by the number of 
electrons in the outermost orbit, the isotopes of an element must have identical 
chemical properties, 

Experimental results have shown that almost all the elements are mixtures of 
isotopes. The atomic mass of hydrogen is 1:00813. It is found to be a mixture 
of ordinary hydrogen of mass | and an isotope of mass 2, called deuterium 
(‘heavy hydrogen’). Another isotope of mass 3 has also been discovered. It 
has been named tritium. Oxygen has a small percentage of isotopes of masses 
17 and 18 in addition to those of mass 16. Chlorine whose atomic weight as 
determined by chemical methods was known to be 35-47 is found to be a mixture 
of two isotopes of masses 35 and 37. Cadmium contains eight isotopes while 
mercury seven. Tin has the largest number of ten isotopes. Upto the present 
time about 300 stable and over a 1000 unstable (radioactive) isotopes have been 
discovered. 


28:4. The nucleus of the atom and its structure. 


The Rutherford-Bohr model of an atom visualised the concept of a central 
positive core around which the electrons rotate in definite quantized orbits. 
This central positive core at which almost all the mass of the atom is concen- 
trated is termed the nucleus of the atom. The electrical neutrality of an atom 
Tequires. that the total positive charge on the nucleus must be equal to the 
total negative charge of the orbiting electrons. If the number of rotating 
electrons in an atom be Z (the atomic number), and e be the: electronic charge, 
then the charge of the nucleus must be +Ze. The said model threw no 
more light about the nucleus of an atom. 

The simplest element, hydrogen, possesses only one rotating electron. The 
charge on its nucleus is therefore the same as the electronic charge(4:8 x 1072 
e.s.u.), but is positive. The hydrogen nucleus was identified as a single particle, 
called the proton, having a mass of 1:673 x 107?! gm. This is about 1836 times 
héavier than an electron. 

The early speculations about the structure of the nuclei of other atoms con-. 
sidered them to be made up of protons and electrons. As the mass of an 
electron is negligible, the nucleus of an atom of mass A units was supposed to 
contain A protons. If the atomic number of the atom is Z, then the 
charge on the nucleus is only +Ze, Hence it was assumed that the nucleus 
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contains (A—Z) electrons so that they neutralised the same number of protons 
within the nucleus. For example, the nucleus of a carbon atom of mass 12 
units and atomic number 6 was supposed, according to this theory, to contain 12 
protons and 6 electrons. The nucleus of an oxygen atom for which A—16 and 
Z=8, consists of 16 protons and 8 electrons ete. But wə know that the dimen- 
sion of the nucleus is very smallin comparison with that of an atom. Serious 
objections were raised from the quantum theory against the existence of electrons 
within so small a volume as that of a nucleus. Moreover, it was argued that 
two oppositely charged particles can not retain their separate identities in such 
intimate contact. This proton-electron theory of a nuclevs was abandoned with 
the discovery, in 1932, ofa particle called neutron by Chadwick. The mass of 
the neutron is almost equal to that of the proton (1:675x 10-4 gm) and it is 
electrically neutral i.e., it carries no charge. 

As long as twelve years ago before the discovery of neutron, Rutherford had 
suggested that a proton and an electron get combined inside the nucleus to form 
a neutral particle. He gave the name ‘neutron’ for such a particle. The dis- 
covery of Chadwick confirmed its existence. But the modern idea holds the 
concept of neutron as a combination of a proton and an electron as erroneous, 


PROTON ©—> ELECTRON O —> NEUTRON 


V amo ORASE 2d X 
+ i y 
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Fig. 28:3: Structure of different nvcle: 


On the contrary, the neutron is taken to be as a fundamental particle, stan- 
ding out with equal footing as the proton and the electron. Actually the proton 
and the neutron are pictured as two different charge states of the same particle 
which is called a nucleon. 
The proton-neutron theory of the atomic nuclei is now accepted universally. 
According to it, all atomic nuclei are made up of protons and neutrons. The 
nucleus of an atom of mass A units and atomic number Z contains Z protons, 
which agrees with the fact that the atom as a whole is electrically neutral. The 
rest of the required mass is made up by assuming that in addition to these 
protons, the nucleus contains (A—Z) neutrons, For the two examples cited 
before, the nucleus of the carbon atom contains 6 protons and (12—6)- 6 
neutrons while that of oxygen contains 8 protons and (16--8)—8 neutrons, For 
a sodium atom, A=23 and Z=11 ; the nucleus contains 11 protons and (23—11) 
==12 neutrons etc. Fig. 28:3 shows the structure of the nuclei of a deuterium 
atom (A—2, Z=1), helium atom (A—4, Z—2) and lithium atom (A—7, Z=3) 
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respectively, If we denote the number of neutrons in a nucleus by N, then it is 
found that for all nuclei N>Z (with the exception of hydrogen nucleus having 
no neutron and an isotope of helium having A—3 and Z=2), 

The dimension of the nucleus is very small, of the order of 10-12 cm, com- 
pared to that of an atom (10-8 cm). The volume of the nucleus is found to be 
proportional to the number of nucleons (i.e., protons and neutrons) it consists 
of. The density of matter is constant for all nuclei. It is of the order of 
104 gm/cc which is very high. One cc of such matter would have a mass of 
100 million metric tons ! 

The question that naturally arises is what forces hold the particles of 
the nucleus together? These forces cannot be of electric nature because 
the electric forces among the protons are repulsive and the neutrons being 
electrically neutral are not susceptible to such type of forces. The 
electrostatic repulsive forces among the protons tend to make the nucleus 
unstable. Evidence of this is provided by «-emission and fission. The forces 
which hold the nucleus together must be attractive in nature and be sufficiently 
strong to overcome the repulsive Coulomb forces. They could not also be 
gravitational in nature for the value is too smallto overcome the electrostatic 
forces of repulsion among the protons. Accordingly it was conceived that the 
forces of attraction which bind the particles of the nucleus together must be a 
distinct type of force, called the nuclear force. A complete understanding 
about the nature of nuclear forces has not yet been reached, but we shali men- 
tion here some of the facts known about them. ; 

(i) Nuclear forces are forces of attraction and are very strong in nature. 

(ii) Nuclear forces act over a very short range. The force between two 
nucleons becomes negligible if their distance exceeds the value of about 
1-5x10- cm. This range is comparable in order of magnitude with the size 
of the nucleons. 

(iii) The nuclear forces acting between two protons, or two neutrons, ora 
proton and a neutron are of the same nature. It follows that nuclear forces are 
non-electrical in nature. 

(iv) Each nucleon is bound by these forces notto every other nucleon 
present in the nucleus, but only to its immediate neighbours. 

As the exact nature of the nuclear forces is not known, nuclear models are 
constructed for investigation and theoretical prediction of its properties. Such 
models are based on the analogy between the properties of nuclei and those of a 
liquid drop or the electron shell of an atom etc. The corresponding models are 
called the liquid drop model and the shell model respectively. In the liquid drop 
model, the nuclear forces are assumed to be analogous to the cohesive forces 
acting between the molecules of any ordinary liquid. The shell model of the 
nucleus assumes that the energy levels of the nucleons within the nucleus is 
similar to that of an electron shell in an atom. Both the models can explain 
only partly the various features observed for the nuclei, A synthesis id cs 
liquid drop and shell medels has been made and is known as the collective model 


of the nucleus. 
P-II/29 
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28:5. Mass number and atomic number. 


The atoms of an element being so tiny, their actual mass expressed in grams 
is very small, Hence for convenience, the atomic masses are expressed in com- 
parison with the mass of the atoms of some element taken as standard. Oxygen 
atom was arbitrarily chosen as the standard by which all atomic masses were 
measured, It was thought that all oxygen atoms have the same mass of 16. 
With the discovery of two more rare isotopes of oxygen having masses 17 and 
18, the concept got a serious blow. Natural oxygen is thus a mixture of three 
isotopes Chemists, however, went on using 4th of the weight of this mixture 
as unit atomic weight. In physics, the concept was slightly modified. The most 
abundant isotope of oxygen was taken as the standard and the mass of the 
corresponding atom was ascribed the value of exactly 16. „4th of this mass was 
taken as unit atomic mass. 

In 1960, the standard was changed and an atomic mass scale based upon the 
carbon-12 isotope as having a mass of exactly 12 was adopted. One atomic 
mass unit ‘a. m. u.) is now defined to be 4 of the mass of the carbon-12 isotope. 
The new scale differs slightly from the older O— 16 scale. 

The masses of the most abundant isotopes of some common elements expres- 
sed in this new scale is given here : Hydrogen —1:0078, Helium — 4:0026, Oxygen 
—15:9949, Sodium — 22-9897 etc. 

The mass number of an atom is defined to be the whole number nearest to 
the actual mass of the isotope expressed in a. m.u. So the mass number of the 
isotopes of the elements referred before is Hydrogen—1, Helium—4, Oxygen 

-16, Sodium—23 etc. Usually thc mass number of an atom is expressed by 
the symbol A. 

From the concept ofthe structure of the nuclei, it follows that the mass 
number of an atom equals the number of nucleons (i.e. protons and neutrons) in 
its nucleus, Thus the nucleus of hydrogen (A—1) contains only 1 proton and 
no neutron, that of helium (A—4) contains 2 protons and 2 neutrons, the 
sodium nucleus (A—23) contains 11 protons and 13 neutrons and so on, Hence 

Mass number (A) — Number of nucleons in the nucleus 


=No. of protons-- No, of neutrons in the nucleus. 


Ihe atomic number of an atom is defined to be the number of extra nuclear 
rojatinz ccectrons. It is usually denoted by the symbol Z. As the atom is elec- 
trically neutral, its nucleus also contains Z protons. Hence the atomic number 
is the same as the number of protons in the nucleus of the atom. 

If the mass number A and the atomic nuraber Z of an atom is known, then 
the number of neutrons in its nucleus is given by N=(A—Z) because the 
masses of the electrons present are quite negligible, 

in order to identify an atomic nuclei, a standard notation has been adopted. 
The atomic number Z is written asa subscript at the left of the chemical symbol, 
say X, of the atom and the mass number A asa superscript at the right ie., 
,N^. For example. ,H!, ,0!^, ,,Na® etc, This notation brings out clearly 
the number of protons and neutrons in the nucleus and that of rotating 
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electrons. Thus ,,Na*® shows that the sodium atom has 11 extra-nuclear 


electrons, 11 protons and 23—11—12 neutrons, 


A knowledge of atomic number of an atom tells us how many electrons 
there are in the outermost orbit. And from this we know the valency of the 
substance ; we also know whether the substance is electro-positive or ele tro- 
negative; many other physical and chemical properties can also be deduced 
from these. 


Atomic number of a substance is more fundamental than its atomic weight. 
The latter simply gives us the weight of the substance relative to that of carbon- 
12 ; it does not give us any other information about the substance. The periodic 
table of elements, as prepared by Mendeleev, arranged the elements in order of 
increasing atomic weight. But the discovery of isotopes made this basis quite 
useless because in that case isotopes of the same element have to be put at the 
same time in different places in the table. This would make the table quite 
meaningless. Itshowed clearly that the atomic number and not the atomic 
weight is really the important property. The periodic table is, therefore, cons- 
tructed on the basis of increasing atomic number. From one element to the 
next in the table, the atomic number increases by unity. 

Hence the number ascribed to an element indicating its position in the periodic 
table equals the atomic number of the element. Thus the atomic number of 
sodium is 11 and it occupies the eleventh position in the periodic table, 

It is quitc evident now that the identity ofan elementis determined by its 
atomic number. To be more specific, the number of protons in the nucleus deter- 
mines the nature of the element. If the number of protons is changed, the atom 
changes into another chemical type. It should be remembered that the removal 
of any extra-nuclear electron does not create any new type of atom, A positive 
ion of the parent atom results. When the ion captures an electron, it reverts 
to the normal atom. 

The meaning of the statement that isotopes of an element posses the same 
number of protons is now clear. Their different masses are explained by the 
presence of different number of neutrons in the nucieus, Thus the isotopes of 
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Fig. 28:4: Isotopes of hydrogen 


e20 and ,,No?, those of hydrogen by ,H!, ,H? and 


neon are represented as N 
,0% etc. Fig. 284 shows the structure of 


;H?, of oxygen by ,O!*, ,O'* and 
three isotopes of hydrogen. 
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28:6. Fundamental constituents of atom and their properties. 
From the preceding discussions, it is evident that an atom is made up of the 


three fundamental particles, viz. electron, proton and neutron. 


are given below in a tabular form. 


Property 


]. Location 
within atom | 


Negatively charg- 


2. Charge | 
3. Mass 

4. Effect in 
an electric field 
5. Effect ina. 


magnetic field 


6. fonising 
power 


Can ionise a gas 


i Effect on 
photographic 
plate 


8. Penetrating 
power 


'9, Stability 


(Ro ae me a cen enna 


Affects a photo- 


Stable | 


Electron 1 
Rotates in 
stable orbits 


round the nucleus 


ed, 
is 
e.s.u 


Its charge 
4:803 x 10719 


Its mass is 9:1095 
x 10-28 gm 


| Gets deflected in | 


the Opposite 
direction of the 
tield 


Gets deflected 


graphic plate 


Can penetrate | 
through thin me. 
tal sheets 


i 


Proton 


Within the nucleus 


Their properties 


t Neutron 


; Within the nucleus 


Positively charged. 


| Electrically neutral 


Its charge is same | 


as that of än elec- | 


tron 


Its mass is 1:6726 x 


10-3 gm i.e, about 
1836 times heavier 
than an clectron 


] 
j 
| 
| 
| 


| Its mass is 1-6748 x 
107? gm i.e. about 
101% greater than 
that of proton 


Can ionise a gas 


Affects 


Gets deflected in the i 


direction of the 


field 


Does not get defiec- 
| ted 


Gets deflected 


“Ts not deflected 


Dves not ionise a 


gas 


a photo- 


graphic plate 


Penetrating power is 
small 


Stable (It is now 
predicted but not 
yet confirmed expe- 
rimentally beyond 
doubt that a proton 


| can decay. Calcula- 
tion shows that it | 


will take around 
10% years for a 
| proton to c M ce cM 


|| Stable 


"Does not affect a 
| photographic plate 


! Penetrating power is 
very high; can 
penetrate through 
three-foot wall of 
lead 


within the 
| nucleus. Free a 
tron is unstable ; 
decays to a iron 
| by emitting an elec- 
tron and a neutrino. 
The half-life is 
about 12 min. 


| 
| 


el 
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@ EXERCISE e 
[A] Essay type questions, 


1. Whatare positive rays? State how the mass of an atom can be determined from a study 
of these rzys. 

?. What are isotopes? How have the presence of these isotopes been determined from :. 
study of the positive rays ? 

3. What is meant by isotopes of an element? Illustrate your answer with suitable 
examples. 

What are the nature of the forces that hold the particles of a nucleus together ? 

4. What are the fundamental constituents of an atom ? Compare their different properties. 

5. What is meant by the nucleus of an atom? What was the proton electron theory of the 
nucleus? State the defects of this theory. 

Explain the presently accepted theory of the nucleus and show how the difficulties 
encountered by the previously mentioned theory were overcome in it. 

6. Givea short account of the nucleus of the atom and its structure. 

How nuclei are generally symbolised ? 

7. Briefly discuss the structure of an atom including nucleus. 

(i) What do you mean by atomic number and (ii) mass number? (iii What elementary 
particles represent atomic number? (iv) Is that number equal to the number of protons in 
the nucleus? (v) Why the atom is neutral in charge ? (vi) What determines the chemical 
properties and (vii) mass of an atom ? (C. U. 78) 

8. Write down the structure of the following nuclei as also the electron configuration around 


them. Illustrate your answer with diagrams. 
G) H? (i) .O (iii) B® (iv) Ne (v) INS, 

[B] Short answer type questions, 

i. What is the difference between an isotope of hydrogen and an ionised hydrogen atom ? 

t (Jt. Entrance '78) 

2. State with reasons whether isotopes of an element can be separated by chemical methods. 

3. Define the terms mass number and atomic number. 

4. If a proton is conaidered to bave a mass m, what is the mass of (i) a neutron, and 
(ii) an electron ? 

5. How many electrons, protons, and neutrons arc there in a nucleus of atomic number 1l 
and mass number 24 ? U. 1. T.'82] 


6. What informations do you get from the symbol pes 1 
7. What is atomic mass unit 7 Define with an example. 
8. The number of protons in the nucleus determines the chemical nature of an element. 
justify the statement. 
9, What are the two isotopes of hydrogen? Express them symbolically aad diagrammati- 
cally. ; 
10. Atomic number of an element is more fundamental than its atomic weight. Justify. 
1l. Atomic weights of two isotopes of chlorine are 35 and 37. The relative abundances of 
them are 75% and 25% respectively. Calculate the average atomic weight of prt el 
12. What informations do you get from the symbols sO", ¿O7 and ,O!* What is heavy 
water ? 
[Hint: Heavy water is DO where D stands for 183) 
13. Does an atom always contain electron, proton and neutron? If not, name the relevant 
element , 


— 


29 | SEMICONDUCTORS 
CHAPTER | 


29-1. Conducters and insulators, 


In a good conductor like copper, silver etc., there are a large number of free 
electrons which serve as the carriers of charge in a current, The loosely bound 
electrons in the outermost incomplete shells get detached from the atom and 
give rise to the free electrons. The Tesistivity of a good conductor is very low 
being of the order of 10-5 or 10~6 ohm-cm and generally increases with rise in 
temperature. 

On the other hand, substances like quartz, mica etc. are good insulators in 
the sense that they do not conduct electricity. In an insulator, there are no free 
electrons, all the electrons remaining firmly bound to their respective atoms. 
The resistivity of an insulator is extremely high : for. example. quartz has the 
value of 1018 ohm-cm. 


29:2. Semiconductors. 


"Semiconductors constitute a large class of substances which can not be 
classified either as good conductors or as good insulators but their electrical 
properties lie in-between, The resistivity of the semiconductors ranges from 105 
to 107? ohm-cm and decreases with increase in temperature according to an 
exponentiallaw. This is an important difference between semiconductors and 
good conductors. Ohm’s law also does not hold true for semiconductors. It is 
obvious that semiconductors are poor conductors of electricity and hence do not 
possess a large number of free electrons. In some way, electrons are made 
available to make the material conductive. Heating a semiconductor provides 
one such way, as the resistivity is lowered and the substance becomes more con- 
ducting. Conduction in semi-conductors may also be effected by sufficiently 
strong electric field and by illumination (called photoconduction). 

Of the large number of semiconductors available, the most typical and 
extensively employed semiconductors are germanium (Ge), silicon (Si) and tellu- 
rium (Te). Moreover, a variety of oxides and sulphides also behave as semi- 
conductors. 


29.3, Intrinsic semiconductors, 


The semiconductors which are found to conduct even in a chemically pure state 
are called intrinsic semiconductors. Examples are provided by germanium, 
silicon and lead sulphide. We shall continue our discussion by taking the 
example of germanium, remembering that other intrinsic semiconductors also 
behave in the same way. 
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The atomic number of germanium is 32 and it has four valence electrons i.e. 
4 electrons in the outermcst shell. Germanium atoms form a crystalline 
structure, In this structure each atom of FREE ELECTRON 
germanium shares one electron each with E 
four neighbouring atoms of germanium. 
The neighbour also in turn shares one 
of its four with it. As a result, the 
outermost orbit of each germanium atom 
becomes saturated with 8 electrons. 
Such a sharing of electrons between two 
atoms so that each atom becomes satisfied 
with the requisite number of valence 
electrons, is called a covalent bond. The 
state of affairs is shown in Fig. 29°1 ‘ 
in a simplied two dimensional diagram Fig. 29-1 : Covalent bonding of atoms 
for the sake of convenience. in a Ge crystal 

At low temperatures, all the electrons remain firmly bound to their. places by 
these covalent bonds. The germenium crystal then behaves like an insulator. 

But even at ordinary temperature, due to thermal agitation, some electrons 
may get detached away from their parent atoms. These electrons which are set 
free move quite at random through the substance. Along with the production 
of free electrons another important thing occurs in the substance. Formerly . 
(i.e., before the electrons are detached) all the valence electrons are utilized in 
forming covalent bonds among neighbouring atoms. If one electron is removed 
from any of the atoms, the electron-pair bond is broken up there, i.e., there is a 
gap. Or in other words, a space is vacant where there should be an electron— 
we say there is a ‘hole’ there. Thus simultaneously with the production of a 
free electron, a hole is produced in the parent atom, If an electron in the 
neighbouring atom has sufficient thermal energy, it flies off to fill up this hole 


causing however a new hole in its own place, i.e., the hole shifts from one place 


to another. This movement of hole is equivalent to the motion of a positive 
charge. Thus due to the motion of a free electrons a negative current is 
produced and due to the motion of the holes, a positive. current is generated. 
If a potential difference is applied between the two faces of the Ge crystal, 
electrons move to the positive terminal and the holes to the negative terminal. 
The negative current in one direction is equivalent to a positive current in the 
opposite direction. Thus the two currents are added up and there is a resulting 
current. It is to be remembered however that due to a paucity of free electrons 
and holes, this current is extremely small and is therefore known as minori‘y 
current. This explains the feeble conductivity of germanium at normal 


temperatures. 


29:4. Impurity semiconductors. 
ies be deliberately added to the 


If minute quantities of certain kind of impurit 
the conductivity of the crystals 


crystalline structure of pure semiconductors, 
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increases enormously. These are called impurity semiconductors, The im- 
purity semiconductors are divided into two types vize. n-type semiconductors and 
p-type semiconductors. The impurities are impregnated into a crystal by the 
process of diffusion (called solid state diffusion). This method of adding an 
impurity is technically known as ‘doping’. Substances chosen for doping the 
semiconductors have valence electrons either 3 or 5 in number, 

Por example, let us consider the situation that arises when one atom of tetra- 
valent germanium is replaced by an atom of pentavalent arsenic, the crystal 
structure remaining intact [Fig. 29-2). 
Four valence electrons of arsenic will 
form covalent bonds with the four neigh- 
bouring germanium atoms. The fifth 
electron cannot form such a covalent 
bond and is thereby ‘superfluous’. It 
becomes free to move through the crystal 
like a conduction electron in a metal. 
If arsenic is added in quantities of one 
part in a million, then there are about 
10!” arsenic atoms and hence 10" free 
electrons per cc of the crystal, It is use- 
ful to compare this value with the number 

Fig. 292: n-type crystal of free electrons in a good conductor 
which is of the order of 1025 per cc. Instead of arsenic, pentavalent phosphorus 
or antimony can also be used as impurity. The impurity atoms that give 
birth to free electrons in this way are called donors. 

A few electrons may break away from the bonds due to thermal vibration 
and thereby leave behind an equal number of holes. The number of electrons 
liberated by the donor atoms is, however, about 10,000 times the number of 
unbound electrons or holes created in this way. Hence in such type of impurity 
Semiconductors, the carriers of electricity HOLE 
are mainly electrons. Hence they are 
called n-type or electron semiconductors. 

The situation becomes completely 
reversed when a tetravalent atom of 
gcrmanium is replaced in the crystal 
lattice by an atom with three valence 
electrons (boron, aluminium or indium), 
In that case three covalent bonds will be 
formed but there will be a lack of one 
electron to complete the fourth -bond ~ 
In other words; a-hole is created at 
that place [Fig. 29-3]. Such impurity is HOLE 
therefore ready to accept one electron to Fig. 29-3: p-type crystal 
fill up the hole and is therefore called an acceptor. This hole formed near 
the acceptor may be filled up by a neighbouring electron but in doing so, the 
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electron creates a hole at its former position. The hole which is equivalent to 
a positive charge thus imigrates through the crystal. They however travel 
much less rapidly than the electrons. 

As before, some free electrons as also an equal number of holes are created 
by thermal agitation. But the holes created by the acceptors predominate 
in this case as carries of electricity. As a hole is equivalent to positive charge, 
impurity semiconductors of this type are called p-type or hole semiconductors, 

Currents produced by the motion of electrons liberated by donor atoms in 
n-type semiconductors or by the holes created by the acceptors in p-type semi- 
conductors are known as majority currents. It should be remembered that in 
both cases, the crystal does not acquire any net charge. In an n-type semi- 
conductor, the surplus of free electrons is compensated for by the positive 
charges on the donor atom while in a p-type one, the surplus of holes is ` com- 
pénsated for by the deficiency in positive nuclea- charge of the acceptor nuclei. 


29-5. Semiconductor diodes. 


Based on the property of impurity semiconductors, semiconductor diodes and 
also triodes are prepared. The semiconductor diodes are generally of two types, 
viz. (i) Point-contact diode and (ii) Junction diode. We shall now discuss, in 
short, the principle of action of the latter type which has replaced the former one. 


Junction diode : 

When two semi-conductors—one p-type and the other n-type are brought in 
contact, excess electrons in the n-type (and excess holes in the p-type) tend to 
diffuse into the other section across the surface of separation. Partly by this 
natural process of diffusion and partly due to the attraction of opposite charges 
in the other section, some electrons and holes actually cross over ; there they 
unite and hence these majority carriers are lost. Thus the region near the sur- 
face of separation gradually becomes devoid of majority carriers and is therefore 
called the “depletion region", 

It should be remembered however that previously (ie., before the electrons 
and holes crossed over) both the sections were by themselves neutral. By the 
tránsfer of electrons and holes both sections 
gradually become charged—the n-type becomes 
positively charged by losing electrons and gaining 
holes and the p-type becomes negatively charged by 
losing holes and gaining electrons. As a result 
difference of potential* comes into existence between 
the two sections at the surface of separation. This Fig. 294: pon junction 
is indicated in the figure 29:4 by placing a ficti- i 
tious battery (shown dotted) across the junction. This difference of potential 
prevents further transfer of electrons and holes and acts as a “potential barrier”. 
A dynamic equilibrium is thus established. 
i alogous to E.M.F. of a cell or to the contact 
dissimilar metallic wires are joined 


* This difference of-—potential is exactly an 
difference of potential which is produced when two 
end te end. at 
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It must not be supposed that the p-type and n-type semiconducters are 
separately prepared and then pressed against each other to form the pn unit, 
In modern times, semiconductors are ‘grown’ by properly doping it with a 
suitable impurity so as to make one tyne, sav, p-type of semiconductor. When 
cnough has beea grown these impurities are replaced by other impurities so that 
n-type semiconductor is now grown. The whole thing therefore grows as one 
unit with two sections—p-section and n-section. 

This p- units acts as a semiconductor diode. As we shall see, it allows 
currents to pass through it in one direction quite easily, but offers tremendous 
resistance to the passage of current in the Opposite direction. Suppose a battery 
is connected to this unit with its negative terminal joined to the n-section and 
positive terminal to the p-section, By the action of the negative terminal, elec- 
trons in n-section and by the action of the Positive terminal, holes in p-Section 
are repelled towards the surface of separation, i.e., by the action of the battery 
majority carriers are driven towards the surface of separation (Fig. 29-5 (a)]. 


Fi 


(6) 


re-unite with one another and are lost. 
But for every electron combining with a hole in this way, one fresh electron 
comes from the battery to the n-section and one valence electron goes to the 
battery from the p-section, producing a hole there. The total number of majority 
carriers thus remaining constant, the Process is repeated and the current passes 
steadily. A negative current due to motion of electrons, evidently passes in this 
case from the negative terminal to the positive terminal. This is a equivalent 
to a positive current passing the opposite way. The semi-conductor diode is 
usually represented as shown in Fig. 29-5 (b). The direction of the positive 
current is usually indicated by an arrow as 


showed in the figure. = 
Suppose now the battery is connected the ES i Ole mr ra 

other way— positive terminal to the n-section — e—- 

and negative terminal to the p-section 

[Fig. 29-6}. In this case majority carriers— 

electrons and holes in ; and p-sections are (+) 

attracted Tespectively towards the Positive 

and negative terminals. As a result, the Fig. 29-6: Reverse bias 


depletion region near the surface of Separation becomes extended to a large 
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extent. Majority carriers having thus no chance of combining with one another, 
no current flows through the p-n unit. In the previous case the battery is said to 
be connected in forward bias and in the latter, in reverse bias. In the case of 


CURRENT IN mA—> 


REVERSE BIAS 


<IN VOLTS FORWARD BIAS IN VOLTS —9- 


Fig, 29:7: Characteristic curve for a junction, diode 


forward bias the resistance of the p-n unit is a few hundred ohms, but in reverse 
bias the resistance jumps to about 10° ohm. The currents in the two cases are 
shown in Fig. 29-7. 

Although during reverse bias majority carriers do not contribute anything 
towards the current, the movement of minority carriers however, produces 
a small current as shown in Fig. 29-7. With the increase of applied voltage 
in the reverse direction this current increases but slightly. During forward bias 
also minority carriers produce a small effect. Soon however the effect of 
minority carriers becomes saturated and the current produced by the majority 
carriers grows rapidly with applied voltage. 

It is now evident that if an alternating source of E.M.F, be applied to the p-n 
unit, one half of the cycle (which produces reverse bias) is practically quenched ; 
the other half only, producing forward 
bias, sends current through the p-n unit. ——typ>—— ——p}+— 
This current is obviously unidirectional. (a). (b) 

The p-n unit thus acts as a rectifying diode. Fig. 29-8 
The semiconductor diode is conducting 
when its terminals are positive and negative as shown in Fig. 29-8 (a). 

And it is non-conducting when the terminal signs are reversed as shown in 
Fig. 29:8 (b). 

It may easily be seen that in action, it is exactly similar to the thermionic 
diode as explained in Art. 26:5. 

By such single diode however rectification is made for half wave only. Full 
wave rectification can however be obtained by the use of two diodes. 


29-6, Semi-conductor triode or transistor. 


The semiconductor triode or transistor, as it is generally called, was first 
developed by Bardeen and Brattain of the Bell Telephone Laboratories of 
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U.S.A. in 1948. The invention was a historic one and for this work, they 
along with W. Shcckley, shared the Nobel prize in 1956. 

A semiconductor triode consists of a three element sandwich of semiconduc- 
tor. The outer two semiconductors are doped with one kind of majority carriers 
while the middle one is doped with the opposite kind of majority carrier. Thus 
the transistor is either a p-n-ptype ora n-p-n type. The first element of tran- 
sistor is called the emitter, the second the base and the third the collector. The 
thickness of the base is very small compared to those of other two elements. 
These three elements correspond respectively to the filament, the grid and the 
plate in a thermoinic triode. 

A small voltage* in forward bias is applied between the emitter and the 
base ; a comparatively high voltage* in reverse bias is applied between the base 
and the collector. The former circuit is known as the input circuit and the 
latter output circuit, 

Let us suppose that the transistor is of n-p-ntype [Fig. 29-9]. The emitter is 
usually heavily doped so that it pro- 
duces a large number of electrons n 
(majority carriers). It is evident that 
due to the forward bias these electrons 

. cross Over to the base, The base 5 
however is very thinly doped and its à 
f : z 
thickness also is very small. The = 
number of holes in this base being 
therefore extremely small, all the 
electrons coming from the emitter do 
not bave any chance of combining 
with holes. Only a small percentage of them combine and the balance—95 to 
98 percent—of the electrons Pass over to the collector region. 

The thinness of the base also enables the electrons to diffuse quickly into the 
collector. The collector, however, is thinly doped so that majority carriers are 
smallin number, Butit is made fairly large in size—larger than even the 
emitter so that a large number of holes (minority carriers) is present there. Due 
to reverse bias applied to the collector circuit these holes are driven towards 
the surface of separation (between the base and the collector). There they meet 
the electrons coming from the emitter and combine with them. As has been 
explained earlier, for every electron combining in this way with a hole, a free 
electron comes from the battery to the base and a valence electron passes 
from the collector to the battery, producing a hole. Thus there is a current flow 
in the collector circuit, 

In the collector circuit, the battery being connected in reverse bias, no current 
is produced by majority carriers. Itis by the combination of these electrons 
from the emitter and holes—the minority carriers in the collector, the current is 
produced in the collector circuit. As these electrons come from the emitter and 


be — 


A n-p-n TRANSISTOR 
Fig. 29:9 


* These may be compared to low tension battery and high tension battery in thermionic 
ve circuits, : 
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flow to the base, a current is produced in the emitter circuit also due to the 
movement of these electrons. We have seen that the number of electrons that 
go over to the collector region and produce the current there is practically the 
same as the number of electrons that come from the emitter, The collector 
circuit current therefore is nearly equal to the emitter circuit current, the former 
being about 95 to 98 percent of the latter. 

So far we have considered the n-p-n type of transistor. All remarks that 
have been made here are applicable to the case of the p-n-p type of transistor 
(Fig. 29:10]. The battery terminals 
are however reversed now so that the 
emitter circuit is forward biased and 
the collector circuit is reverse biased 
as before. The only difference in this 
case is that holes—and not electrons— 
now come from the emitter and 
produce the emitter circuit current. 
95 to 98 percent of these holes go to A p-n-p TRANSISTOR 
the collector region and produce the f 
collector circuit current there. Accor- Figs 2910 
dingly, the collector circuit current is, as before, 95 to 98 percent of the emitter 
circuit current, 

The symbols by which a transistor is represented in electric circuits are 
shown in Fig. 29-11 (a) and (b). The arrow indicates the direction of the posi- 


~ C g c 

RED 

b b 
p-n-p n-p-n 


(a) (b) c be 
Fig. 29:12 


INPUT 


Fig. 29:11 : Symbols for transistor 
tive current. Inan actual transistor, a red dot is marked on its cover to 
indicate the collector terminal as shown in Fig. 29:12. 

Like point-contact diodes, point-contact triodes or transistors can also be 
built but they have become outdated and are not used now. 


29-7. Amplification by a transistor, 

The output circuit being reverse biased, an increase in the voltage there does 
not produce any appreciable increase in the current ; the current in the output 
circuit depends mainly upon the excess majority carriers that come from the 
emitter. The input circuit, however, is forward biased ; the current in this circuit 
increases with the voltage. In order to usc the transistor as an amplifier, the 
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incoming signal (the signal to be amplified) is applied to the emitter and a 
corresponding signal is taken from the output circuit [Fig. 29:13]. 

The input signal either helps or opposes the forward bias, If it helps, the 

n-p-n emitter-base current is increased ; if it 

‘opposes, the emitter-base current is 

decreased. An increase or decrease of 

OUTPUT current in the input circuit produces an 

na. almost equal increase or decrease of 

current in the output circuit. Suppose 

now in this output circuit there is a high 

Fig. 29-13: Amplification by transistor resistance R. Since the output circuit is 

reverse biased, its resistance is tremendous ; the introduction of an additional 


INPUT 
SIGNAL 


Let us suppose that the output current is 96% of the input current. Hence, 


in Current in the output circuit 
UIT in— - : — 0:96 
the current ga current in the input circuit 


Let us also suppose that the resistance of the input circuit is 200 ohm, IfR 
be 20,000 ohm, 


. +, _ 20,000 _ 
resistance gain — 200 -= 100 


According to Ohm’s law, Voltage — Current x Resistance. 

Hence, Voltage gain — Current gain x Resistance gain — 0:96 x 100 — 96 

Thus the output voltage is 96 times the signal voltage. If the output voltage 
be applied to a second transistor it may be increased still more. By increasing 
the number of transistors the voltage may be increased indefinitely. 

It is to be noted that, in the case we have discussed, the base is common to 
both input and output circuits. This case is, therefore, called the common base 
circuit. * 

29:8. Advantages and disadvantages of a transistor, 


The transistor's small size and its low consumption of power compared to 


tbe former, the input signal voltage may be much weaker than in the case of 
the latter, 
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All of these are distinct advantages in favour of transistors. But there is one 
difficulty with them. In contrast to vacuum tubes, transistors have not proved 
suitable, even now, for the control of high voltage, high current circuits, World 
wide active researches are however continuing to find out application in this area 
and also to find many more practical uses for the semiconductor devices. 


€ EXERCISE $e 
[A] Essay-type questions. 


1, Explain what is meant by the terms : conductors, semiconductors, insulators 

Explain why the resistance of a semiconductor decreases with temperature. 

2. What is meant by a free electron and a hole? How these are created inside a pure 
semiconductor ? 

What do you mean by a p-type and n-type crystal. Explain how these crystals conduct 
electricity. 

3. What is a semi-conductor ? Explain the rectifying action of a semiconductor diode. 

[H. S. '82] 

4. What is the difference between n-type and p-type of semi-conductors. Explain how 
a p-n junction acts as a rectifier? What is meant by forward bias and reverse bias? 

[H. S. '83] 

5. Explain the action of a junction diode and show how a double crystalacts as a rectifier 
of alternating current. Compare this with the action of a thermionic diode. 

6. Describe two common types of transistors. State the advantages and disadvantages 
of the senficonductor triodes over the vacuum type triodes, 

7. What is meant by the base, emitter and collector of a transistor ? Name the different 
components of a vacuum triode with which their actions may be respectively compared. Draw 
the symbol of a transistor and identify them. How can you identify them in an actual 
transistor ? 

8. Describe the action of a n-p-n transistor and explain how it can be used as an amplifier. 

9. Write short notes on: Semiconductors, semiconductor diode, transistor, 

10. Distinguish between n-type and p-type semiconductors. Discuss the action of p-n 
junction, What do you mean by forwrrd and reverse bias? Why it is called a diode ? 
[Jt. Entrance '82] 
[B] Short answer type questions. 


l. What is a semi-conductor ? What are n-type and p-type semiconductors? [H. S.’81] 

2. What do you mean by intrinsic and impurity semiconductors. Explain with examples. 

3. Name an impurity which when added to germanium would make it (a) n-type semi- 
conductor (b) p-type semiconductor. 

4. What is the difference between an n-p-n transistor and a p-n-p transistor ? 

5. Ina transistor how can you recognise the collector terminal ? 

6. Draw the circuit diagrams containing a semiconductor diode and a battery connected 
in (a) forward bias and (6) reverse bias. 

7. Draw the symbols of a semiconductor diode in (a) forward bias and (5) reverse bias, 
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30:1, The discovery of Radioactivity. 


The discovery of Radioactivity by the French Physicist Henry Becqueral in 
1896, was a direct consequence of the discovery of X-rays. It came out within 
a few months after Réntgen announced the discovery of X-rays and provided 


plate wrapped in black paper and samples of fluorescent minerals previously 
exposed to sunlight, were Placed over it, The plate was then developed and 
examined whether any blackening effect was produced. Among the materials 
tested only a salt of uranium (potassium uranyl sulphate) gave the positive 


that even then the same effect was produced on the Photographic plate. Thus 
Becqueral made a major discovery, namely that the uranium compound spon- 
taneously emits some kind of penetrating radiation all the time quite independent 
of its ability to Show fluorescence. This radiation—now known as Becqueral 
rays or radioactive rays—was Very similar to X-rays and penetrated through 
black paper, thin foils and other substances. [t can affect photographic plates. 
Becqueral soon discovered that this radiation was characteristic of the element 
uranium—all uranium compounds were found to emit this radiation. He also 


subsequent physical or chemical treatment of the specimen. It was thus 
definitely established that the element uranium emitted this radiation and the 


menon is known as radioactivity. 


Another substance, thorium, was soon found by Marie Curie to show the 
same properties as uranium. This was very important, for until that time it 
had been thought that the Tadioactivity was a unique property of just one 
element, uranium, 
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30:2. The discovery of radium. 


Among the earliest pioneers in the field of radioactivity were the Curies— 
Marie Curie and her husband Pierre. They started with pitchblende, a natural 
ore rich in compounds of uranium, Curies found that the activity of pitch- 
blende was much more than was to be expected on the basis of the amount of 
uranium present in it. In fact, the residues that were discarded as useless after 
the seperation of uranium were found to be about four times more active than 
the uranium itself, Thus they rightly suspected that there must be some other 
highly active substances present in the residue. The Curies then undertook a 
long series of repeated crystallisation of salts derived from pitchblende in order 
to separate the active ingradient. After two to three years of hard labour they 
obtained from a ton of the ore a small quantity of a substance possessing 
radioactivity thousand times greater than that of uranium. They named it 
polonium after Poland, the motherland of Marie Curie. Six months later, they 
separated out a minute amount (less than 20 mg !) of another substance, radium, 
having activity about million times greater than that of uranium. As a recogni- 
tion of these discoveries, the Curies along with Becqueral had the honour of 
receiving the Nobel prize in Physics in 1903*. Further researches by the Curies 
and by others soon resulted in the discovery of many other natural radioactive 
substances, They were found to be the isotopes of the elements from lead to 


uranium (Z=82 to 92). 


It was gradually established that emission of the radioactive rays from these 
substances is a spontaneous phenomenon. No physical or chemical treatment 
can affect the emission of these rays. For example, strongest heat— sufficient 
to melt any substance, intense cold— sufficient to freeze any substance, strong 
electric and magnetic fields, extremely high and low pressure—all these were 
found to have no influence on the emission of these rays. Also it was found 
that the emission of these rays not only occurred from the radioactive 
elements but also from their chemical compounds (e.g. radium chloride) and 
that the activity of any chemical compound of a radioactive element was the 
same as that of the element itself taken in amount contained in the compound. 
As it was believed that these physical and chemical treatments can not produce 
any effect on the nuclei of atoms, it was concluded that “she emission of the 
radioactive rays must be due to the spontaneous breakdown of the nuclei of 


atoms of radioactive substances, 


30:3. Nature of the radiation from the radioactive substances. 


The radiation from radioactive substances was investigated extensively by 
Rutherford and his collaborators and they found that the radiation consisted of 
three types of rays. For this purpose Rutherford placed a radioactive substance 


© Madam Curie won the Nobel prize again in 1911—this time in chemistry. Pierre Curie 


had died prior to this by an accident. 
P-11/40 
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in a thick-walled lead container as shown in Fig, 30-1 (a). The radiation that 
travelled upward escaped through a narrow Opening at the top; the rest were 
? ? Stopped and absorbed by the 

lead. Whena strong electrostatic 

field was applied perpendicular 

to the direction in which the rays 

were moving, the rays were found 
@ to be split up into three directions, 
One portion was slightly deviated 
towards the negatively charged 
plate, another was deviated 
towards the positively charged 
plate to a much larger - extent, 
while a third portion was not 
deviated atall, Thus Rutherford 


I«— LEAD CONTAINER ——— 


RADIOACTIVE SOURCE 


(a) (b) concluded that three kinds of 
(a) (6) rays are emitted by the radioac- 
Fig. 30:1: Rutherford’s experiment tive substance: some positively 


charged, some negatively charged and the rest uncharged, He arbitrarily called 
them alpha (x), beta (8) and gamma (y) rays respectively, 

It is to be noted thatthe separation of X, B and y rays can also be done by 
applying a strong magnetic field perpendicular to the emergent beam as shown 
in the Fig. 30-1(5). The direction of the magnetic field is perpendicular to the 
plane of the paper and away from the reader. The «-rays are deflected sightly 
in the direction in which a moving positive charge would be deflected, the 
B-ràys are strongly deflected in the Opposite direction and the y-Tays pass out 
undeviated. 


30-4, Nature of «-rays. 


From the direction of deflection by the electric and magnetic fields it was 
evident that the «-rays consisted of positively charged particles and hence it is 


cases, the value of the ratio of Charge to mass (e/m) for an «-particle was 
determined. It was found that e[m for «-particle was almost exactly half that 


2 e lye 
in (ezti). 

Rutherford and Geiger measured the charge of the «particle and it was 
found to be equal to two electronic charges, i.e., twice that of the ionised 
hydrogen atom. 

Thus € (726g 


and hence m =4ma 


which meant that the “particle had a mass four times that of hydrogen. 
These facts abont the charge and mass of the «-particle indicated the possibility 
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that the «-particles were doubly charged helium ion (He**) or simply helium 
nuclei. 


The possibility was confirmed by a simple but direct experiment performed 
by Rutherford. A glass tube A was fused into another glass tube B in which 
two electrodes were fitted (Fig. 30-2]. Both 4 and B were evacuated as com- 
pletely as possible; A speck of radium was placed on the top of a wire placed 
in A. The portion of A within B was B 
made very thin so that «-particles emana- 
ting from 4 could pass through it and 
enter the tube B, An electric discharge 
was passed between the electrodes in B. 
It was expected that if «-particles were A 
actually helium nuclei, they would, after 
entering the tube JB, capture electrons 
produced by electric discharge and form 
helium gas. Hence the discharge should Fig. 30:2: «particles are helium nuclei 
produce helium spectral lines. In actual experiment, after a few hours 
the well defined helium spectral lines appeared in the spectrum and after a 
few days al! the lines of helium spectra were produced. Thus it was confirmed 
that the «-particles were actually helium nuclei. 


30-5. Properties of «, 8 and y-rays. 


It is not possible to discuss in this text all the experiments from which the 
present knowledge about the «, B and y-rays are accumulated. We shall, 
however, summerize their chief properties in this article, 


[A] Properties of «-rays. 


(1) «rays consist of positively charged particles having mass four times 
and charge two times as great as those of an "hydrogen ion. These rays are 
experimentally identified to be the nuclei of helium atoms. : 

(2) Being charged, «-rays can be deflected from their paths by electric and 
magnetic fields. 


(3) The «-particles are found to have initial speeds which vary from 1/10 
to 1/100 of the velocity of light depending upon the radioactive element that 
emits them. Such speed corresponds to energies of several MeV. The magni- 
tude of this energy shows that the particles must come from the nucleus of the 
atom, 

(4) While passing through a substance, the «-particles knock off orbital 
electrons from the atoms lying along their paths and thus produce ionisation. 
They are thus powerful ionising agents. f and y-rays can also produce ionisa- 
tion. But «-particles are much more efficient in ionising than the B-particles 
and f-particles are much better than the y-rays. Their ionising powers are in 
the ratio 10000 ¿į 100 : 1. 

5) The path of an «-particle through a gas is almost a straight line, Their 
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mass being very large compared to that of an electron, «-particles are not devia- 
ted at all when they knock off electrons from the atoms. 


However, while Passing through thin films of metal or mica, «-particles are 
sometimes deviated from their path. This occurs on Very rare occasions when 
an «-particle undergoes almost a head-on 
collision with the nucleus of an atom. 
The phenomenon is known as Scattering 
of «-particles [vide Art. 27:1). 


(6) The penetrating power of 
«-particles is very small compared to that 
of B or y-rays, Indeed, they are com- 
pletely stopped by thin aluminium foils 
having thickness 0:1 mm or even bya 
Sheet of paper. They can penetrate only 

Tho mou bes a few centimetres of air at atmospheric 

FOIL pressure. Since the penetrating power 

Fig. 30:3; Penetrating powers of «, 8 is roughly inversely proportional to the 

and y-rays compared ionising power, the ratio of the penetra- 

ting powers of «, B and y-Tays is about]: 100: 10000. The. penetrating powers 

of «, B and y-Tays are compared schematically in Fig. 30-3, While «-particles are 

Stopped by thin aluminium foil, B-particles are Stopped by aluminium sheet 
1 cm thick aad y-rays penetrate lead sheet 5 cm thick. 

(7) «-particles affect photographic plates. They produce fluorescence when 
incident ona screen coated with zinc sulfide or barium platinocynide. When 
examined by a low power microscope the fluorescence isfound to be disconti- 
nuous ; individual scintillations can be seen. This provides a visual evidence 
that «-rays consist of discrete particles, 

(8) While travelling through a gas, the «-particles are found to be stopped 
abruptly aftera certain Critical distance known as the range of «-particles. 


(9). «-particles are stable. They do not disintegrate under the impact of 
frequent collisions even When used as bombarding particles, 


ado On prolonged exposure, «-particles cause incurable burns on human 
skin, 


[B] Properties. of P-rays. 


(1) f-rays are negatively charged Particles, The value of the ratio of charge 
to mass (e/m) of these Particles is the same as that of cathode ray particles. 


Hence the -rays are identified as Streams of electrons and for this reason it is 
better to call them P-particles. 
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(2) Being charged f-particles can be deflected by electric and magnetic fields, 
Since they are exceedingly light compared to «-particles,* the amount of deflec- 
tion of f-particles is much greater than that of «-particles by the same electric 
or magnetic field [c. f. Fig. 30:1]. ; 

(3) The. only characteristic that distinguishes -particles from an electron 
obtained otherwise, is the tremendous velocity with which they are emitted. This 
velocity is comparable to the velocity of light, sometimes approaching the latter 
to within 98% of its value. However, because the mass is so small, the initial 
kinetic energy of a B-particle is ordinarily less than that of an «-particle, 

(4) They can ionise a gas. Because of their small mass, higher speed and 
smaller charge, the ionising power of -particles is about 100 times less than that 
of «-particles. 

(5) The penetrating power of f-particles is about 100 times greater than 
that of «-particles. They can penetrate through several millimetres ‘of 
aluminium and about 1 mm of lead. Their range may be as great as several 
metres in air. 

(6) They can affect photograhic plates more intensely than «-particles. 
They also produce scintillations on zinc sulfide screen but to a lesser extent than 
«-particles, : 

(7) In contrast to the discrete energy distribution of «-particles, B-particles 
from a given radioactive substance are found to havea continuous range of 
velocities i. e., a continuous energy distribution, from zero to a maximum. 

This gave rise to a puzzling situation. The formation of this continuum apparently 
violated the principle of conservation of energy and momentum. Calculations showed that 
a portion of the energy and momentum of the B-particles were missing, In 1930, Pauli 
suggested that the missing energy and momentum were carried off by a hypothetical un- 
charged particle having zero mass, emitted at the same time as the £-particle. Fermi named 
this hypothetical particle as neutrino. But inspite of extensive search by many scientists the 
neutrino remained undetected for many years. Finally, however, in 1956 neutrinos were 
detected in the intense radiation from a nuclear reactor. Pauli's bold hypothesis and con- 
servation laws are thus confirmed. 


(8) B-particles also produce incurable burns on human skin on prolonged 
exposure, 


[C] Properties of y-rays. 


(1) Unlike «- and £-rays, y-rays are not deflected by electric and magnetic 
fields, They are not, therefore, streams of charged particles. 

(2 y-rays are electromagnetic waves i. e., they are of the same nature as 
light and X-rays having the velocity of 3x 101 cm/sec in vacuum. 

(3) They have higher frequency (and hence shorter wavelength) than X-rays. ~ 
The wavelength of y-rays ranges between 10-? to 10-11 cm. 

(4) y-rays may be equally well represented as streams of high energy 
Photons. For example, radioactive protactinium (At. wt. 234) emits 0-01A 


es; gi wn N = n 2. 
* The mass of a f-particle is 1/1840 of a hydrogen atom while an <-particle is 4 times 
heavier than a hydrogen atom. 
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y-fays which corresponds to a photon energy of about 0-8 MeV. y-Tays are 
emitted after an «- or a f-particle has been ejected out of a aucleus. The 
emission of an «- ora f-particle leaves a nucleus in an: excited state ; as the 
nucleus settles down to a normal state the excess energy is emitted in the form 
of y-rays. This accounts for such high energy of y-Tays and the fact that like — 
«-particles, y-rays from a given radioactive substance have discrete energies. 

(5) They can cause ionisation of gases but their ionising power is much - 
less than that of «- and B-rays. As stated earlier the ratio of ionising powers of 
X-, 8- and y-rays is as 10000 : 100 : 1. 

(6) Ofthe three types of radiation from radioactive substances, »-rays are 
the most penetrating. They are little absorbed by air and some of them can 
penetrate. several centimetres of lead before being completely absorbed (or 
attenuated). The penetrating powers of *-, P- and y-rays are in the ratio 
1: 100: 10000. 

(7) They affect photographic plates and produce fluorescence in barium 
platinocynide etc. 

(8) Like X-rays, they are diffracted by crystals. 

(9) They have strong action on biological tissues and are used in the 
treatment of cancer, tumours etc. 


30'6. Radioactive Decay and Transformation, 


Instead, they boldly asserted that an atom which emitted an «- or a f-particle 
remains no longer an atom of the same original element, The original atom 
(or the parent atom, as it is called) breaks up or disintegrates into two parts— 
(1) the emitted particle, either « or £, but not both, and (2) a massive residue, 
called the daughter atom, physically and chemically different from the original 
parent atom. 

Powerful experimental evidence in support of this assertion was provided by 
Rutherford and Soddy. They placed a sample of pure radium in a container 
which was then evacuated. Later analysis revealed that an “emanation” was 
given off from the radium—a gas that turned out to bea new element. The 
name Radon (Rn) was ascribed to the gas. It was found that the mass ofa 
radon atom was less than that of a radium atom by exactly the mass of an 
«-particle. Thus it was concluded’ that the radium atom emitted an «-particle 
and changed to form an atom of another element, radon, Symbolically 

Ra 5 RnJ4-« 

Thus upon emitting «- or B-particles, the atoms of a radioactive element 
change or transform to atoms of new elements. In this sense the emission of 
radioactive radiation is called radioactive decay. Distinction is however made 
between «-decay, and B-decay—the former when «-particles are emitted and the 
latter when f-particles are emitted. In many cases, the daughter element is also 


RADIOACTIVITY 631 


radioactive and this, in turn, disintegrates to become something else and so on, 
until an element is reached which is stable and non-radioactive. This sequence 
of changes is known as radioactive series. We shall discuss about it later on, 


Displacement laws. 


A careful observation of various decay products in a radioactive series led 
Rutherford and Soddy to enunciate two laws about radioactive decay, commonly 
known as Soddy's displacement laws. These are : 

(1) When an atom emits an «-particle, the mass of the atom (A) decreases 
by about 4 units and its atomic number (Z) decreases by two units ; the resul- 
ting atom is therefore displaced two places backward in the periodic table. 

(2) When an atom emits a B-particle (from nucleus), the mass of the atom 
(A) practically does not change, but the atomic number (Z) increases by one 
unit; thus the resulting atom is displaced one place forward in the periodic 
table. 


Alpha Decay. 


It was stated that «-particles are doubly ionised helium atoms, i.e., they are 
helium nuclei containing two protons and two neutrons. This combination is 
very stable. Nuclei of heavy elements having atomic number greater than 82, 
are “overstuffed” with protons. It is not surprising therefore that, instead of 
Betting rid of individual protons, it is easier for a n™cleus to eject a stable 
portion as a whole as an «-particle. This kind of instability is known as alpha 
instability. Since an «-particle carries away a positive charge of two units 
(two protons) and a mass of four units (two protons & two neutrons), «-decay 
converts a radiocative element into another element whose mass number (A) is 
four units less and whose atomic number (Z) is two units less, In symbol, 


zX^ > g-sY^^* + ,He* 
Parent Daughter «-particle 
atom atom (He nucleus) 


Thus Radium (Ra), atomic number 88, emits an «-particle and thereby 
changes to Radon (Rn), atomic number 86, Also there is a change in mass 
number from 226 for radium to 222 for radon. In symbol, 

pas 02. s Rn??? + Het («-particle) 

Thus first law of Rutherford and Soddy is explained. Now, «-decay occurs 
spontaneously without any supply of energy from external sources. But it 
provides kinetic energy for the ejected «-particle and also some kinetic energy 
forthe recoil daughter nucleus. Actually it was found that the mass of the 
parent atom is slightly greater than the total mass of the daughter atom and the 
«-particle, This difference in massis converted into energy (according to 
Einstein's equation of mass energy equivalence, E—mc?) of the ejected «-particle 
and of the recoil daughter nucleus, 

esc bility kn beta instability in 

There is another kind of nuclear instability known as beta in. ; 
Which f-particles are emitted. — f-particles are identified with fast moving 
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electrons. Since there are no electrons in a nucleus, the question naturally 
arises—where f-particles come from? The emission of a B-particle is most 
probably caused by the conversion of a neutron (n) into a proton (p) and an 
electron (e). Or, Symbolically, 


neutron > proton + electron 
on? Ti P! aal E 


The electron is then ejected from the nucleus but the proton remains in the 
nucleus. The change of a neutron to a proton increases the atomic number 
of the daughter atom by one unit. Since the electron has negligible mass, the 
mass number ofthe daughter atom does not change, In symbol, 


A 
zX > a 4- 19" 
Parent Daughter B-particle 
atom atom (electron) 


Thus thorium (Th), atomic number 90, mass number 234, emits B-particles 
and changes toa new element protactinium (Pa) having atomic number 91 and 
mass number 234. In symbol, 


s Ih? 4 > „Pa + -,9? (f-particle) 


Thus the second law of Rutherford and Soddy is explained. 


There is another kind of g-decay. During the 1930's it was discovered that there are some 
artifieially produced radioactive substances which emit Positrons i.e., particles having same 
massand charge as those of electrons, the sign of the charge being however positive, Thus 
the term *'-particle" has now come to mean either an electron with negative charge or a 
positron of nuclear origin with positive charge. The emission of positrons is most probably 
caused by the splitting of a proton into a neutron and a positron i.e., 

proton —- neutron + positron 
Symbolically, jp o m t 4169 


The neutron remains in the nucleus. Thus by positron emission, the atomic number of the 
daughter atom decreases by one unit while its mass number remains the same as that of the 
parent atom, For example, artificially produced silver isotope «Ag* emits a positron and 
becomes an isotope of palladium, „Pdo ie., 

« Ag!" — Pd! + e? (positron) 


Gamma Decay. 

As stated earlier, the emission of an «- ora B-particle leaves the nucleus in 
anexcited state (,*X^) which goes to a state of lower energy by emitting, the 
difference as a y-ray photon. 

A A 


i.e., Ua, a > zX + hy 
Excited Lower y-ray 
State ` Energy photon 
N State 


Obviously, the y-decay produces no change either in the atomic number or in 
the mass number of the decaying atom. 
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The net results of «-, 8- and y-decay are summarised in the following table. 


Resultant change in 


Atomic No, Z Mass No. Á 


Radiation 
emitted 


(1) Alpha («) 
(2) Beta (B) 
a, Electron 
b. Positron 
(3) Gamma (y) 


Example 301. ‘The radioactive uranium s,U** decays by emitting an 
«-particle, and the product atom then emits a B-particle (electron). State the 
net change in (a) the atomic number (b) the mass number and c) the neutron 


number.& 

Solution : (a) Change in atomic number— —24-(4-1)— —1. 

(b) Change in mass number — —44-0— —4. 

(c) The emission of «-particle decreases the number of neutrons by 2, 
Again the emission of p-particle converts a neutron into a proton i.e., it also 
decreases the number of neutron by 1. Hence, the net change in the neutron 


number— —3. 

30.7. Statistical law of radioactive decay: Half-life. 

e disintegration is accompanied by the emission of either an 
«-particle or a -particle from the nucleus of the parent atom, This gives rise 
to atoms of a new element, so that the number of atoms of the parent element is 


reduced. Clearly the nuclei of all the 
atoms in a radioactive sample do not 
disintegrate simultaneously or otherwise 
any radioactive substance would disinte- 
grate in no time i.e., the rate of disinte- 
gration (the activity, as it is called), 
cannot be infinitely large. Fig. 30:4 shows 
a typical radioactive decay curve found 
to be foliowed. by every radioactive 
substance. It shows that, starting with 
asample of fixed amount of radioactive MEO 
substance, one-half of the original amount Fig. 304: Radioactive decay curve 


is left after the passage of a certain time ; 
mount, remains after a total 


T; half of «this, or one-fourth of the original a 
halved after 3T and soon. It 


time 2T has passed; the amount is again T sn dt 
is to be mentioned here that though the decay of all radioactive substances 
follows the same pattern as shown by the decay curve [Fig. 304], the 
value of T, the time during which the amount of radioactive substance 
decreases to half of the initial value, is different for different radioactive 


substances, 


Every radioactiv 


FRACTION PRESENT ——> 
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The informations that can be obtained from the decay curve are as follows $ 


(i) The radioactive disintegrations occur at random. Some atoms of a 
radioactive sample have long life, others have a shorter life, but there is no way 
to predict when any particular atom will disintegrate. 


We can therefore predict that a certain fraction of atoms of a radioactive 
substance will disintegrate in a. certain time. But it is impossible to tell in 
advance when a particular atom will disintegrate, The interpretation of this 


figure is 60 years. Some individuals live longer than 60 years and others for a 
Shorter time. But fora particular individual it cannot be predicted whether he 


? 


individual atoms cannot be predicted. However, for a very large populatton, it 
can be definitely predicted from the theory of Probability that a certain fraction 
of the population will die, say, in one year. So also is the case of the decay of 
radioactive atoms, Since the number of atoms in a radioactive sample is very 
large, a certain fraction of them disintegrates in a certain time, say, one second, 


Half-life, 


We have stated earlier in connection with the decay curve that in a certain 
time 7, the amount of a radioactive Substance decreases to half the initial 
amount. This time is known as the half-life of the radioactive substance, Thus 


Y any sort of physical and Chemical treatment of the 
Substance. It varies widely from Substance to Substance. Foe radium the 
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pitchblende (which contains radium) was more radioactive than uranium itself. 
But the reason is now obvious. 


Relation between half-life and decay constant. 


Let us consider a radioactive element having N atoms at any particular 
instant of time, say ¢. In the time interval dr, let dN atoms disintegrate. Then 
from law of radioactive decay, 

dN|N  . 

pre 
where à is the decay constant of the radioactive substance. The —ve sign is 
introduced due to the fact that with increase ir time ¢, the number of atoms 
present (N) decreases. 


dN 
N” —Adt 


Integrating, we get, 
log, N=—M-+C 
where C is the constant of integration. Now, if N, be the number of atoms 
present in the radioactive substance at the initial instant, i.e., at /—0, then 
log, N,—C 
log. VN=—At+log N, 
or, log KN 


ne or, N Niet 

Hence we can state that the radioactive decay follows an exponential law, 
which is also evident from the shape of decay curve shown in Fig. 30-4, 

Now, if T be the half-life of the radioactive substance, then from definition, 
we get for t=T, 
log, 2 0:693 


N 1 QT zi 
=ë or, T: 7 P 


W, 2 

which is the required relation. 

The unit of activity : the curie. 

The unit of activity, the curie was originally defined as the activity (i.e, the 
number of disintegrations per second) of 1 gm of radium, Thié definition was 
replaced, in 1950, by a more general one but closely equivalent to the old 
definition. By international agreement, the curie (c) is now defined as that 
quantity of any radioactive substance which gives 3:70 x 10% disintegrations per 
second, The curie is a very large unit. Hence for all practical purposes the 
millicurie (1 mc=10-*c) and the microcurie (1pc=10-*c) are used. 


30-8. Natural radioactive series : Radicisotopes. 
' We have stated earlier that the decay product of a given radioactive 
substance. may itself be radioactive. This disintegrates giving rise to & new 
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element which in turn also disintegrates, 
obtained that is stable and non-radioactive, 
known as radioactive series. Three such series 


Elements 


Uranium 
Thorium 
Protactinium 
Uranium 
Thorium 
Radium 
Radon 
Polonium 
Lead 
Bismuth 
Polonium 
Lead 
Bismuth 
Polonium 
Lead 


OONAN DWN 


the uranium series, the th 
its longest lived member. 


orium series and the actinium series, 
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This goes on until an element is 
Such a sequence of change is 
Were discovered. They are called 


Radiations 


emitea Half-life 


1:5 x 10-4 sec 
22 yr 
$0day 
140 day 


each named after 


After going through a chain of «. and f-emission, 
each series ends as a stable isotope of lead. 
but along with an «-particle or a B.particle, 

members of uranium Series taken in order with 


y-Tay photons do not appear alone 
The preceding table shows the 
their chemical names, atomic 


numbers (Z), mass numbers (4), radiations emitted and half-lives, 


Fig. 30°5: The uranium series 


by Np” ; this element, however, 


EHE 
NA 
EN EN 
315] 
DW 
[41i 1 
| E] 
HE 
H 
mie 


A conventional 
Way of representing 
a series is to put its 
different members in 
an atomic number 
vs, mass number 
diagram. The dia- 
Bram tracing the 
course of uranium 
series is shown in 
Fig. 30-5, The 
description of other 
two series is beyond 
the scope of this text. 


A fourth series, 
the neptunium series, 
was discovered in 
1942, It is headed 
is not found in nature because it has a 
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half-life of 2:2 x 109 years and hence it has almost completely decayed since the 
formation of the elements abopt 5x 10° years ago. 


As is evident from the list of the members of uranium series, the majority of 
the members are isotopes of one or another of the last 11 elements in the 
periodic table ending with uranium. Isotopes which are radioactive are called 
radioactive isotopes or simply radioisotopes. There are about 40 radioisotopes 
among the natural radioactive elements. 


The existence of radioactive series clearly shows that any radioactive subs- 
tance, even though it is initially pure, will eventually become a mixture of 
different elements. Thus a sample of pure uranium (,,U?35), after some time, 
will be mixed up with 14 other elements, of which 13 contribute to the radioac- 
tive emanation each in its own way. This is the reason why in Fig, 30-1, the 
radioactive source was described as emitting «-, 8- and y-rays at the same time. 


30:9, Some applications of natural radioactivity, 


(1) Medical applications: It was stated earlier that the living tissues are 
seriously damaged by overexposure to radiations from a radioactive source. It 
was however found that cancerous cells are more easily destroyed by such 
radiations than healthy ones, Hence radiations from radium are used to treat 
some forms of cancer. Actually, ina hospital radium chloride is kept in a 
sealed thick walled lead container, The gas, radon, which is formed from 
radium is pumped out at intervals into very thin glass tubes (about the size of 
short needles) and sealed. These tubes are inserted in the cancerous tissue. 
Now, we know that radon is an «-emitter and the «-particles having small 
penetrating power cannot go deep into the tissue to destroy the deseased cells, 
Apparently therefore radon is useless for the destruction of deseased cells. 
Why is radon then used for such purpose ? The reasons are—firstly, radon has 
half-life of only 3:8 days. Secondly, it forms four daughter elements of very 
Short half-lives (see the table of uranium series), two of which simultaneously 
emit 8- and y-rays, This means that £- and y-rays which have larger penetrating 
Powers will be available from the tube fora period of one or two weeks and 
this time is sufficient to destroy the cancerous cells. Lastly, after this time, 
Most of the radon in the tube will be disintegrated into radioactive lead (ggPb™). 
It has a long half-life of 22 years and hence very small activity to have a signi- 
ficant theraputic value, It should, however, be mentioned here that now-a-days, 
instead of radon, y-rays from radioactive cobalt are used for treatment sd 
cancer. Radioactive cobalt is produced artificially in atomic enu 
Calcutta, two such cobalt sources are installed—one in Calcutta Medical College 
and the other in N, R. S. Medical College. t 

(2) Age of the earth: Uranium ore always contains an isotope of ies 
asPb?* the end product of uranium series. By chemical analysis of the ore, i 
is possible to determine the ratio between the amount of lead and Tu p 
Present in it and hence the ratio between the number of lead atoms an : 
number of uranium atoms, From the knowledge of this ratio, the time ma 
which the uranium nuclei in the ore first started to decay can be calcula 
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using law of radioactive decay; the calculation is, however, beyond the 
scope of this text. This is the time at which. the earth solidified and the 
original pockets of uranium were sealed in the rock, Actually yarious samples 
of uranium ores collected from different parts of the earth showed a 
consistent ratio between the amounts of lead and uranium present in 
them. Calculation on the basis of this ratio gave the age of the earth to be 
about 4 billion years. Since the radioactive processes are independent of 
natural conditions, the uranium ores constitute reliable clocks that have been 
running faithfully throughout the geological history. 

(3) Luminescent paint: This is prepared by adding a minute amount of 
radium to a paint which contains alittle fluorescent substance (e.g. zinc sulphide). 
Radiations from the radium cause the fluorescent substance to scintillate, Dials 
and hands of watches, compass needles etc., coated with this paint, can thus be 
seen in dark. 

(4) Temperature of earth: Geologists believe that the radioactive 
disintegrations in rocks maintain the temperature of the earth. When «- particles 
from a radioactive mineral are stopped by the surrounding material, their kinetic 
energy is converted into heat energy, Itcan be shown that total amount of 
heat liberated during the disintegation of 1 gm of uranium is 2x 10? cal. 
Other radioactive ores also contribute heat to the earth in the same way. Thus 
the temperature of the earth is maintained and without this source of heat, the 
earth would have been too cold to support life long long ago. 

30:10. Atomic mass unit, 


Masses of atoms are usually expressed in atomic mass units (a.m.u.) In 
1960, an international commission established a basis for an atomic mass scale by 
taking the mass of the neutral carbon —12 (¿C?) atom to be exactly 12. One- 
twelfth (3) of the mass of the carbon-12 atom is defined as one atomic mass unit. 

Earlier, one a.m.u. was defined to be equal to one-sixteenth (Xx) of the mass 
of an ordinary oxygen atom (,O!*, It differs from the new definition by only 
about 0°03 percent. The following table gives the atomic weights of some 


elements measured in a.m.u. 
Atomic weight 
: in a.m.u. 


Hydrogen 1*0078 
Helium 4:0026 
Lithium 7-0160 
Beryllium 9:0121 
Boron 11:0093 
Carbon 12 exactly 
Nitrogen 14-0031 
Oxygen 15°9949 


The above list shows that the mass number of an element is the nearest integer 
to its actual atomic weight expressed in atomic mass unit. This provides an 
alternative definition of mass number, 
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Now, since 12 gm of carbon contains N (Avogadro no.) carbon atoms, 
weight of each carbon atom is (12/N) gm, Then by definition, 


Since N=6:025 x 10% 


e 1 n u 
S etm vex 66 x 10-* gm, 


3031, Mass-Energy equivalence. E 


In 1905, Einstein in his theory of relativity proposed a bold idea of mass 
energy equivalence. From theoretical standpoint he established that mass and 
energy are mutually convertible. An increase of any kind of energy stored in a 
body (for example, kinetic and potential energy) will increase its mass. Con- 
versely, a decrease in the energy stored in a body will decrease its mass. These 
ideas are expressed in the well known equation of mass-energy equivalence, 


AE= Am. c 
Or, Am= as 


which means that if the energy of a body changes (either increases or decrea- 
ses) by an amount A Æ, its mass also changes by an amount AT, where c is the 


velocity of light in vacuum. The same fact is popularly expressed as Einstein’s 
equation 
E—mc* 
which means that a certain amount of matter of mass m is equivalent to mc? 
amount of energy and vice-versa. . : 
To visualize the vastness of this energy we perform the following calculation : 


One gram of matter is equivalent to the energy 2 
E—1 gmx (3x 10 cm/sec)? 
=9 x 10% gm cm?/sec? 


=9 x 10% erg=9 x 1048 joule 
Or, in general term, we can say that if one gram of matter or es 
pletely annihilated, 9x10! joule of energy of would be liberated. re is 
vast amount of energy—sufficient to supply energy at the rate of about 2:4 mega- 
watt throughout a year. jmentall: 
Einstein's idea of mass-energy equivalence was verified later experimenta ^y. 


A mass-energy conversion factor. : 
It is useful to remember that one atomic mass unit is equivalent to 931 MeV. 
This conversion factor may be derived as follows : 


We know that 
1 eV =1'6 x 107? erg 
€ | MV pi 
. m, u, = 100 X 
Also la me G6 x 10-M gm 9x 10 cm/sec 
1 a, m. u.—7 Tx 10-5 erg/MeV 


2931 MeV. 


l 
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30°12. Artificial transmutation of matter. 


The discovery of the fact that natural radioactivity was the spontancous 
disintegration of the nuclei of heavy atoms led Rutherford to investigate the 
possibility of causing nuclear changes artificially by letting energetic particles 
strike the nuclei of stable atoms. Such an achievement would, in effect, be 
artificial transmutation (change from one element to another), the dream of 
ancient alchemists who, for more than a thousand years, had vainly sought to 
transmute base metals into gold. Rutherford used high speed «-particles 
emanating from polonium as projectile for this purpose, Because of their high 
kinetic energy,..<-particles can approach very close to the atomic nuclei over- 
coming the Coulomb repulsive forces and in some cases can actually strike the 
nuclei. Rutherford also realised that due to high nuclear charge, atoms of 
heavy-elements would strongly repel «-particles. So the chance of striking 
nuclei would be increased by selecting only lighter elements for bombardment. 


Rutherford's experiment: The discovery of proton. 


The apparatus that Rutherford used is shown schematically in Fig. 30:6. It 
consisted of an air-tight chamber that could be filled with various gases. An 
TO PUMP adjustable holder was inserted into 
SOURCE OF the chamber at one end, supporting 

X-RAYS  METALFOIL wcposcope 9 Small amount of polonium as 
j «-source, An opening at the 
f d opposite end of the chamber was 
closed with a metal foil thick enough 

to stop all the «-particles emanating 
Nz OR OTHER GAS FLUORESCENT. from the source. Just beyond the 


oer tal foil a fi t d 

; me oil a fluorescent screen an 
Fig. 30:6: Rutherford's apparat 4 

E VU enr beyond that, a microsope for obser- 


ving scintillations were placed. 

No scintillations were observed with oxygen or carbon dioxide in the chamber. 
But when nitrogen was used, scintillations were seen even when the distance 
of the sources from the screen was as much as 40 cm, six times as great as the 
range of «-particles in nitrogen at atmospheric pressure. The scintillations were 
obviously caused by particles with a much longer range than «-particles. By 
magnetic deflection experiments, Rutherford measured the e/m value of these 
particles and identified them to be hydrogen ions or protons. He repeated the 
above experiment with atoms of other light elements and always obtained 
protons. Then what was the source of these protons > After detailed investi- 
gation, Rutherford proposed a bold explanation : when an «-particle strikes a 
nitrogen nucleus, the latter ejects a proton. The «-particle is itself captured by 
the nucleus which it hits, so that the product is a nucleus not previously present. 
Thus, schematically 

nitrogen nucleus--«-particle —-» new product nucleus+proton 

By writing the usual nuclear symbolfor each particle and applying two 

conservation principles, we can identify the product nucleus. The two con- 


‘ 
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servation principles, are (1) conservation of mass number and (2) conservation 
of nuclear charge (atomic number). Thus the reaction equation, the nuclear 
reaction equation as it is called in analogy with chemical reaction, becomes 
NM ES He | —— QU. + 5p 
(«-particle) (proton) 

Conservation of mass number demands that the product nucleus must have 
the mass number 4—17 so that the sum of the superscripts remains the same on 
both sides of the equation. Similarly, according to the conservation of nuclear 
charge, it must have atomic number Z=8. Thus the product nucleus is a less 
common isotope of oxygen (,07”) and hence given the chemical symbol O in the 
above equation. That is to say, Rutherford had transmuted nitrogen into 
oxygen and fulfilled the ancient alchemic dream in an unexpected form. 


30:13. Disintegration of lithium by proton. 


Rutherford, succeeded in producing a variety of nuclear changes by using 
«-particles emitted from natural radioactive substances. Then he considered 
the possibility of using artificially accelerated particles forthis purpose. The 
particle selected first was proton—for its charge is half that of an «-particle and 
consequently the Coulomb repulsive force exerted by the nucleus on it will be - 
one-half that on an «-particle, Thus a proton has a better chance of striking a 
nucleus than an «-particle travelling at the same speed. At Rutherford's 
suggestion, Cockroft and Walton built an electrical particle accelerator which 
accelerated protons by allowing them to fall through a potential difference of 
several hundred thousand volts, In 1932, they bombarded a target, the 
nucleus of lithium, with such high energy protons. Lithium was selected asa 
target because it is a very light element, and therefore the repulsive forces are 
very small, Thus Cockroft and Walton succeeded in transforming lithium 
nuclei. In this reaction a lithium nucleus captures a proton to form a highly 
unstable nucleus of beryllium (,Be*) which instantly splits up into two 
«-particles having high kinetic energy. In symbol, the reaction is 

aLi?+,H > Bet — ,Het+ Het 2s 

The importance of Cockroft and Walton’s experiment not only lies in the 
fact that lithium was transmuted into «-particles or helium, but also in the fact 
that it provided the first experimental verification of Einstein's equation of ae 
energy equivalence, From the observed range of the two «-particles M ede 
kinetic energy was computed. This was found to be greater than the PW 
energy of the incoming proton by 17:3 MeV. Thus the total energy © 


System was increased by 17:3 MeV. 
We now write the exact mass values involved in the 
the net decrease in mass of the system. 


reaction and compute 


Initial masses Final masses 
,LÀ: 7°0160 a.m.u. Het: 4:0026 a.m.u. 
1H! : 10078 a.m.u. x2 
.8-0052 a.m.u. 


8:0238 a.m.u. 
P-I1/41 ; oe: 
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Hence, the net decrease in mass of the system —0-0186 a.m.u. Since 1 a.m.u, 
is equivalent to 931 MeV, the decrease in mass is equivalent to an energy release 
of 0:0186 x 931 —17:3 MeV (approx). 

Thus the value from Einstein’s equation agrees very closely with the experi- 
menta! result. 

Cockroft and Walton were able to transmute a number of other elements 
using high-energy protons as projectiles. Later on, various accelerators were 
designed to extend the energy range of charged particles, such as protons, 
«particles, deuterons* and electrons, These particles were successfully used in 
numerous transmutation experiments. 


30:14, The Discovery of Neutron, 


After Rutherford's drst experiment on artificial tranmutation, many scientists 
engaged themselves in the study of bombardment of nuclei with «-particles, In 
1930, Bothe and Becker reported that beryllium, when bombarded by fast 
«-particles from polonium, emitted a very penetrating “radiation” that was not 
deflected by magnetic or electric fields. Obviously, it was thought to be 
consisting of high energy y-photons, Indeed, its pentrating power exceeded that 
of any y radiation then known. 


Irene Curie and Frederic Joliot** found that this radiation could knock out 
protons at a very high speed from hydrogen containing materials such as paraffin. 
Measurement of the energy of ejected protons and subsequent calculations 
showed thatthe incoming photons must have energy of the order of 50 MeV. 
Such large amount of energy of y-ray photons could not be accounted for from 
theoretical considerations. At last, in 1932, Chadwick showed that these diffi- 
culties disappear completely if it was assumed that the penetrating “radiation” 
consisted not of photons but of particles of mass 1:0087 a. m. u. (about 0:1% 
greater than that of protons) but with no net charge. These particles are now 
called neutrons. The reaction can then be written as 


4Be*-- Het —— 09? —» ,Ci8+ nt 
Where n! is the symbol for neutron, a particle with charge or atomic 
number Z—0 and mass number 4—1. That is, if an «-particle strikes a 
beryllium nucleus, it is captured within the nucleus and a highly unstable isotope 
of carbon (,C'*) is formed. The latter then forms the stable isotope ,C! of 
carbon by emitting a neutron. 


The emission of neutrons from nuclei, such as of beryllium atoms, indicates 
that these are fundamental particles. Actually, with the discovery of proton 
and neutron, it was recognised that a nucleus was composed of protons and 
neutrons held together by Strong nuclear forces. Also, it is now known that 
the neutron disintegrates when freed from its parent nucleus ; i. e., the free 
neutron is radioactive and it changes to a proton by emitting a f-particle 
(electron) plus a neutrino, The half-life of a free neutron is about 12 min. 


E en ee LESS SN 
* Nuclei of deuterium (:H?), an isotope of hydrogen. 
+» Daughter and son-in-law of Pierre and Marie Curie, 
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However, inside the nucleus, the neutrons are not normally radioactive. This 
accounts for the stability of the nucleus. Only im the case of radioactive nucki, 
the B-emission is ascribed to the decay of a neutron. 


Since neutrons have no charge, they can penetrate into matter, even into a 
block of lead, without loosing their energy when passing close to electrons and 
nuclei. Also neutrons can approach charged nuclei head-on without experienc- 
ing the strong Coulomb force that deflects or repels charged particles. They 
may therefore penetrate into nuclei when their energy is comparatively low. This 
renders neutrons as ideal ‘‘shots” for bombarding nuclei. Moreover, in a 
head-on collision with a hydrogen nucleus of approximately equal mass, a 
neutron gives up all its kinetic energy to the hydrogen nucleus and the latter 
leaves its place with high speed as a proton, This accounts for the high speed 
protons obtained in Curie and Joliot’s experiment. 


30°15, Artificial Radioactivity. 


In 1934, I. Curie and F. Joliot discovered one of the most important 
phenomena in Modern Physics, namely artificial radioactivity. They bombar- 
ded aluminium with «-particles from polonium and found neutrons and 
positrons coming off from aluminium. Emisssion of neutron from «-bombarded 
light nuclei was then already known. Positron was discovered by Anderson, in 
1932 in course of his study with cosmic rays. Now Curie and Joliot found 
positrons as a result of «-bombardment. But this became far more interesting 
when they observed, quite unexpectedly, that unlike neutrons the emission of 
positrons did not stop even when the bombardment of aluminium by «-particles 
was stopped. The positron activity was observed to fall off with time exactly in 
the same way as a natural radioactive element decays. They concluded that the 
bombardment by «-particles had transmuted the target nuclei to a radioactive 
isotope of other element, which then decayed into stable atoms of another kind 
by emitting positrons. Such phenomenon was called artificial or induced 
radioactivity, They assumed that the artificially radioactive isotope was uP” 
formed according to the reaction 

1AL Het —— P Hont, 
The radioactive phosphorus decays with a half-life of 2'5 min, into stable isotope 
of silicon by the emission of positron : x 
| ag P ——9 SET uuo? 

To prove their assumption experimentally, 
aluminium for a few hours and then separate 
They found the phosphorus fraction to be radioactive. 
life, ,,P3? had never been observed in nature. 

Following the discovery of induced radioactivity, many scientists began to 
produce radioisotopes by bombarding different elements with various particles. 
For example, Lawrence exposed common salt (NaCl) to a beam of high energy 
deuterons and obtained radioactive sodium. The reaction was ; 

„Na? +,H? —> yNa™+,H? 


Curie and Joliot irradiated 
d the phosphorus chemically. 
Due to its short half- 
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The radioactive sodium isotope ,,Na*4 decays by the emission of a f-particle 
and y-ray photon : 


11Na™ — ,.Mg*+ e. py 
with a half-life of 15 hr. The radioisotope ;,Na**, called radio sodium, is never 
found in nature due to its short half-life, 
Ordinary silver , Ag!" when bombarded with slow neutrons yields ,, Ag10 
which is f-radioactive with half-life of 2:3 min. ‘The reactions are, 
4; ABI ont —+ Agios 
and Ag — , ,,Cd1084 eo 
In the years since the discovery of artificial radioactivity, several artificial 
isotopes have been prepared for each element of the periodic table. The total 
number of artificial radioactive isotopes known today exceeds 1500, while there 
are only 40 natural radioactive isotopes and 260 stable (non-radioactive) ones. 


30-16, Applications of artificial radioisotopes. 


After their discoveries, many of the artificial radioisotopes quickly found 


significant applications in science and engineering, some of which are described 
below. 


(1) Radioactive indicator or tracer: Perhaps the most important 
application of artificial radioisotopes is their use as tracers in experiments on 
plants and animals. The method is based on the fact that radioactive isotopes 
enter into the same chemical reactions as the normal stable isotopes, since they 
have the same electron configuraiion, Compounds having one of their atoms 
radioactive (called Jabelled compound, e.g, KH,P*O, with phosphorus atom 
replaced by ,,P?3) are allowed to take part in biochemical processes and the 
path of the radioactive atoms can be traced in Space and time by means of 
a sensitive radiation detector such as a Geiger counter of ionisation chamber. 
Radioisotopes thus provide biologists with a powerful toolfor investigating 
fundamental processes occuring in living matter. 


(2) Medical use: In medicine, radioisotopes are used for both diagnosis 
and therapy. To investigate poor blood circulation, a minute quantity of radio- 
sodium chloride solution is injected in a vein in forearm and a Geiger counter is 
placed near a foot of the patient. If the circulation is normal, counter detects 
radio-sodium in a few seconds. Failure to this indicates an obstruction to blood 
flow somewhere and the place can be detected by moving the counter, 


Patients with overactive thyroid, a gland that controls the rate of metabolism, 
are treated with radio-iodine (I3, half-life 8 days). Taken orally as sodium 
iodide it passes into blood stream and Concentrates in the thyroid gland. y-rays 
emitted from radio-iodine then partially destroy the gland, thereby reducing its 
activity. 

Radio-cobalt (.,Co®, half-life 5-3 year) is a f-emitter and a most potent 


source of high energy y-rays, Because of its cheapness, y-rays from it is used 
for the radiotherapy of cancerous tumours, 
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(3) Radio-carbon dating:  Radio-carbon (,C, half-life 5600 year) is 
produced in the atmosphere continuously by the impact of high energy neutrons 
of cosmic rays on nitrogen nuclei : 


„N4 n! — CH. L.HI 
Radio-carbon decays with the emission of a f-particle : 
«C — NIC] Le 


In the atmosphere the concentration of radio-carbon is more or less fixed due 
to an ‘equilibrium’ between its production and its diminution by decay. 

Radio-carbon atoms are incorporated into molecules of CO, in the air and 
some of these ‘labelled’ molecules are taken in by plants and thus by animals 
that feed on these plants. Inthe body of each organism the concentration of 
radio-carbon eventually reaches an equilibrium value, When death comes, the 
intake of radio-carbon stops. From the time of death, the concentration of 
radio-carbon decreases steadily by decay as time passes. Hence, old wood 
contains less radio-carbon than new wood. Similarly the concentration of 
radio-carbon is less in old bones than in new ones. Thus by measuring the 
ratio of ¿C to ,C!? in a sample of ancient wood or in bones or in fossiles, the 
time since the death of the organism can be computed. The process is known 
as radio-carbon dating. Thus radio-carbon furnishes a radioactive clock to 
anthropologists just as uranium provides a radioactive clock to geologists. 


30:17. Bombardment of uranium by neutron ; Transuranic elements. 


In our discussions on neutron it was pointed out that due to lack of charge, 
neutrons are ‘ideal shots’ for bombardment of nuclei. In bombardment of a 
lighter nucleus (say, zX) by a slow neutron, the nucleus usually absorbs the 
neutron and a radioactive isotope of next higher mass number (;X^*1) is 
formed, This type of reaction is called meutron capture. The radioactive 
isotope formed by neutron capture is usually transformed by f-emission 
into the element of next higher atomic number (;,, Y^*!) For example, when 
aluminium (,,Alt") is bombarded with neutrons, it changes to a radioactive 
isotope of aluminium, ,,AP*, which after emitting a f-particle becomes stable 
isotope of silicon (4,9125). In symbol, the changes are, 

aAl??+ n! — ,,AP* —> 1, S19 + _,e° : 

In effect, by neutron capture and consequent f-decay, an element is 
transformed into the next element of the periodic table having atomic number 
greater by unity. 

In 1934, the eminent nuclear physicist, Enrico Fermi, attempted to produce 
by this way à transuranic element i.e., an element of higher atomic number 
than uranium (atomic number 92), then known to be the Jast member of the 
periodic table. But when uranium was bombarded with pirana iri 
many things happened. It took several years for all the reactions Ape dun 
this process to: be fully understood. The main ditfenlty ties in oe i 
natural uranium consists essentially of two isotopes, sU pedis Sb adu 
ratio of about 99:39, and 07% respectively. When bombarded wi 


645 ELEMENTS OF HIGHER SECONDARY PHYSICS 


neutrons the more abundant fraction ,,U*9? is more likely to undergo neutron 
capture while the less abundant one „U? undergoes a completely different 
reaction, called nuclear fission, which we shall discuss in the next article. : 

However, when bombarded with slow neutrons ppU? captures a neutron to 
form U, It is highly radioactive having half-life of only 23 min, and 
disintegrates by f-emission into a transuranic element of atomic number 93. 
This new element was called neptunium (Np). In symbols, the reactions are 

s1U?99-- on! —_, pU __, Np? +e? 

Neptunium is also radioactive having half-life 2-3 days. It, too, emits a 
B-particle and transforms into another transuranic element, called plutonium with 
atomic number 94. Or, 

— saNp!? —> „Pu eo 

Plutoniuní is also radioactive («-emitter), but has very long half-life of 24,000 

years ; it djsintegrates very slowly and has little radioactivity. 


During the last four decades a number of transuranic elements have been 
obtained after plutonium. These are listed in the following table. 


Atomic number Name 


95 Americium 
96 Curium 
Barkelium 
Californium 
Einsteinium 
Fermium 
Mendelevium 
Nobelium 
Lawrencium 


30-18, Nuclear fission. 


]n 1939, two German scientists Hahn and Strassman reported an unexpected 
discovery, namely the splitting of an uranium nuclei into two fragments of 
nearly the same mass and charge. While bombarding uranium with neutrons, 
they found one of the product to be radioactive barium, „Ba, If one part 
has atomic number 56, then the other must have an atomic number 36. An 
element of atomic number 36 corresponds to krypton. They looked for krypton 
among the products and found it. Thus according to them 

Uraniuni-4- Neutron > Barium + Krypton 


This phenomenon of splitting a nucleus into . two approximately equal parts is 
called fission-—the word being coined from biology where it is used to describe. 
the process of division of some organisms, such as paramecia, to form new - 
individuals. j i 

As stated earlier, natural uranium consists of two isotopes ,,U?9* and ,,U*#, 
Hahn and Strassman discovered that only ,,U*5 is fissionable by slow neutrons 
used by them. Moreover, it was found that fission is always accompanied by 
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the release of a few highly energetie neutrons. Thus the fission of ,,U*** as 
discovered by Hahn and Strassman can be written as 

og U5 4 gn? —-> ppU —-> ,,Bal!+ ,Kr??-- 3n! 
which means that when bombarded with a neutron an uranium nucleus trans- 
forms into a highly unstable isotope of uranium (,,U**) which immediately 
splits up into two fragments—a barium and a krypton nuclei—and thereby three 
neutrons are released (Fig, 30°7]. 

It is to be mentioned here that this is by no means the only way .U** can 
split under the impact of neutrons ; 
it can split in at least 30 different 
ways. Actually the fission of ,,U?*5 
by neutrons produces a wide range 
of pairs of products. The fission 
fragments may range from atomic 
number as low as 30 (zinc) to one as 
high as 64 (gadolinium). However, 
the pair lanthanum (La) and 
molybdenum —(,,Mo?*) forms in 
greatest abundance. Thus fission is Fig. 307: Fission of „U= 
a new type of nuclear reaction, the first that produced particles more massive 
than « particles, 

The fission-fragments produced are found to be radioactive and they undergo 
a series of radioactive transformations. Thus more than hundred isotopes of 
about twenty elements were found in the fission products of uranium. 

Besides uranium, thorium and plutonium were also found to undergo fission 
under the impact of neutrons. 


30-19. Energy released in fission. 

Every fission reaction is accompanied by the liberation of a tremendous 
amount of energy. The energy released in the fission of an atom of uranium 
(no matter how it splits) is approximately 200 MeV. This is about 100 times 
greater than the energy released in an ordinary nuclear reaction and 50 million 
times the enesgy released in the combustion of a carbon atom. 

The energy released in the fission per atom of uranium can be calculated as 
follows : 

According to Hahn and Strassman’s scheme the fission reaction as stated 
before, is 


92 i 
(UNSTABLE) gf 
56 


pU + on? ——> s Ba! + Kr?! + 3pm? i 
The total masses in a m.u, of the initia] and the product nuclei are 


Initial masses - Final masses 
nU: 235:0439 a, m.u. Ba : 140:9139 a.m.u. 
em : 10087 a.m.u, kr? : 918973 a.m.u. 


30} : 30261 a.m.u, 
236:0526 a.m.u. 235:8373 a.m.u. 
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Therefore, the mass loss is 0:2153 a.m.u. Since | 8.m.u. is equivalent to 
931 MeV, the mass loss is equivalent to an energy release of (0:2153) x 931-200 
MeV. 

It can be shown that if 1 kg of uranium is completely fissioned, the energy 
released would be 8-2 x 1013 joule, which is sufficient to Supply energy at the rate 
of 2:2 Megawatt continuously for 1 year. : 


30:20. Chain reaction. 


Fission of every nucleus is accompanied by the release of 2 to 3 neutrons, 
called secondary neutrons. On an average 2:5 secondary neutrons are set free 
in the fission of a uranium (oU?) nucleus, These secondary neutrons are 
highly energetic, and they can cause fission of other uranium nuclei. Thus, once 
started, the- fission reaction can perpetuate itself, provided there is enough 
uranium present so that the 
Secondary neutrons produced will hit 
other uranium nuclei, For example, 
let us assume that 2 Secondary 
neutrons are released per fission and 
each secondary neutron splits a 

& ( nucleus of another uranium atom 

b aba [Fig. 30:8]. In such a case, the 2 

— Secondary neutrons released in the 
zO e? A first fission would strike 2 nuclei and 

j release 4 secondary neutrons ; the 4 
neutrons would strike 4 nuclei and 
ie) release 8 neutrons: the 8 neutrons 

@FISSION FRAGMENTS e. would strike 8 nuclei and release 16 
neutrons and so on. Since the 


5 

CN 23 
secondary neutrons are highly ener- 
Fig. 308: Chain reaction in „U=, For  8etic, they move very fast. It can be 
simplicity only 2 secondary neutrons shown that within 10-* sec of its 
per fission is shown release, a secondary neutron is 
; captured by another nucleus. Thus 
in a lump of uranium, sufficiently large so that nearly all secondary neutrons 
released are captured by uranium nuclei before they leave the lump, the fission 
increases at a fantastic rate. This type of self sustaining reaction is called a 

chain reaction. 

The smallest amount of fissionable material in which such a chain reaction 
can be set up is called the critical mass. If the reaction is set up in a sample of 
fissionable material greater than the critical mass, the reaction will accelerate and 
within seconds the whole sample will be used up. Thus a tremendous amount 
of energy will be released as heat within a short time and this will cause violent 
explosion. Such uncontrolled chain reaction operates in atom bombs. 

However, if suitable materials are Used to absorb or slow down the secondary 
neutrons, a controlled fission reaction can be established in which energy can be 
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produced at controlled rate, The nuclear reactors were constructed based on 
this principle and are used as sources of energy for peaceful purposes. 


30:21, Nuclear fusion, 


The fission of heavy nuclei, already described, is one way to obtain nuclear 
energy, Another way is the fusion ( or joining together) of light nuclei into 
larger nuclei, if in this process there isa decrease in mass. Sucha Teaction, 
called nuclear fusion, occurs in the interior of the stars, This has been attained 
in hydrogen bomb and a controlled form of this fusion is being actively searched 
in various laboratories for useful power generation. 

The possibility of releasing nuclear energy by the fusion of light elements 
was first realized when in 1938, H, Bethe and C. Weizsacker proposed inde- 
pendently a series of exothermic nuclear reactions to account for the heat of the 
sun and the stars. The net result of these n iclear changes is equivalent to the 
fusion of 4 hydrogen nuclei (protons) to form a helium nucleus («-particle) and 
two positrons with the release of a large amount of energy. Symbolically, the 
resultant reaction can be written as 

4;H! —— ,He‘+2,,e°+ energy. 
The energy liberated can be calculated from the mass loss as follows : 


Initial masses Final masses 
4H! : 40313 a.m.u. Het: 40026 a.m.u. 
24° : 0:0011 a.m.u. 
4:0037 a.m.u. 


The difference 0:0276 a.m.u. is equivalent to (0-0276x931)=25'7 MeV. If 
the energy released in the subsequent anihilation of the two positrons is included, 
the total energy liberated becomes 25°7+-(0-0011 x 931)=26'7 MeV. This 
energy is less than that liberated per fission reaction of uranium-235 which is 
estimated to be about 200 MeV (c.f. Art. 30°19), But calculations show that in 
the fusion reaction approximately 0-7% of the mass is converted into energy, 
Whereas in the fission of uranium nucleus only 0:195 of the mass is converted 
into energy. This makes the fusion reaction more efficient than the fission 
Teaction for energy production. The energy released by the fusion of 1 gm 
hydrogen is about 6:3 x 10" joule, This is a fantastic amount and is about 7-3 
times greater than the energy released per gm of uranium-235 by fission. 

Most of the energy released in fusion reactions appear as the kinetic energy 
of the product particles. Thus the materials in which these reactions are 
ccuring will be in a high state of agitation, which in turn corresponds to a high 
temperature, This accounts for the enormous internal temperature of the sun 
and the stars, idc 

We have seen earlier that fission reactions take place very easily with 
neutrons even at ordinary temperature. The fusing of nuclei is, eid ipa 
very difficult process, This is because all nuclei are positively charged an 
in order to bring them close enough together to fuse, they must have nied high 
speeds to overcome the forces of Coulomb repulsion. Artificial ‘particle 
accelerators can accomplish this easily enough for light nuclei, but they generally 
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deal with relatively few nuclei at a time. Also, the chance that such an 
accelerated nucleus will strike another nucleus is very small. Thus the process 
is extremely inefficient and more energy must be supplied in order to start the 
fusion reaction than is realized from the reaction. 

The only known way to initiate a fusion reaction is to bring the fusible 
materials toa very high temperature so that the speed of thermal motion of the 
nuclei becomes greater than that needed for their fusion, For this reason fusion 
is also called a thermonuclear reaction. Indeed, the hydrogen-helium reaction 
takes place in the sun (and in the stars) where the temperature is about 
2x10? degree Celsius. However, it should be mentioned here that even at this 
temperature the fraction of solar hydrogen nuclei having the necessary speed for 
fusion is very small. But the total amount of hydrogen present in the sun is so 
great that it accounts for the enormous solar energy. Measurements show that 
only 1% of the solar hydrogen is converted into helium in a billion years. This 
means that even if the present rate of energy output of the sun is maintained, 
which is as great as 4x 10° watt, there is enough hydrogen fuel in the sun to 
make its energy production last some tens of billion years longer. 

A question that naturally follows—‘how thermonuclear reactions were 
‘ignited’ in the sun or in the stars?’ The probable cause of the initial heating 
that started this reaction was the contraction of the steller matter under the 
action of forces of gravitation and the consequent transformation of the large 
amount of gravitational potential energy into internal heat energy. 


Man-made fusion. 


The rate of fusion reaction between hydrogen nuclei (,H?) is very slow. It is 
known, however, that the nuclei of heavier isotopes of hydrogen, e.g., deuterium 
GH?) and tritium (,H*) have a rather higher rate of fusion reaction and such 
reaction evolves more energy. Examples of such fusion reactions are : 

Ha, H? —— ,He®+,n'+3-25 MeV 
,H?4-,H? —— ,H'+,H'+4 MeV 
,H?+,H® —— ,Het -n14- 17:6 MeV 

The tritium-deuterium reaction not only yields the greatest amount of energy 
but it also takes place most rapidly. ‘his fact indicates the possibility of using 
tritium-deuterium reaction in man-made fusion on earth. Deuterium can be 
readily obtained from heavy water (deuterium oxide) which is present, although 
in a very small fraction, in ordinary water. Tritium is not found in nature but 
can be prepared from lithium by bombarding it with neutrons. The reaction is 

sLif+ n’ ——. ,H*+,He* 

Moreover, the compound lithium deuteride can be used to supply both 
tritium and deuterium when bombarded with neutrons, 

On earth, an uncontrolled fusion reaction can be triggered by detonating a 
fission bomb placed within a mass of fusible materials, such as a mixture of 
deuterium and tritium in right proportion or lithium deuteride. The explosion 

— of the fission bomb causes the temperature of fusible material momentarily to 
ise higher than at the centre of the sun. The fusion reaction then starts and 
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once started, it maintains the temperature on its own to keep the process going 
until all the fusible materials present is exhausted. Moreover, the fission bomb 
might provide the neutrons for the reaction with lithium deuteride used as the 
fusible material. These are the processes involved in so called hydrogen bomb, 
first tested in 1952. 

It may be noted that the concept of critical size does not arise in fusion 
reaction ; the energy liberated in fusion reaction depends exactly on the amount 
of fusible material present and hence there is no theoretical limit to the size of a 
hydrogen bomb, It is the larger size and the higher conversion of mass to 
energy that make a fusion bomb far more destructive than a fission bomb. 


Controlled fusion. 


Scientists of our times prefer fusion reactions more than fission of uranium- 
235 as the source of energy for the following four main reasons. Firstly, a 
fusion reaction yields higher cov version of mass to energy than any fission reac- 
tion. Secondly, deuterium and tritium are much easier and cheaper to obtain than 
uranium. As stated earlier, deuterium can be obtained easily from heavy water 
present in ordinary water. Sea water would, therefore, provide plenty of fusible 
fuel. Also tritium can be prepared from lithium-6, a plentifal isotope of 
lithium, by bombarding it with neutrons in nuclear reactors. Thirdly, the 
supply of uranium and thorium like those of coal and oil, are strictly limited. 
But the amount of fusible materials on earth is practically unlimited. Lastly, a 
fission reaction produces dangerous radioactive waste products that have to be 
disposed of, usually in the sea. Yet, this practice threats mankind of radiation 
hazard in future. Scientists are now even considering seriously to throw away 
the waste products of nuclear reactors into space through rockets. A fusion 
reaction on the other hand does not produce any dangerous waste. 

Unfortunately, although many scientists all over the ‘world are trying to 
control the fusion of hydrogen isotopes (fusion réactors) and to utilize the 
resulting energy for peaceful purposes, none has so far succeeded. There are 
three main problems. The first is to create a temperature of million degrees to 
start the reaction, Obviously, fission bombs cannot be used for this purpose. 
The second is to construct a vessel which will contain a reaction taking place at 
such a high temperature, All known materials vaporize instantly at this 
temperature. Finally, the way of extracting the energy from the reaction. 
These are the problems that pose the greatest challenge to twentieth century 
scientists. Some breakthrough has, however, been made, Discussions of these 
topics are beyond the scope of this text. 


@ EXERCISE 6 


[A] Essay type questions, 

1. (a) What do you mean by radioactivity ? (b) What types of radiations are emanated 
from a radioactive substance ? Describe their properties briefly. (R.S. 78] 

2. Explain how can you conclude that radioactivity is a nuclear phenomenon. 

Name the different types of radiations emitted from a radioactive substance. How can 
you identify them with the help of a simple experimental arrangement ? 
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3. What are «, Band yrays? What happens to a «-particle after it passes through a 
distance in air ? [ Jt. Entrance '76 } 

4. Whatare«-rays? State some of their salient properties. How was their identity 
with helium nucleus established ? : 

5. What do you mean by radioactive decay and transformation? State displacement 
laws (Soddy's) in connection with radioactive decay. Explain them with examples. 

6. What isradioactive decay ? Draw the decay curve of a radioactive substance. What 
informations do you get from such a curve ? State the law of radioactive decay. What is 
decay constant ? 

What is meant by half-life of a radioactive substance? What does it signify? State its 
relation with the decay constant of the radioactive substance. 

7. (a) What is radioactivity? Deduce the law of radioactive decay. (b) What are the 
experiments by which you can prove that three types of radiations are emitted in radioactivity ? 
What are their structures ? [ Jt. Entrance '80 } 

8. What is radioactivity ? Why it is believed that it is a nuclear phenomenon? What is 
radioactive decay and what is the half-life period of a radioactive element ? ( H. $.'83] 

9. State and compare the properties of «, 8 and y-rays ? 

10. What is a radioactive series? Namea few radioactive series. Briefly mention two 
applications of natural radioactivity, What do you mean by radioisotopes ? 

11. Write short notes on : 

(i) Atomic mass unit, (ii) The curie, (iii) Luminescent paint, (iv) Radium emanation, 
(v) Penetrating power of <, B and y-rays, (vi) Radio-carbon dating. - 

12. What is meant by mass-energy equivalence ? State Einstein's equation regarding this. 
What is the energy equivalent of a mass of 1 gm? Show that one atomic mass unit is equi- 
valent to 931 MeV (appox.) 

13. Give an account of the artificial transmutation of an element. Why it is more difficult 
to produce artificial transmutation of heavy atoms than light atoms by bombarding with «- 
particles or protons ? Hence explain why neutrons are ‘ideal shots’ for bombardment of nuclei. 

14. Describe Rutherford’s experiment on bombardment of nitrogen by «-particles. Explain 
how this experiment led to the discovery of proton and of artificial transmutation of matter, 

15. Why a proton is considered as a better projectile than a «-particle of same velocity to 
transmute a nucleus ? 

Cockroft and Walton bombarded lithium with accelerated protons. What was the result of 
their experiment? How the result provided the first experimental verification of Einstein’s 
equation of mass-energy equivalence ? 

16. (a) What is meant by artificial transmutation of elements ? How are such transforma- 
tions produced ? 

(b) If «-particles are used as projectiles to transmute a nucleus of mass number A and 
atomic number Z, what will be the values of A and Z of the product nucieus if— 

(i) protons are ejected, and (ii) neutrons are ejected. ( H.S. '79j 

17. Give a brief account of the discovery of neutron. Discuss the nature and characteris- 
. tics of such a fundamental particle, 

18. What do you mean by artificial radioactivity ? Name a few ( at least three ) artificial 
radioisotopes. Write equations showing their production and decay. Indicate also their 
half-lives. 

Give a few examples of applications of artificial radioisotopes. 

19. What do you mean by a transuranic element ? How such an element is produced ? 
Name a few transuranic elements. 

20. Explain, giving suitable illustrations, the phenomena of nuclear fission and nuclear 
fusion, [H. $.'78] 
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21. (a) Explain how energy is released by nuclear fission ? 

(b) Express the energy equivalent of one milligram mass in units of erg. 

(c) Show that radioactive decay follows an exponential law. LR. S. '80] 

22. What is nuclear fission? How does it differ from nuclear fusion ? What is the source 
of energy in both the processes ? In order to obtain energy from nuclear fusion, fission must 
precede fusion, Explain why. [ Jt, Entrance, '81 ] 

23. What is meant by chain reaction? When a chain reaction is said to be uncontrolled ? 
How can a chain reaction be controlled ? Mention the uses of a controlled and an uncon- 
trolled chain reactions, 

24. (a) Explain the difference between nuclear fission and nuclear fusion. Which one has 
greater potential as a source of energy and why ? 

(b) What is the difference between cathode rays, X-rays, «-rays, B-rays and y-rays ? 
Indicate broadly the range of wavelengths for the following cases :— 

(i) Infra-red rays, (ii) Medium range radio waves, (iii) Visible rays, (iv) X-rays, 
(v) Ultraviolet rays, (vi) y-rays. [ Jt. Entrance '78 } 

25. Give an account of the ‘fusion’ phenomenon and show how it accounts for the energy 
of the sun and stars. Give an example of the man-made fusion on earth. What are the 
difüculties in controlling a fusion reaction on earth ? 


[B] Short answer type questions, 


1. Explain—'The half-life period of radium is 1590 years’. How does a product nucleus 
differ from its parent nucleus when it emits (i) an «-ray, (ii) a B-ray and (iii) y-ray ? 

: [ Jt. Entrance, °79 ] 

2.(@) What is half-life in relation to radioactivity ? 

Some nuclides have half-life of 10 hr. If there is 1 gm of the nuclide initially, what 
fraction of it will remain after 40 hours ? 

(b) State Einstein's energy-mass relation. What is the energy equivalent of a mass of 
1gm? [ Jt. Entrance, '80 ] 

3. Which emits the y-rays—the parent nucleus or the product nucleus ? 

4. The half-life of a radioactive element is 1 year. You are given 2 gm of it. How much 
of the element will remain after 4 years ? 

5. An atomic nucleus is expressed as „MA, What do you mean by it ? 

What will be the resulting nucleus in each case if an «-particle and a £ particle and a 
positron are emitted in succession from it ? : 

6. Tho nucleus of „U? emits eight «-particles and six f-particles successively and is 
transformed into an isotope of lead. What is the mass number and atomic number of the 
isotope of lead ? Express this symbolically. 

7. We know that there are no electrons in a nucleus. Then how p-particles are emitted 


from the nucleus ? 
8. Do all tho f-particies come out of tho nucleus with the same energy ? State also the 


case of «-particles. 

$ Is thore any similarity between the emission of y-rays and electromagnetic radiation 
from an atom ? 

10, (a) The radio isotope ».U™ of uranium undergoes two successive p-decays and trans- 


. Determine the atomic number and mass number of 
forms to an isotope of plutonium (Pu) r PA din 


the new isotope. = 
(b) '"Al is bombarded with <-particles to produce the artificially radioactive isotope ,,P 
which pen by positron emission to ?,Si. Write down the relevent equations a the 
transformations. ; [ H. $.' 79] 
11. What is the energy equivalent of a proton (assuming all the mass converted to energy) 


in (c) erga? (b) electron volts 7 V 
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12. What do you mean by a nuclear reaction? Complete the following nuclear reactions : 


(i) HiL ‘e+? (H) .N%+4,Het+?+,H" 
(iil) go Th, Pat? (iv) 4Be*-4-? -», C -,n* 
(v) nUn? + Kr?! 4-3,n* (iv) s AIT -+ Hets P4? 
(vii) ,N!CE,n14,0H 4-2 (vili) 4O'*-»14- ,c* 
13. Radio isotope ,,P** emits B-rays and is converted to 1S". Write down the relevant 
equation for this transformation. LB. S. '81] 


14.. What do you mean by the statement—“Half-life of Radium is 1622 years”. Half-life 
of an element is 15 hours. What amount of the clement will remain after 45 hours if the 
initial mass of the element be 1 gm ? ( H. S. '81] 

15. How are the mass number and atomic number of a radioactive element changed if 

(i) it emits an alpha particle, 


(ii) it emits a negative beta particle ? [ H. S. '82] 
16. The half-life period of a radioactive element is2 hours. Calculate the mass of the 
element left after 10 hours if the initial mass of the element be 5 gm. [ H. $.'83] 


17. The radioactive isotope **Th (Z—90) emits successively six «.-particles and four p- 
particle. What is the mass number and atomic number of the resulting isotope ? Can you 
identify it ? à : [ H. S. '83) 

18. What is the essential difference between chemical transformation and radioactive 
transformation ? : 

19. How do the neutron-proton ratio of a nucleus change when it emits (a) an «-particle, 
(b) a B-particle, (c) a positron, or (d) a »-photon ? 

20. What is the essential difference between radioactive disintegration and nuclear fission ? 

21. In naturally occuring radioactive decay series there are severa] examples in which a 
nucleus emits an «-particle followed by two f-particles. Show that the final nucleus is an 
isotope of the original one. What is the change in mass number between the original and, the 
final nuclei ? [ London Univ. } 


QUESTIONS 
COUNCIL OF H.S. EDUCATION 
PHYSICS: 1984 
( English Version ) 

Group ‘A’ 
Answer any TWO questions. 


1. (a) Explain with a diagram what you mean by the deviation of a ray of 


light produced by a prism. What is meant by minimum deviation ? 3 
(b) Deduce the relation between the minimum deviation produced by a 
prism and its refractive index. 5 


(c) Refractive index of the material of a prism is 4/2 and its refracting 
angle is 75°. At what minimum angle must a light ray be incident on one of its 


refracting faces so that it may emerge from the other refracting face ? 4 
2. (a) Show by ray-tracing the formation of a virtual image by a convex 
lens. 4 


(b) A concave lens of focallength 15 cm is placed in the path of a 
converging beam of light 3 cm in front of the converging point of the beam. 
Find the position of the point where the beam actually converges after refraction 
through the iens. Draw a diagram to show the formation of the image. — 3-1 

(c) The focal length of a convex lens is 15 cm. An object is placed 
10 cm from the lens. What will be the position, nature and magnification of the 


image ? 4 
3, (a) State the two laws of refiction of light. 2 
(b) Explain with the help of a diagram the lateral inversion of an 

2 


image formed by refiection at a plane mirror. ne 
(c) Keeping the incident ray fixed, if a plane reflecting mirror is rotated 
through an angle e, then the reflected ray is rotated through 20, Prove this. 5 
(d) Two parallel plane mirrors facing cach other are a cm apart, A 

small luminous object is placed between them, b cm from one of the mirrors. 
Find the distance from the object of an image produced by four reflections. 3 
4. (a) What do you mean by the dispersion of light y What is the reason 
for dispersion ? 3 
(b) What do you mean by continuous spectrum and line spectrum f 
Explain their crigin. er 
(c) How can we know what elements are present in a source of light 

from its lise spectra ? ; 
(d) What is the reason for the origin of d&rk lines in the solar 
spectrum ? 2 
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Group ‘B’ 
Answer any ONE question. 


5. (a) State Coulomb’s law of force between two magnetic poles, 

What do you mean by the intensity of a magnetic field at a point? 24-2 
(6) What is meant by the horizontal component of the earth’s magnetic 

field ? , 
A magnetic needle freely suspended in the magnetic meridian at a place 
about its centre of gravity lies inclined at 30° to the horizontal, If the horizontal 
intensity of the earth's magnetic field at the place is 0:36 oersted, what is the 
intensity of the terrestrial magnetic field at the place ? 242 
(c) The material of the bob of a simple pendulum is iron. If a magnetic 
pole is situated just below the bob, then how will the time period be affected ? 
Explain with reasons, 2 
6. (a) Explain with a diagram what you mean by electrostatic induction. 
How has this phenomenon been explained with the help of the electron theory ? 
Explain the statement “Induction precedes attraction.” 4 
(b) State Coulomb’s law of force between two electrified bodies. What 
definition of the unit of charge in e.s.u. has been derived from this ? How is 
this related to the practical unit of electric charge ? 4 
(c) A metal ball carrying 20 ¢.s.u, of positive charge weighs 2 gm. It 
lies at rest just below another small ball carrying a negative charge of 128 e.s.u. 
and suspended by a thread, What is the distance between the centres of the 
balls? (g=980 cm/sec?). 2 


Group ‘C’ 
Answer any TWO questions. 


7. (a) Define Volt and Ampere. 2 


10 electric lamps arranged in parallel, each of resistance 400 ohms when 
glowing: are connected to 220 volt electric mains. What is the strength of the 


mains current ? What is the current in each lamp ? AR 
(b) Explain the Wheatstone's bridge principle of measuring resistance 
with a diagram. 3 
(c) How is the direction of current changed with the help of a 
commutator ? Explain with diagram. 2 


8. (a) Two resistors of resistances 20 and 25 ohms are connected in 
parallel. To this combination is connected in series a resistor of 15 ohms 
resistance and a battery of e,m.f. 5:4 volts and internal resistance $ ohm. 
Determine the current in each resistor and the p. d. across each resistor. 5 

(b) The resistance of the coil of a moving coil galvanometer is 99 ohms 
and a current of 10 milli-amperes produces full-scale deflection of its pointer, 
How can the galvanometer be converted into instruments suitable for measuring 


(i) currents upto 1 ampere and (ii) potential differences upto 100 volts ? 5 


QUESTIONS [iii] 


9. (a) If 20 coulmbs of electric charge flows across a potential difference 
of 220 volts, how much work is done? If this charge flows through a resistor, 
how much heat will be generated init? [ J—42 joules/calorie ], Does it 


depend upon the resistance of the resistor ? 24141 
(b) In the question (a) above, if we assume that the current has flown 
for 1 minute, then what is the resistance of the resistor ? 2 


(o) A wire carrying a current of 10 amp and 2 m in length is placed in 

a magnetic field of 1500 gauss in air. What is the force on the wire if it is 
s (a) at right angles to the field, (b) at 45* to the field and (c) along the 
eld. 4 
10, (a) State Lenz's law regarding the direction of an induced current. 
How is the law explained on the basis of the principle of energy conservation ? 
4 


(b) In the experiments mentioned below, state with reason in what 


direction current will flow in a given closed coil. 
(i) The north pole of a magnet is brought quickly near one end of the 


coil. 
(il) The south pole of a magnet is rapidly moved away from that end 
of the coil. " 


(c) What is meant by the co-efficient of self inductance of a coil ? 
What is the practical unit in which it is measured ? 2 
(d) Why does a spark appear at the switch when a circuit containing a 


coil is switched off. 2 
Group ‘D’ 
Answer any TWO questions. 


11. (a) Explain with a simple diagram the production of X-rays in an 
3 


X-ray tube. 
(b) Why are X-rays called a kind of ‘invisible light? State two of 
their properties which are similar to those of ‘visible light’. j 3 
(c) What is the energy of an X-ray photon of wavelength 1079 cm ? 
Given Planck's constant h=6°62x10-*" erg sec; Velocity of light 0-9» 1017 


cm/sec. 2 
12. What is photoelectricity ? How did Einstein explain the photoelectric 
emission ? 243 


What do you mean by threshold frequency and work function ? What 
3 


is the relation between them ? 
13. (a) What do you mean by n and p type semiconductors ? Explain 


with diagram the use of a semiconductor diode as a rectifier of an alternating 
current, 6 


1 
(b) If an aluminium atom (^ AI) is bombarded with a proton ( 2d »a 
13 
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4 
helium atom ( He ) and another atom are produced. What is the structure of 
2 


the nucleus of the second atom ? Can you identify it ? 2 
14. Write short notes on any two: 4x2 
(a) Nuclear fission 
(b) Bohr's model of the hydrogen atom 
(c) Nuclear fusion 


H, S. PHYSICS : 1985 
Group ‘A’ 
Answer any TWO questions 
1. (a) Explain with a diagram what umbra and penumbra are. 4 
(b) Why are the shadows of birds not seen when they fly at a height ? 
i 5 
(c) How is the rectilinear propagation of light proved by the pin hole 
camera ? 4 
(d) A 6 cm high image of a tower is formed inside a pin hole camera 
when placed at some distance from the tower. From another point 10 metre 
farther from the tower in the same straight line the image is 4 cm in height. 


What is the height of the tower ? Camera box is 20 cm long. 2 
2. (a) Write down the two laws of refraction of light. 2 
(b) What do you mean by the statement, ‘Refractive index of light in 

water is 1:33’ ? 2 
(c) Explain with diagrams what you mean by total internal reflection 

of light and critical angle. 4 
(d) Refractive index of water is 4. What is the critical angle for 

water ? [sin 48°30’=0°75] 2 


A nail is fixed perpendicularly to a circular wooden disc at its centre. 
The disc is floated in water with the nail downwards. What must be the ratio 
of the longest possible length of the nail to the radius of the disc, so that the 


nail is completely invisible from air ? 2 
3. (a) Define the principal focus of a diverging lens and show it in a 
diagram. 2+2 


(b) With the symbols having their usual meaning deduce the following 
formula for a converging lens : 


TONO, URS 4 


(c) Image of a film 50 times magnified in height is to be formed on a 
screen. If the focal length of the lens is 7:5 cm, at what distance from it should 


the screen be placed ? What will be the distance of the film from the lens under 
such condition ? 24-2 


QUESTIONS [v] 


4. (a). Discuss the defect of vision of the human eye called ‘hypermetropia’ 
or long-sight on the following points : 
(i) nature of the defect ; (ii) its cause ; (iii) its remedy. 
(b) A. long-sighted person cannot read from points nearer than 40 cm. 
What should be the power of eyeglasses suitable for the person, if he wants to 
read from a distance of 25 cm ? 4 


Group B 
Answer any ONE question 

5. (a), Define c.g.s, unit of magnetic pole. 2 

(b) The pole strength of each pole of a bar magnet is 20 c.g.s. units, 

How much force willact on each pole of it when placed in a uniform magnetic 
field of intensity 100 Oersteds ? 2 
If the axis of the magnet lies inclined to the magnetic field at an angle 

of 45° and its effective length is 7'5 cms, then what will be the moment of the 
couple acting on it ? : 2 
(c) Define the Dip of the terrestrial magnetism of a place and explain 


it with a simple diagram. 242 
6. (a) What do you mean by the capacity of a capacitor ? D 
(b) Explain on what factors and how the. capacity of a capacitor 

4 


depends. i 
(c) On charging a capacitor with 10 e.s.u. of charge its potential rises 


from zero to 150 volts. What is its capacitance ? How much energy is stored 


in it? 242 
Group C 
- Answer any TWO questions 
7. (a) Whatisa secondary cell? Why is it so called ? ESI 
(b) Explain the action of any type of secondary cell. 4 


(c) What do you mean by the statement, ‘The capacity of a secondary 
cellis 30 ampere-hours’? How much electric charge can be. drawn from it 


without damaging it ? 24-2 


8. (a) State Ohm's law. 2 
(b) Whatdo you mean by the resistance of a conductor ? 2 
(c) What.is resistivity ? 10a what factors does it depend ? 2+1 


g 10 gm is given. What should be the 
de from it so that its resistance may 
1075 

3 


50 ohms a current of 2 amperes 


(d) A lump of copper weighin 
length.and the cross-section of a wire ma 
be 2 ohms? (Density and resistivity. of copper are, 9 gm/cc and 1:8» 
ohm-cm respectively. ] 

9, (a) Through a coil of wire of resistance 


is passed for 5 minutes. Find : 
(i) How much electric charge has flown through the coil ? 2 


(ii) How much work has been done by the source ofe.mf.? 2 
(iii) How much heat has been produced ? 2 
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(b) “A tangent galvanometer and a silver voltameter are connected in 
series and a current is passed through them for some time. On the cathode of 
the voltameter 0-112 gm of silver is deposited in 5 minutes and the deflection 
of the galvanometer remains 30° all through. What is the value of the reduction 
factor of the galvanometer ? [ E.C.E. of silver=0-00112 gm/coulomb] 4 

10. (a) A current is passed through a wire for some time. How does the 
heat developed in the wire depend on each of the following factors >— 
(i) Length of the wire, (ii) its cross-section, (iii) resistivity, and (iv) the 
p.d. across the two terminals of the wire. 
[In the first three cases, assume the p.d. to be constant] 


(b) Definethe B.O.T, unit ‘of the electrical energy consumption. 2 
(c) The main-meter ofa house is marked 10 Amp-220 volts, How 
many 60 watt lamps may be used in the house with safety > 4 


11. (a) Draw a diagram of a simple A.C. Dynamo and explainits action. 4 
(b) State how the c.m.f. of the dynamo stated above will be affected 
in the following cases: | 
' (i) Intensity of the magnetic field is doubled. 
(ii) Number of turns of the coil is increased 5 times, 
(ii) Rate of rotation of the coil is decreased. 
(X) Area of the coil is increased. 
In each ofthe above cases, assume that the other factors remain 
unchanged, 4 


(c) What is the source of electrical energy generated in a dynamo? 2 


Group D 
Answer any TWO questions 

12. (a) What are cathode rays ? How are they produced ? 24-2 
(b) How can you experimentally show that. cathode ray particles travel 

in straight lines and carry negative charge ? 242 
13. (a) Describe a thermionic diode and explain its action. 4 
(b) Explain the principle of rectification of an A.C. voltage by a 

diode, 4 
14. (a) What is radioactivity ? 2 
(b) What is the ratio of the masses of alpha and beta particles emitted 

from radioactive atoms ? What is the ratio of their charges ? 14-1 


(c) The nucleus of a Polonium atom is represented as, ,,Po?*, What 
do you mean by this? Due to radioactivity an alpha particle and two beta 
particles are ejected from it in succession. State the nuclear structure of the 
atoms formed at each stage. 4 

15. Write short notes on any two : 

(a) Semiconductor diode. 

(b) Phototube and its use, 

(c) Artificial transmutation. 2x4 


QUESTIONS [vii] 


H. S. PHYSICS : 1986 
Group A 
Answer any TWO questions 


1. (a) Explain the annular eclipse of the sun with the help of a figure. 3 
(b) Prove that the reflected ray rotates through twice the angle of 


rotation of a plane mirror. 3 
(c) Show how an image is formed by a plane mirror and prove that 
the image distance is equal to the object distance. 3 


(d) What is meant by virtual image and real image? Explain with 


examples. 3 
2. (a) What do you mean by total internal reflection of light and critical 


angle? Find the relation between them. 4 
(b) Determine the velocity of light in glass, if the velocity of light in 
vacuum is 3 x 101? cm/sec, and refractive index of glass is 1:5. 2 


(c) Prove that the minimum distance between the screen and the object 
should be four times the focal length of a convex lens for the formation of a real 
image by such a lens. 4 

(d) The power of a lens is + 4D. What is the focal length and 
nature of the lens ? 2 

3. (a) Deduce the relation between the object distance, image distance and 
focal length of a concave mirror. 5 

(b) What type of mirrors are used (i) as shaving mirror and (ii) as a 
driving mirror by the side of the driver of a motor car and why ? 3 

(c) Using a spherical mirror, an image of a candle flame is formed four 
times enlarged on a screen 9 cm away from the flame. Find the nature, 
position and focal length of the mirror. 4 

4. (a) Explain the angle of minimum deviation of a prism with the help 
of a graph. 2 
(b) Explain the principle of action of a total reflecting prism. 2 
(c) Define emission spectrum and absorption spectrum. How do Fraunhofer 


lines appear in the solar spectrum ? 442 

(d) What do you mean by short-sight of the human eye ? 2 
Group B 

2 


5. (a) Define intensity of a magnetic field at a point. 
(b) What are magnetic lines of force and what are their characteristics ? 
- 2 


(c) Define neutral point. Explain why neutral point fora bar magnet 
whose north pole is pointing north, lies on the perpendicular bisector of the 
magnet and not at any other point. 142 

(d) The distance between two magnetic poles is 10 cm. The pole 
strength of one is five times that of the other. The force acting between them 
in air is equal to 80 dyne. Find out their pole strengths, 3 

Or 
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5. (a) Describe briefly the molecular theory of magnetism. 4 
(b) The horizontal component of earth's magnetic field at Calcutta is 
(+35 oersted and dip angle is 30° N. Find the total intensity of the earth's 


magnetic field at Calcutta. 2 
(c) What do you understand by Curie point ? 2 

(d) What wil you choose—iron or steel—in making a permanent 

magnet and why ? 2 
6. (a) What is the working principle of a lightning arrester ? 2 

(b) Describe with the help of diagrams the charging of a gold-leaf 
electroscope positively by induction. 4 


(c) A positive charge of 20 e.s.u. is situated at a distance of 30 cm 
from a negative charge of 30 esu. What is the potential at a point lying 
between the two charges on the straight line joining them at a distance of 10 cm 


from the first charge ? At what point will the potential be zero ? 3 
(d) What do you mean by an electron-volt ? 1 
Or 
6. Describe a Van de Graaff generator and explain how it works. 10 
Group C 
Answer any TWO questions 

7. (a) State and explain Faraday’s laws of electrolysis, 3 

(b) What are the defects of a simple voltaic cell? State the method of 
rectifying any one of them. 3 


(c) A metal plate of surface area 300 sq. cm has to be coated with 
nickel. What will be the thickness of nickel coating on the plate if a current 
of 1:5 ampere flows for three hours ? Density of nickel is 8'8 gm/cc and E.C.E. 
of nickel is 0-000304 gm/coulomb. 4 

8. (a) ABC is a triangle made up of wire. The resistances of the sides 
AB, BC and CA are respectively 40, 60 and 100 ohms. What is the equivalent 


resistance between the points A and B? 2 
(b) Explain with diagram how an unknown resistance can.be deter- 
mined using Wheatstone bridge principle. H 


(c) A moving coil galvanometer has a resistance of 10 ohms and the 
maximum current that can flow through it is 1 milliampere. What will you do 


to convert it into an ammeter reading upto 10 amperes ? 4 

9. (a) State and explain Faraday's laws of electromagnetic induction. 4 

(b) What do you mean by a non-inductive coil ? 2 

(c) What is Seebeck effect ? Explain neutral temperature with the 

help of a diagram. 2+2 

10. Write short notes on : (a) alternating current and (b) d.c, motor. 4+6 
Group D 


Answer any TWO questions 
11. (a) What is photo-electric effect ? 2 


QUESTIONS [ix] 


(b) Explain Einstein's photoelectric equation. 3 
(c) When a radiation of frequency 7°5x 10" Herz is incident on a 


metal surface, electrons are emitted whose maximum energy is 16x 107% joule. 
What is the lowest frequency of radiation required for emission of electrons 


from the said metal surface ? h—6:62 x 10-27 erg-second. a 
12. (a) Describe an apparatus for production of X-rays and explain its 
working principle. 3 
(b) What are the differences between X-rays and cathode rays ? 2 


(c) Write down the postulates of Niels Bohr relating to atomic 
structure. B 


13. (a) What are n-type and p-type semiconductors ? 3 
(b) Explain how a p-n junction acts as a rectifier. 3 
(c) What is the nature of B-rays ? 2 
14. Write short notes on (any two) : 2x4 


(a) Nuclear fission. 

b) Radio-isotope and its use. 

c) Basic principle of radio broadcast. 
d) Nuclear fusion. 


( 
( 
( 


H. S. PHYSICS : 1987 
Group—A 


Answer any two questions : 

1. (a) State the two laws of reflection of light at a plane mirror. Explain 
with the help of a diagram the latéral inversion of an image formed by such 
reflection. 4 

(b) Two plane mirrors are inclined such that for any angle of incidence on 
a mirror, the reflected ray, obtained after reflections from the two mirrors will be 
parallel to the incident ray. Find the angle of inclination between the mirrors 
and give a neat ray diagram. 5 

(c) Why isä cinema screen white and rough? What would be the harm 
if the screen be polished ? 3 

2. (a) Explain with neat diagram the formation of image of an extended 
object by reflection from a convex mirror, Obtain the relation between object 
distance, image distance and the focal length of the mirror. 23:4 

(b) An object is placed at right angle to the principal axis of a concave 
mirror of focal length 25 cm and the image is formed in front of the mirror at à 
distance of 100 cm from the mirror. Find the position of the object and p. 
magnification of the image. 7 

(c) Explain how you would determine whether a mirror is concave, REN 
or plane. 3 i 

3. (a) Write down the laws of refraction on plane surface. What is refractive 


index? Deduce the relation, p Sina om in case of refraction of light 
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through a prism, assuming that in case of minimum deviation of emergent ray, 
the angle of incidence is equal to the angle of emergence. p, A and ôm have 


their usual significance. 2--14-6 
(b) Show by diagram how an incident ray can be deviated by 180? with the 
help of a prism, 3 


4. (a) Ifan object be placed at a distance of 60 cm from a convex lens of 
focal length 20 cm, a real image is formed behind the lens. Obtain the position 


of the image and its magnification. 2+1 
(b) What do you mean by pure and impure spectrum? Describe in brief 
how a pure spectrum of white light can be obtained on a screen. 244 


(c) Why does the colour of a green body appear green when it is illuminated 
by white light ? What will its colour look like when it is illuminated by yellow 
light ? Explain your answer. 3 


Group—B 
5. (a) Define the magnetic axis and magnetic length of a magnet. 2 
(b) Describe in brief the production of magnetism by induction. Explain 
the statement “Induction precedes attraction.” How can you explain induction 


in the light of molecular theory of magnetism ? 6 
(c) What are self-demagnetisation and magnetic keeper ? 2 
Or 


5. (a) State Coulomb’s laws of force between two magnetic poles and hence 
define unit magnetic pole. Define intensity at a point in a magnetic field. Two 
similar pole of strengths 9 and 16 C. G. S. units are separated by a distance of 
14 cms. Obtain the position on the line joining them. where the magnetic 


intensity will be zero. 8 
(b) Define magnetic dip ata place. What is understood by the statement 
that the dip at Calcutta is 31°N ? 2 


6. (a) With the help of the electron theory, discuss the origin of electricity. 
Explain electric induction on the basis of this theory. 

Write down the uses of gold-leaf electroscope. How can you determine the 
nature of electric charge on a body, which is negatively charged with its help ? 8 


(b). Prove by a simple experiment that charge resides on the outer surface of 
a charged conductor. 2 


Or 


i 6, (a) Define capacitance of a capacitor. Two capacitors are combined (i) 
In series and (ii) in parallel. Obtain the relation between the equivalent capaci- 


tance and the capacitances of the capacitors for the two cases. 1+6 

(b) What is an equipotential surface ? 1 

.(c) What are the factors on which the capacitance of a parallel plate 

capacitor depends ? 2 
Group—C 


Answer any two questions : 


ih (a) State Ohm's law and verify the law experimentally. 'A'galvanometer 
of resistance 2002, a coil of resistance 202 and a cell of e.m.f,. 2V and negligible 


QUESTIONS [xi] 


internal resistance are connected in series and a conductor of resistance 20 is 
connected in parallel with the galvanometer. Calculate the current through the 
galvanometer. 2--2--4 
(b) Electric current is maintained through a metallic conductor and an 
electrolytic solution in two different circuits, What will be the effect on currents 
in the two circuits if the temperature of the conductor and the solution be 
increased ? 2 
8. (a) State Joule's laws of heating bycurrent. Describe in brief the electri- 
cal method for the determination of mechanical equivalent of heat and deduce 
the formula you use. 345 
(b) What do you understand by 220V, 66W bulb? The bulb is run by 
connecting it to the 220V main supply. Calculate the resistance of its filament 
when it is incandescent. 2 
9. (a) Explain Fleming's Left hand rule and apply the same to explain with 
diagram the action of Barlow's wheel. Mention the factors on which the rate of 
rotation of the wheel depends. 24442 
(b) What is Seebeck effect ? 2 
10. (a) What do you mean by induced e.m.f. and induced current ? State 
and explain Lenz's law of electromagentic induction. Justify the law from the 
principle of conservation of energy. What would be the direction of induced 
current in a closed coil when a bar magnet is moved towards the coil with its 
N-pole towards the coil ? 2424-242 
(b) What do you mean by self-induction and mutual induction ? 


Group—D 
Answer any ‘wo questions : 
11. (a) Describe in brief the production of cathode rays. Mention the 


principal properties of cathode rays. 5 
(b) What do you mean by thermionic emission ? 2 
(c) Express an electron-volt in ergs. 1 
12. (a) Explain with diagram the full wave rectification of an alternating 
current by a diode valve. 4 
(b) Write down the characteristics of photoelectric effect. 3 
(c), What is threshold frequency ? 1 


13. (a) How does a semiconductor differ from a conductor and an insulator ? 
Give two examples of each of these three classes of materials. Draw the current 
voltage characteristic of a p-n junction diode and explain the same. 14-34-3 

(b) Define amplification factor of a triode valve. zs 1 

14, (a) What is radioactivity ? What do you mean by artificial transmutation 
of elements ? Explain how nuclear fission is utilised for the benefit of Pj 

(d) When ,Be? is bombarded by «particles, neutron is ejected and another 
atom is produced, Write down the equation of reaction, i yl 
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H. S. PHYSICS : 1988 


Group A 
Answer any TWO questions 


1. (a) Show that when a plane mirror is rotated through an angle then 
the reflected ray of a given ray of light will be rotated through twice the 
angle. 3 

(b) Establish the relation between object distance, image-distance and 
the focal length of a concave mirror in case of formation of image by reflection 
on it. 4 

(c). Two plane mirrors are mutually inclined at 60°, If a point object 
is placed on the bisector of the angle, explain with diagram how many images 
in all will be formed. 3 

(d) Why are the shadows of birds not seen when they fly at 
a height ? 2 

2. (a) Write the conditions for total internal reflection and derive the 
relation between critical angle and refractive index. 24-2 

(b) Show that when a ray of light is incident on a thin prism, the 
deviation of the ray is given by à8—(u—1)A, 

where A = the refracting angle of the prism, and p = the refractive index. of 
the material of the prism. 2 
(c) A ray of light is incident at an angle of 60° on the face of a prism 
which has an angle of 30°. The ray emerges out of the prism through the 
opposite face. If the emerging ray makes an angle of 30° with the incident 
ray, show that the emergent ray is perpendicular to the face of the prism 
through which it emerges. 4 
(d) Explain how mirages are formed in a desert. 2 
3. (a) What do you understand by the terms principal axis and principal 
focus of a lens ? 2 
(b) A convex lens is placed between an object and a screen. For two 
positions of the lens, real images are produced on the screen. If the lengths 
of the two images be J, and J, and that of the object be O, prove that 


OVi he . 
(c) Show that the image formed by a concave lens will always be 
virtual and diminished. 3 


(d) If a convex lens be placed at a distance of 15 cm from an, object, 

a real image, magnified four times is formed. For which position of the lens 

will the image be virtual and magnified three times ? 3 

4. (a) What do you mean by accommodation of human eye? What is 

least distance of distinct vision ? Mention and explain the various defects of 
vision of the human eye. What is the advantage of having two eyes ? 

T 24+14+4+2 

(b) A short-sighted person can see clearly object at a distance of 20 cm. 

What type of lens will be used to see clearly an object at a distance of 100 cm? 

Calculate the power of the lens. 2+1 


QUESTIONS ( xiii] 


Group B 
5. (a) ‘Repulsion is a surer test of magnetisation",—Explain the state- 
ment, For what reason can a magnet have similar poles at its two ends ? 241 
(b) There are three similar bars, of which one is a magnet, one a 
magnetic substance and the other one a non-magnetic substance. Without 
suspending the bars, how would you identify them ? 3 
. (c) Explain magnetic saturation in the light of the molecular theory of 
magnetism. 2 
(d) Ifa vertical iron pillar is kept embedded partly into earth for a 
long time, it is found to be magnetised. What type of pole would be formed 
at the top of such a pillar in the northern hemisphere ? Answer with justi- 
fication. 2 
Or 
5. (a) Define unit pole and pole-strength of a magnet. Prove experi- 
mentally that the pole-strength at the two ends of a magnet are equal and 
oppasite. An 24-3 
(b) Distinguish between para- and diamagnetic substances. How can 
you transform à ferro-magnetic substance to a para-magnetic one ? What is 
magnetic petmeability and magnetic susceptibility ? i 24-142 
6. (a) State Coulomb's law of force between two-point charges and hence 
define unit charge and dielectric constant. 4 
(b) Define electric intensity at a point. Can electric intensity at a point 
exist if the electric potential at the point be zero ? Explain your answer with 
example, 14-2 
(c) Two capacitors of capacitances 20 pF and 60 pF are connected 
in series. If the potential difference between the two ends of the combination 
is made 40 volts, calculate the potential difference between the ends of each 
of the capacitors. 3 
Or 
6. (a) What do you mean by eléctric lines of force? What are their 
properties ? Show that electric lines of force are perpendicular to equipotential 
surface. How would you show experimentally that the surface of a charged 
conductor is equipotential ? 6 
(b) An insulated conductor is positively charged. Another insulated 
uncharged conductor is brought near the first conductor. . Will there be any 
change of potential of the charged conductor ? Explain your. answer and 
justify the same experimentally. What would happen if the second conductor 
is connected to the earth ? 4 


Group C 
Answer any TWO questions 
7. (a) What is a storage cell ? j 
Why is it so called ? 


(b) Two identical cells of E.M.F. L5 volts are connected in series, 
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When the combination is connected in series with a resistance and a galvano- 
meter, the current through the circuit is 1 amp. If the two cells be connected 
in parallel, then the current through the circuit becomes 0:6 amp. 
Calculate the internal resistance of the. cells. 3 
(c) The e.m.f. of each of two cells is E volts and their internal resis- 
tances are r, and r, respectively. They are connected in series and the 
combination is connected to a resistance of R such that the terminal potential 
difference across the plates of the first cell is zero. Calculate the value 
of R. 3 
(d) Define Volt and Ampere. 2 


8. (a) The liquid inside an electric kettle begins to boil 15 min after being 
Switched on. The heating element consists of a coil of wire 6 metre long. 
How should the heating element be modified so that the liquid inside the kettle 
begins to boil 10 min after being switched on ? 


Neglect the loss of heat to the surrounding atmosphere. 3 
(b) A 25 watt and a 100 watt bulb are joined in series and connected 
to the mains. Explain with reason which bulb will glow brighter. 2 


. (co What do you mean by Peltier effect and Seebeck effect? What is 
the difference between Joule effect and Peltier effect ? Mention one practical 


application of Peltier effect. D 
9. (a) State Faraday's laws of electrolysis, Define  electro-chemical 
equivalent of an element. i 5 


(b) Explain with diagram how current can be measured by the principle 
of electrolysis. 3 

(c) A tangent galvanometer and a silver voltameter are connected in 
series and current is passed)through them for sometime, On the cathode of the 
voltameter 0°112 gm of silver is. deposited in 5 minutes and the deflection of the 
galvanometer remains 30? all through. What is the value ofthe reduction 
factor of the galvanometer ? 


[E. C. E. of silver —0*00112 gm/coulomb]. 4 
10.) (a). State and explain Faraday’s laws relating to electromagnetic 
induction. : 


(b) Explain with the help of diagram the principle of action of a simple 
a.c. dynamo, State how the e.m.f. generated by the dynamo stated above will 
be affected in the following cases :— 


(i) Intensity of the magnetic field is doubled 3 
(i) Rate of rotation of the coil is decreased. 442 


Group D 
Answer any TWO questions 


1l. (a) Describe in brief the production of X-rays. State three properties 
of X-rays which are similar to those of visible light. 6 


(b). Mention two major uses of X-rays, 2 


N 


QUESTIONS [xv] 


12. (a) How was photo-electric-emission explained by Einstein ? 3 
(b) The maximum K. E. of photo-electrons, emitted from a metal due 

to incidence of light of wavelength 5000 A is 0'3 eV. Find out the work 
function of the metal. 


[16:640 x 107?? erg. sec ; leV— 6x 107? erg. ] 3 
(c) Draw the anode and mutual characteristic curves of a triode 
valve. 2 


13, Write down the postulates of Bohr model of an atom. How can the 
origin of hydrogen spectra be explained by Bohr's theory ? 
What is meant by *heavy water' ? 34342 
14. Write short notes on the following : 
(i) mand p type of semiconductor, 
(ii) Semiconductor diode and its uses. 4+4 
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JOINT ENTRANCE EXAMINATION 


PHYSICS : 1986 
Attempt ALL questions 


1. What will happen to the value of the acceleration due to gravity, g if 
(i) the earth stops rotating, (ii) the speed of the earth increases ? 2 

2. A vessel of water full up to the rim is placed on one of the pans ofa 
balance. Then on the other pan is placed another vessel, also full up to the 
rim, but with a piece of wood floating in it. Which of the two is heavier. 2 

3. A hollow icon ball just floats in water at 10°C. What will happen if 
both water and the ball are heated to 50°C ? 2 

4. Light from an object falls on a concave mirror forming a real image of 
the object. If both the object and the mirror are immersed in water, will there 
be any change in the position of the image ? 2 

5. Two hollow conductors are charged positively. The smaller one is at 
50 V and the bigger one is at 100 V. How should they be arranged such that 
positive charges flow from the smaller to the bigger conductor when connected 
by wire ? ; 2 

6. A matallic wire has a certain resistance. If the wire is stretched so that 
its length is doubled, what happens to the value of its resistance ? It may be 
assumed that the volume and resistivity of wire remain unchanged, 

7. The liquid inside an electric kettle begins to boil 15 min after being 
switched on. The heating element consists of a coil of wire 6 m long. How 
should the heating element be modified so that theliquid inside the kettle begins 
to boil. 10 min after being switched on ? Neglect the loss of heat to the 
surrounding atmosphere. 2 

8. A boysitting on a vehicle moving at a constant acceleration throws a 
ball straight up into the air. Where will the ball fall ? Justify your answer. 2 

9. Why is it necessary to note the barometric height when determining the 
upper or lower fixed point of a thermometer ? 2 

10. Distinguish between a gas and a vapour. The critical temperature of 
CO, is 31:4^C, state if it is a gas at 25°C. 2 

11. What will be the work done on a unit positive charge to move it from 
one point to another on an equipotential surface? Explain. 2 

12, Whya potentiometer and not a voltmeter is used for accurate measure- 
ment of the e. m. f. of a cell ? 2 

13. Calculate the energy in electron volt corresponding to the compton 
wavelength 0:0242 A, , 2 

14. What repulsive coulomb force exists between two protons in à nucleus 
of iron? Assume a separation of 4:0 x 10715 metre. 2 

15. Give interpretation of temperature of a gas 
kinetic theory of gas. 


from the stand-point of 
2 
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16. A simple pendulum with a hollow spherical bob in taken. 
(a) How will the time-period change if the bob is completely filled 
with a liquid ? 
(6) How will the time-period change if the bob is partly filled with a 


liquid ? Give reasons of your answer. 2 
17. The equation of a progressive wave is given by y=15 sin (6607t—0-027x) 
cm, Calculate the frequency and velocity of the wave. 2 
18. What do you mean by elasticity ? Which is more elastic between steel 
and diamond ? Give reason of your answer. 2 


19. A piece of ice of 100 gms of sp gr 0'9 is floating on a liquid of 
sp gt 1:06, kept in a vessel, with a portion within liquid. Will there be change 
of level of liquid when the entire piece of ice melts? Give reason of your 
answer, [ Density of water is 1 gm/cc ] 2 

20. Why do the rising and the setting sun appear red ? 2 

21. Under what circumstance a person, standing on a lift, feel himself 
weightless ? 2 

22, Why do you adjust deflection near about 45? while performing experi- 
ments with tangent galvanometer ? 2 

23. Define atomic weight and atomic number of an element. Explain which 
one of these two determines the chemical properties of the element. 2 

24. What is meant by half-life period of a radio-active substance ? If half- 
life period of a radio-active substance be 2 days then after how many days 
Will ath part of the substance be left behind ? 2 

25. Show that the equivalent resistance of parallel combination of resistances 
is less than the smallest resistance of the combination. 2 

26. Steam containing some water at 100°C is passed into an empty 10 kg 
vessel originally at 15°C, When the temperature has risen to 60°C, the water 
in the vessel is found to weigh 150 gm. What is the percentage of water in the 
mixture ? [ Latent heat of steam—540 cal/gm ; Specific heat of the material 
of the vessel —0:12 ] 5 

27. (a) Find the angle of incidence and also the angle of deviation of a 
ray of light that passes symmetrically through a glass prism having refracting 
angle of 80°. [ » of glass— 1:5 ; sin 40*—0:6428 ; sin 74°37’=0:9642 ] 

(b) Whatisthe greatest value of the refractive index for which light 
can pass in this way through an 80° prism? What is the corresponding angle 
of deviation ? 2+3 

28, A magnetic needle of mass 7:5 gm has a magnetic moment of 98 units. 
If the needle is to be maintained horizontal in the northern hemisphere, where 
should the point of support lie relative to its centre of gravity ? Assume that 
the vertical component of the earth's magnetic field is 0:25 oersted, 5 

29. Afactory requires a power of 90 kw. Ithasto be transmitted to the 
factory through lines of total resistance 2:5 Q. If 10% of the power generated 
is lost in transmission, calculate (i) the transmission line current, (ij) the 


il 


QUESTIONS [xix] 


potential difference at the generating station and (iii) the drop of potential due 
to line resistance. , 5 

30. A glass plate of lenghth 0'10 metre, breadth 0 0154 metre, and thickness 
2x 10-3 metre, weighs ;8:2 x107? kgm in air. With its long. side: horizontal, 
if it is held vertically and its lower half. is immersed in water, what will be its 
apparent weight ? Surface tension of water=0 073 N/m. uox 15 

31. A body initially at 353°K cools down to 337K in 5 minutes, and to 
325°K in 10 minutes, What will be its temperature after 15 minutes and what 


is the temperature of the surroundings ? 5 
32. Determine the amount: of ,,Po*? necessary to provide a source of 
«-particle of 5 millicurie strength. Half-life (T) of P0210 —138 days. 5 


33. (a) ^A train is whistling, while approaching a platform with a speed of 
90 km/hr. The frequency of sound of the whistle is 600 cycle/sec. If the 
velocity of sound be 325 km/sec, calculate the value of apparent frequency of 
sound of the whistle to an observer standing on the platform. 9 

(b) A person, while running towards a cliff with a speed of 4 metre/sec, 
fires a gun when he is 2km away from the cliff. Where and when will he hear 
the echo if the velocity of sound be 330 metres/sec ? 

34. (a) A scale made of steel gives correct length at 0°C. A copper rod 
shows 1:00007 metre when measured by this scale at 10°C. Calculate the actual 
length of the copper rod at 0°C. 3 

«,,—19 x 1078/°C, «,,,—12x 10-°/°C 
(b) A metal rod is placed between two supports such that there cannot 
be any expansion in either direction, Calculate the thermal stress when the 
temperature of the rod is raised by 30°C. 
Coeff, of linear expansion of the metal —12 x 10-9/°C 
Young modulus of the metal —20 x 10" dynes/cm* 2 

35. (a) An object 5 cm long is placed 12 cm from a convex lens of focal 
length 8 cm. Find out the position of the image. What would be the size of 
the image ? 2 

(b) Explain with diagram the half-wave rectification of alternating current 
by using vacuum tube diode. 3 


—À 


JT. ENT. PHYSICS: 1987 


1. Explain whether the magnitude of resultant of two vectors of equal 
magnitude can be equal to the magnitude of either of the two vectors, 2 
2. The earth is moving round the sun in a circular orbit, say and is acted on 
be a force due to the sun. Is sun doing any work on the earth during this 
movement? Explain. 2 
3. Assuming that the earth moves round the sun in a circular orbit, Shey 


(en 


that the area swept out by the earth in unit time is constant. 
P-II/43 
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4. A block of wood floats in water contained in a closed vessel provided 
with a small hole at the top. The hole is connected to acompression pump from 
which air is introduced into the vesse) half filled with water. Explain whether 
the block will rise or sink further. 2 

5. What would be the pressure at a point inside a liquid, kept in a vessel on 
an artificial satellite, moving along a circular path round the earth ? Give reason 
of your answer. 2 

6. What fraction of the whole volume of a glass vessel should be filled with 
mercury in order that the volume of the flask not occupied by mercury may 
remain the same at all temperatures? (Coefficient of linear expansion of glass 
is 9 x 107*/^C and coefficient of volume expansion of mercury is 1:8 x 10-4/°C.) 2 

7. There are two thermometers—one with spherical bulb and the other with 
cylindrical bulb of equal volume. Which of them. will respond more quickly 
to the change of temperature > Explain your answer. 2 

8. Two identical pieces of ice flying towards each other with equal velocities 
collide and converted into vapour due to impact. Find the minimum possible 
velocities of the pieces just before impact if their temperature is —12°C and sp, 


heat is 0-5. 2 
9. An iron and a copper strip of identical dim ensions are rivetted together. 
Explain what will happen if the combination be heated. 2 


10. The lower and upper fixed points of a thermometer are 0:2° and 101:7° 


respectively, What would be the reading of this thermometer corresponding to 
60°C ? 


ll. A clock having marks instead of numbers on its dial appears to indicate 


7-25 when viewed in a plane mirror. What is correct time ? 2 
12. Ifa green body be illuminated by white light and red light in tura what 
would be the apparent colour of the body? Explain your answer. 2 


13, An object 5 cm long is placed at right angles to the principal axis of a 
concave mirror at distance of 75 cm from the mirror. If the radius of curvature 
of the mirror be 60 cm, obtain the position and size of the image. 2 

14. The near-point of a person is 50 cm. He wants to bring it at the least 
distance of normal distinct vision. What type of lens should he use and what is 
its power ? What is the name of this type of defect of the eye. 2 

15. What should be the maximum angle of a glass prism of refractive index 
p 80 that light cannot emerge from it if incident on the other refracting face? If 


this prism is immersed in water, emergent light is again obtained. Why ? 2 
16. Can electric intensity at a point exist even if the electric potential at the 
epoint be zero? Justify your answer by giving one example, 2 


17. In a thermocouple with one junction at 0°C and the other at ^C, the 
e.m.f, is 16°7t—0-019¢? microvolt. Determine the neutral temperature for this 
couple, 2 

18. One 220V-60W carbon filament bulb is connected in series with one 
220V-60W metal filament bulb and the combination is placed across 220V mains. 
Which bulb will glow more ? Explain your answer. 2 


| 
| 
| 


QUESTIONS [xxi] 


19.. A conducting wire is bent in the form of a circle and a. straight con- 
ductor AB outside but near the circle. If the current flowing from A to B 
gradually increases in magnitude, will there be any current in the circle? If so, 


in what direction ? " A 
20. Equal number of identical cells are joined in series and also in parallel. 
Under what condition, the currents in both the cases will be the same ? 2 


21. The velocity of sound in solids is generally greater than that in gases. 
Can you give any explanation for this discrepancy ? | 2 

22. Determine the percentage change in velocity of sound when the tem- 
perature changes from 10°C to 20°C. 


23. A vertical pillar of soft iron introduced partly in the earth, is found to 
be magnetised after a long time. What would be the nature of the polarity at the 
top of the pillar if it is in the northern hemisphere ? Explain your answer. 2 

24. How do n-type of semiconductors differ from p-type of semicon- 
ductors? If suitable amount of arsenic be introduced into a crystal of 
germanium, what type of semiconductor be obtained ? scie" 

25. Positively charged protons and neutral neutrons are packed inside 
atomic nucleus, but protons, though similarly chat ged, do not repel each other. 
How do you account for the phenomenon ?. 2 

26. A loaded lorry weighing 5000 kilogram freewheels down an incline of 
1 in 40 at a constant speed of 18 km/h. How much horse power would the 
engine of the lorry need to develop to drive it up the same incline at the same 
speed, assuming the frictional resistance to be the same in each case 2 

27. Mercury is poured into two cylindrical communicating vessels with 
different cross sections of 15 and 5 sq cms. A cubical iron block of 2 cm 
thickness is dropped into the broader vessel and as 8 result the level of 
mercury in itrises. Then water is poured into the vessel until mercury reaches 
the previous level. Find the height of the water column. (Sp. gravity of 
iron —7:8) 5 

28. (a). Water is boiling in a kettle, placed on a Stove. The area and 
thickness of the bottom of the kettle are respectively 300 sq cm and 3 mm. 
If the rate of formation of steam per minute be 3 gms, calculate the difference of 
temperature between outer and inner surface of the bottom of the kettle. 

Latent heat of vaporisation of water=540 cals/gm conductivity of the 
material of the kettle —0:5 C.G.S. unit. 3 

(b) The height of a waterfalls is 200 metres. What will be the difference of 
temperature of water at the top and the bottom of the falls if 90% of the potential 
energy of water at the top be converted to heat and the heat be within water ? 

J—4-2 Joules/cal g=980 cm/sec’. i 

29. When 100 gm of a substance, initially in the solid state, was supplied 
with heat at a steady rate of 200 calories per minute, its temperature was 
observed : 

(i) to increase from— 5°C to 0°C in a period of 1:25 mins ; 


p 
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(ii) to remain constant at 0°C for a period of 40 mins ; 

(ii) to increase thereafter at à steady rate of 2°C per minute until it 
reaches 100°C ; 

(iv) to remain constant at 100°C while the amount of the substance 
appears to decrease to approximately one half of its original volume in a time 
of 135 mins, 

What information regarding the thermal constants of the material can 
be derived from the above observations ? | Neglect any heat loss. 5 


30. Two thin equiconvex lenses of focal lenghts 10 cm and.20 cm are placed 
inside a thin-walled glass box with curved sides, side by side such that these are 
tightvy filled inside. The glass box is then filled with water and used as a lens. 
Determine the position of the object so that an image twice the size of the object 
is formed due to this lens combination, R. I. of glass—3, R. I, of water=4. 5 

31. Show that light ray will not emerge after refraction through a prism 
if its refracting angle be greater than twice the critical angle between the 
material of the prism and the surrounding medium. 5 
Pengo: (a) A coil of resistance 100 ohms is placed in a magnetic field of 1 
milliweber. The coil has 100 turns and a galvanometer of 400 ohms, resistance 
is connected in series with it. Find the average e.m f. and current if the coil is 
moved in hth second from the given field to a field of Strength 0:2 milliweber. 3 

(b) 8 spherical liquid drops each of 2 mm diameter charged with 5 
,microstatcoulomb coalesce to form a single drop. What is the potential in volts 
at the surface of the drop so formed ? 2 

33. What is fundamental difference between a voltmeter and an ammeter ? 
Explain : 

(i) How a voltmeter reading up to 150 volts can be converted to an 
ammeter of 8 amperes range. The resistance of the voltmeter is 300 ohms. 

(ii) How an ammeter of 0:05 amp. range can be made to read up to 

5 amperes. The resistance of the ammeter is 5 ohms. 14242 

34. A wire is stretched between two bridges 25 cm apart and is subjected to 
an elongation of 0:04 cm by the tension. If the density and Young's modulus 
of the material of the wire be respectively 10 gm/cc and 9 x 10 dynes/cm?, 
calculate the frequency of the fundamental of this stretched wire. 

35. In what way is full wave rectification better than half wave rectification ? 


What is the necessity of a rectifier? Draw the circuit diagram of a full wave 
junction diode rectifier, 5 


JT. ENT. PHYSICS : 1988 
Attempt ALL questions 


L. Two stones are let fall from a roof, the first from rest and the second 
with an initial horizontal velocity. Which one will hit the ground earlier ? 
Explain your answer, 2 


QUESTIONS [xxiii] 


2. Between escape velocities in case of earth and moon— which is greater ? 
Justify your answer. 2 
3. Is Archemedes’ principle applicable to freely falling bodies ? Explain. 2 
4. A body of mass 25 gms is under water at.a,depth of 50,cms. Af the 
specific gravity of the material of the body be 50 and g=980 cms/sec.* ; find 
the amount of work required to lift it very slowly to the surface. 2 
5. A parachutist having weight 75 kg descends with a constant, velocity. 
What is the force of air resistance acting on him ? 2 
6. A rectangular parallelopiped of mass m and sides /, 2/, 31 is placed on a 
horizontal surface. What position will be the most stable ? What is the reason 
behind it ? 2 
7. Two identical glass spheres filled with air are connected by a glass tube 
whose middle portion is horizontal containing a pellet of mercury. Air in one 
vessel is at 0°C and another at 20°C. Will the column of mercury be displaced 
if both the vessels are heated through 10*C and if so, in which direction ? 2 
8. Heat is supplied at a uniform rate to a piece of ice. The melting begins 
after 2 seconds and is complete inthe next 20 seconds, Calculate the initial 
temperature of the ice. (Sp. heat of ice—0:5, latent heat of fusion of ice — 
80 cal/gm.) 2 
9. Bodies of different colour in the same enclosure come to the same final 
temperature. Explain how this shows that a body which is a good radiator of 
heat must also be a good absorber. 2 
10. When a hot body warms a cold body, do their temperatures change in 
equal magnitude ?—Explain. 2 
11. Sawdust is found to be thermally less conducting than the piece of wood 
from which the dust is derived.—Why ? 2 
12. What will happen to the image if one hall of the converging lens is 
closed by an opaque screen 2 Hence explain what happens when the aperture 
opening of camera lens is reduced by irising. 2 
13. Explain how you can identify a telescope and a microscope from their 
appearance. 2 
14. A gas is compressed to half of its original volume in two ways, first 


rapidly and then slowly. In which case the work done is greater andwhy? 2 
15. To reduce the response of a galvanometer by 25 times a shunt is joined 
with it. What is the resistance of shunt if the internal resistance of the galvano- 
meter is 1000 ohm ? à 2 

16. Two insulted conductors A and B are connected by a metal wire. A 
positively charged rod is placed near A (on the further side from 2). What will 
be difference of potential between A and B? 2 

17. A closed circuit consists of n cells connected in series. Each element has 
an e.m.f. e and internal resistance r. The resistance of the connecting wires 1s 
assumed to be zero. What will be the reading of a voltmeter connected to the 
terminals of one of the cells? Itis assumed the voltmeter has an infinitely m 


resistance, as usual. Can it be realised in practice ? 
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18. A voltmeter with resistance 100 ohms connected to the terminals of a 
cell shows a potential difference of 2 volts. When this cell is connected across a 
resistance of 15 ohms, an ammeter of resistance 1 ohm connected to the circuit 
Shows a current of O'l amp. Find the emf. of the cell. 2 


19. If the length of the closed pipe producing a tone of 400 Hz is 20 cm, 
find the length of the open pipe which produces a tone of 600 Hz at the same 
temperature. . 2 


20. Give physical interpretation of magnetic susceptibility and permea- 
bility. i ; 2 
21. A steel spiral spring has an unstretched length of 8 cm and when a 
weight is hung on it, its length becomes 14 cm. Calculate the periodic time of 
oscillation of thè weight, if displaced vertically. 2 


22. Indicate the zero-potential line of a bar-magnet. 2 


23. How will a flexible free conductor placed near a strong long bar-magnet 
arrange itself if a current is passed through it from the top to the bottom? The 
North Pole of the magnet is arranged vertically upward. 2 


a 


24. A small metal ball is suspended by means of a weightless string between 
the plates of a large plane capacitor, If the ball is charged to +q and the upper 
plate. is charged positively, what will be the period of oscillation of such 
pendulum ? j ‘ 


2 
25. Why does the sea water seem much darker directly below an aircraft 
flying over the sea than that of when flying at the horizon ? 2 


26. (a) The length of a second's pendulum is taken as unity, find the 
value of g. l 2 


(b) A thin steel ring is heated to a temperature of 95°C. At this tempera- 
ture it just fits over. a steel cylinder which, has a diameter of 10 cm at 20°C, If 
the system is allowed to cool until. the temperature of both the ring and the 
cylinder is 20°C, what will be the stress in the ring ? Assume that the cylinder 
does not change its diameter. Young's modulus =21 x 105 kg/cm? and coefficient 
of thermal expansion, x —12 x 10-6 per degree C, 3 


27. A tube contains a column of mercury isolating a certain volume of air 
from the medium. The tube can be turned in a vertical plane. In the horizontal 
position of the tube, the column of air in) the tube has the length I, and in the 
vertical position with air column at the top, ^. Find the length J, of the column 
of air when the tube is inclined at an angle of « to the vertical. 5 


28. Three resistances A; Band iC are connected in such a way that their 
combined equivalent resistance is equal to that of B. If A and B. are 10 ohms 


and 30 ohms respectively and C20 ; find the three possible values of C and the 
ways in which they are connected in these three cases. 5 


29. A man having mass m stands on a rope-ladder which is tied to a free 
blallon. The ballon is at rest; Find the velocity of the ballon when the man 
Starts to climb the ladder with a constant velocity7v relative to the ladder. 5 


co omma má 


QUESTIONS [xxv] 


30. A solid spherical ball having densities d and volume v floats on the 
interface of two immiscible liquids. The density of the upper liquid is d, and 
thatof the lower oneisd, What fraction of the volume of the ball will be in 
the upper and lower liquids, if d.<d<d, ? 5 

31. A metal block having density 8 gm/cc is suspended by means ofa 
weightless string from a hook of a wooden frame. The tension in the string is 
56 em wt. If that whole system is immersed in a liquid at 40°C, what will be 
the new tension in the string ? The ambient temperature during the experiment 
is 20°C, The specific gravity of liquid at 20°C is 1'24. The cubical expansion 
of the liquid and the material of the metal block are 4x 107° [C and 8x 107*[*C 
respectively. 5 

32. A common hydrometer completely immerses and floats in water of 
specific gravity 1. It floats with its stem fully above a liquid of specific gravity 
L'6. What is the density of a liquid in which that hydrometer floats with 2/3 
of its stem above the liquid ? 5 


33. A thin flat glass is placed in. between a convex mirror of focal length 
20 cm and a point source. The distance between the mirror and the glass plate 
is5cm. What is the distance between the plate and the source if its image 
produced by the rays reflected from the front surface of the glass plate coincides 
with the image formed by the rays reflected by the mirror ? How can you 
establish the coincidence of the images by direct observation 2 Trace the path 
of rays. 34-11 

34. An object is placed at a distance of 36 cm in front of a converging lens 
of focal length 30 cm. A plane mirror is placed at a distance of 100 cm behind 
thelens, The angle between the optical axis of the lens and the plane of the 
mirror is 45°. A tray with water of depth 20 cm is placed beneath the mirror 
in such a way that a sharp image of the object is formed at the bottom of the 
tray. What is the distance between the optical axis and the bottom of the tray ? 
The refractive index of water is 4/3. Draw the ray diagram. 4+1 

35. Two strings of lengths 70 cm and 60 cm are sounded with a tuning fork 
and produced 5 beats per second. What is the frequency of the fork ? 5 
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QUESTIONS [ xxvii] 


H. S, PHYSICS : 1989 
Paper II 


Group—A 
(Answer any two questions) 


1. (a) State the laws of refraction of light. On which factors does the 
refractive index of a medium depend ? 2+1 
(b) A glass hemisphere of radius 4cm and refractive index 1°6 is placed 
centrally over a cross-mark on a paper (i) with flat surface (ii) with curved 
surface, in contact with the cross-mark. Find in each case the position of the 
image of the cross-mark when viewed directly from above. 4 
(c) The sun describes. an angle of 180° to our eyes between its rise and 

set but to a fish inside water this angle is 98°—Explain. 3 
(d) A man 6 feet tall stands 15 ft. away from a large vertical plane 


mirror, Find the angle subtended at his eye by the image formed by the 
2 


mirror. 
2. (a) Establish a relation between the object distance, image distance 
and focal length of a lens. What is linear magnification ? 5 
(b) A converging beam of light passes through a concave lens of focal 
length 20 cm and is brought to a focus at a point 15 cm from the lens. Find 
the position of the point where the beam would have been focussed in absence 
of the lens. 3 
(c) An object is placed at a distance D from a screen. A convex 
lens forms a distinct image of the object on the screen. When the lens is shifted 
through a distance x towards the screen, another distinct image is formed on the 


19 2 
screen. Prove that the ratio of the sizes of the two images is equal to (5:3) ; 


4 

3. (a) What do you mean bya pure spectrum ? Describe with diagram 

a method of producing a pure spectrum... 23 
(b) What are Fraunhofer lines? Why are they produced ? 1-2 


1 leaves and red flowers is illuminated successively 


(c) A plant with greer € 
by green light and blue light. How would the leaves and the flowers look like 
2 


in each of the above cases ? 
(d) What is meant by angula 
ments ? 
4. (a) Define: Intensity of illumination ; brightness and foot-candle. 3 
(b) Establish the relation between intensity of illumination and lumi- 
nous intensity and prove the inverse square law of photometry. T 
(c) Two lamps of luminous intensity 10 and 90 candela are separated 
by a distance of 100cm. Find where on the line joining them a photometer 
screen should be placed so that its both sides are illuminated equally. If the 
positions of the lamps be interchanged, what would be the ratio of the intensities 
of illumination on the two sides of the screen ? 3+2 
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r magnification in case of optical instru- 
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Group—B 


5. (a) Define : magnetic length ; magnetic pole and magnetic meridian. 3 


(b) What is magnetic induction? Describe a suitable experiment to 
illustrate the phenomenon. Induction precedes  attraction—Explain this 


statement. 5 
(c) Explain magnetic induction on the basis of the molecular theory 

of magnetism. 2 

Or 

5. (a) State and explain Coulomb's law in magnetism. 3 

(b) What are magnetic lines of force ? 2 

(c) What is meant by a neutral point in a magnetic field ? How is it 
produced ? 2 


(d) Two similar poles of strength 36 and 49 C.G.S. units are placed 16 
cm apart. At which point on the straight line joining them will the magnetic 


intensity be zero ? 3 
6. (a) Describe a gold leaf electroscope briefly. How can it be charged 
negatively by induction ? 5 
(b) How does lightning occur? Explain the action of a lightning 
arrester. 3 


(c) The potential at two points in an electric field is 400 volts and 1000 
volts respectively. What work must be done to move a positive charge of 


3x 107? coulomb from one of these points to the other ? 2 
Or 
6. (a) Explain by means of an experiment where charge in a charged 
conductor is located. 3 
(b) What is an ‘electric field’? Define the practical unit of electric 
potential. 3 
(c) What do you mean by capacitance of a conductor? What is its 
practical unit ? 2 
(d) Find an expression for the equivalent capacitance of several 
capacitors joined in parallel, 3 
Group—C 


(Answer any two questions) 


7. (a) How are the defects of a simple voltaic cell removed ? 2 

. (b) A torchlight switched on continuously shows a decrease in intensity 

of light, but regains its value if switched on after a pause for some time-—Explain. 
2 


(c) State and explain Ohm’s law. How does the resistance of a con- 
ductor vary with temperature ? 242 


QUESTIONS [ xxix ] 


(d) What length of a wire of diameter 0'3 cm. is required to make a 


resistance of 10 ohm ? The specific resistance of the material of the wire 
is 9x 107? ohm-cm. 


8. (a) State and explain Joule's laws of heating. What isa B.O.T. ud : 
(b) A heating coil of resistance 5 ohm is connected to a battery of 
internal resistance 20 ohm | What value of shunt resistance should be connected 
across the heating coil so that the amount of heat generated in the coil is decrea- 
sed to 3th of its former value ? 3 
(c) The resistances of the four arms of a balanced wheatstone bridge 


are 100, 10, 500 and 50 ohms respectively. Compare the heat produced in the 
different arms. 3 


9. (a) State the rule giving the direction of the magnetic field around a 
wire carrying current. 2 


(b) Explain the action of a Barlow's wheel. i 
(c) What will happen if through mistake an ammeter is connected in 
parallel in an electric circuit ? 2 


(d) The coil of a moving coil galvanometer has a resistance of 50 ohms 
and a full scale deflection is obtained when a current of 10 milliampere passes 
through it. How would you convert the instrument into a voltmeter of 
maximum range of 100 volts ? 3 


10.(a) What do you mean by alternating current ? What is meant by 
peak value and frequency of A.C. ? 4 

(b) A copper ring is held horizontally and a bar magnet is dropped 
through it with its length along the axis of the ring. Will the acceleration of the 
falling magnet be equal to, greater or less than that due to gravity ? Explain 
your answer. 

(c) State and explain Lenz's law of electromagnetic induction. Explain 
the law on the basis of the principle of conservation of energy. 4 


Group—D 
(Answer any two questions) 

11. (a) Describe the structure of a diode valve. Draw the characteristic 
curve of a diode and explain the same. didi 2 
(b) Explain how an alternating current may be rectified using diode 

valve. 3 
12. (a) What is radioactivity ? Describe an experimental method to show 
that three different kinds of rays are emitted from radioactive substances. 143 
(b) What is half-life of a radioactive element ? 2 


(c) Uranium nucleus (,4U*9) emits 8 alpha particles and 6 beta 
particles successively. Express symbolically the mass number and atomic 
number of the new element formed. 2 
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13. (a) State any three of the main properties of cathode rays. 2 
(b) What is the major difference between cathode rays and X-rays? 1 
(c) X-rays have greater energy than visible light—explain. 2 
(d) An electron is moving with a velocity of 10° cm/sec. Find its 
energy in electron volt. Mass of an electron = 9'1x 107? gm, 3 


14. Write short notes on (any two) :— 


Nuclear fission ; nuclear fusion ; artificial transmutation of an 
element ; mass-energy equivalence. 44-4 


Jt. ENTRANCE—PHYSICS : 1989 
Attempt all questions 
The figures in the margin indicate marks for each question. 


1. A body is moving in a straight line with a constant acceleration starting 
from rest. Discuss about the nature of the curve of the time dependance of the 
length of the path described by the body. 2 


2. Two identical loads W suspended each from the middle of a string. 
The strings sag due to the loads and make angles of < and «, with the horizontal 
(«127 «5). Which of the strings is subject to greater tension ?— Explain. 2 


3. Ifa car is run along a straight track by an engine working at a constant 
power, how will the distance traversed depend on time ? Deduce the relation. 2 


^ 4. A water filled cone of height 50 cms and base area 20 Sq. cms. is placed 


on a table with the base on the table. What is the thrust offered by the water on 
the table ? 2 


5. A S0 kg man stands on a weighing machine in a lift. When the lift 
Starts moving with uniform acceleration, the machine shows his weight as 45 kg. 
Was the lift moving upwards or downwards ? Give reasons for your answer. 
What was the acceleration of the lift 2 [g—9'8 m/s?.] 2 


6. Why does 1 Ib of iron at 100°C melt much more ice than 1 Ib of lead, 
also at 100°C ? What is the unit of specific heat capacity in the M.K.S. system ? 2 


7. A gas is expanded from a state 1 to another state 2 (higher pressure 
state) by two different processes : (a) first by keeping the volume constant and 
then, by keeping the pressure constant, (b) first by keeping the pressure constant 
and then by keeping the volume constant. In which process more heat will be 
supplied to the gas ? Answer with reasons. 2 


8. Two bars of the Same cross-sectional area and the same length but made 


of different materials are clamped lengthwise one after another between two 


undeformable walls. The materials of the bars differ in mechanical and thermal 
properties. What must be the relationship between Young's moduli and the 
linear Co-efficients of thermal expansion so that heating the bars does not change 
the position of the boundary between them ? 2 


QUESTIONS { xxxi } 


9. Two balloons of the same volume are filled with two gases at the same 
pressure, one with hydrogen and the other with helium. Which of the two has 
greater lifting force ?—Explain. 2 

10. A man fills tires of his car to a gauge pressure of 30 Ib/in? at 27°C when 
atmospheric pressure of 15 Ib/in?. By afternoon (temperature 12°C) he reached a 
town where atmospheric pressure is 10 Ib/in*. What will be the gauge pressure 
of tires of his car ? Volume of tires may be taken as constant. 2 

11. A beam of parallel rays of width b=20 cm propagates in glass at an 
angle ¢=60° to its plane face. Find the beam width after it goes over to air 
through this face. The refractive index of glass is 1—1'8. 2 

12. How can you identify in a simple way whether a mirror is plane, 
concave, or convex? Which type of mirror is used in cars and other vehicles as 
view-finder and. why ? 2 

13. When a small lamp is held 1°5 metres above the surface of a tank, the 
image of the lamp seen by reflection in the surface appears to coincide with 
image of the bottom. Find the depth of the tank. Refractive index of water 


is $. 2 
14. At what distance fı from a biconvex lens must we place an object for 
the distance between the object and the real image to be minimal ? 2 


15. A ray is incident at an angle of incidence i on a prism of angle 4 and 
refractive index » and it is found to emerge at an angle of emergence iy, 
Then, find the deviation of the ray when it is incident on the prism at an 
angle iz. i 2 

16. A ring of circumferential length of 10 cm. is made of a wire having a 
resistance R)=102,. Find the points at which current-carrying conductors 
should be connected so that the resistance R of the subcircuit between these 
points is equal to 12. 2 


17. A parallel plate air capacitor has capacitance C. What will be the 
capacitance of the capacitor if it is half-immersed in an oil of dielectric constant 
1'6 with the plates remaining perpendicular to the surface of the oil ? 2 


18. Acell of emf. V volts and negligible internal resistance is connected 
across a potentiometer whose sliding contact is made exactly at the middle. 
A voltmeter is. connected between the sliding contact and one fixed end of 
the potentiometer. If it is assumed that the resistance of the voltmeter is 
not very high compared with the resistance of the potentiometer, what 
voltage will the voltmeter show : higher than or less than V/2? Justify your 


answer. 2 
19. What are the distinguishing factors between a primary cell and secon- 
dary cell? Where is the seat of e.m.f. of a cell ? 2 


20. The burner of an electric stove is made up of three sections of equal 
resistance. If the three sections are connected in parallel, water in a tea-kettle 
begins to boil in 6 minutes. When will the same mass of water in the tea-kettle 
begin to boil if the sections are connected in series ? 2 


[ xxxii ] ELEMENTS OF HIGHER SECONDARY PHYSICS 


21. A conductor in series with an ammeter and a semiconductor in series 
with another ammeter are connected in parallel. At a certain voltage both 
ammeters register the same current. Will this condition remain as such if the 
voltage of the DC source is increased ? Explain your answer. 2 

22. A sound wave travels from air to water. The angle of incidence at the 
interface between air and water is «, and the angle of refraction in water is «g. 
Assuming Snell's law to be valid, explain whether «, is greater or less than «,. 2 

23. A rectangular bar of a magnetic substance is placed in a uniform 
magnetic field. Show a few lines of force and lines of magnetisation in a neat 
diagram. The field intensity inside and outside the specimen are different.— 
Why ? 2 

24. A solenoid carrying a current supplied by a DC source with constant 
e.m.f. contains an iron core inside it. How will the current change during the 


removal of the core from the solenoid ?—Explain. 2 
25. How many quanta of different energy can be emitted by a hydrogen 
atom if the electron is in the third orbit ?—Justity. 2 


26. A train is crossing an observer standing on a platform. The first com- 
partment ofthe train takes 2 seconds to cross the observer while the second 
compartment takes 2'5 seconds to cross him. The train is moving with uniform 
acceleration. Find, (i) the velocity of the train when the front of the first com- 
partment crosses the observer, (ii) the acceleration of the train. Given the 
length of each compartment is 15 metres. « 5 


27. Aman is standing on the top of a 40 Ib. 13 ft uniform ladder with its 
base 5 ft out from a smooth vertical wall. The ladder is not slipping. Find the 


minimum co-eff. of friction between the foot of the ladder and the ground. The 
man weighs 180 lb. 5 


28. A mercury barometer gives false indications because of a bubble of air 
that got into the space over the mercury. At a pressure of 760 mm of Hg. 
column the barometer reads 740 mm and at 727°5 mm of Hg column the reading 
is 710 mm. Find the length of the barometer tube (from the upper end of the 
mercury level in the cup). 5 

29. Water flows at the rate of 0°1500 kg/min through a tube and is heated 
by a heater dissipating 252 W. The inflow and outflow water temperatures are 
15'2°C and 17°4°C respectively. When the rate of flow is increased to 02318 kg/ 
min and the rate of heating to 378 W, the inflow and outflow temperatures are 
unaltered, Find (i) the specific heat capacity of water, (ii) the rate of loss of heat 
from the tube. 5 

30. A wirror 0'5 metre high hangs on a wall. A man stands at a distance 
of 2 metres away from the mirror. What is the height of the portion of the oppo- 
site wall in the room that can be seen by the man in the mirror? The opposite 
wall is 6 metres away from the mirror. 5 

31. An inch cube is constructed of a material whose refractive index is 1°65. 
Calculate the least radius of the opaque circular disc, which must be placed cen- 


trally over each face of the cube, so that a small air-bubble at its centre shall be 
invisible from an external point. 5 


QUESTIONS [ xxxiii ] 


32. Three resistors of 4, 5 and 12 ohms respectively, are connected in 
parallel and to the terminals of a 10-volt battery whose internal resistance is 
0'5 ohm. What current flows in each resistor and in the battery ? 5 

33 Two very long conductors are in vacuum at a separation of 4 cms. The 
current through one of these is 25 amperes and through the other 5 amperes. 
Calculate the length of a segment of the conductor subjected to a force of 125 
dynes. 5 

34. Two wires are fixed on a sonometer. The tensions are in the ratio 8 : 1, 
the lengths in the ratio 36 : 35, the diameters in the ratio 4; 1 and the densities 
are in the ratio 1:2. Find the frequency of beats produced if the note of the 
higher pitch has a frequency of 360 Hz. 5 

35. Suppose an electron of charge —e and mass m is revolving in an orbit of 
radius r round a nucleus of charge +E. Show that the energy of the electron is 

—me*E*[2I?, where L is the angular momentum of the electron=mvr. 5 
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